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PREFACE 


One of the most important events in the history of complex analysis 
was B. Riemann’s discovery in the 1850s, viz., that each simply connected 
region which is not the whole complex plane can be mapped one-to-one 
and conformally onto the interior of a circle and that consequently two of 
such regions are conformally equivalent. First of all it became apparent 
that holomorphic functions are intimately related to certain geometrical 
structures, and at the same time their discovery had a stimulating effect 
when it became clear that Riemann’s proof showed a serious logical gap, 
the removal of which appeared to be far from obvious. 

Later developments revealed that many striking properties of complex 
functions and the mappings defined by them can be seen in their true 
perspectives, if in geometrical formulation non-euclidean metrics are 
used, G. Julia’s investigations with respect to the generalisation of 
Schwarz’s lemma serve as a classic example. In chapter nine the reader is 
introduced to the theory of these metrics and their geometrical back- 
ground, 

In the 1920s A. Bloch discovered that each function holomorphic in 
the interior of the unit circle, the derivative of which has the value 1 at the 
origin, represents a one-to-one mapping of a subregion onto another 
region which covers an open circular disc, the radius of which is not smal- 
ler than a universal constant. This theorem opened up the possibility for 
finding an “elementary” proof of the famous theorem of E. Picard, which 
is a refinement of the Casorati-Weierstrass theorem. The problems con- 
nected with Bloch’s theorem have been treated in chapter nine as well, 
because the most elegant proof known for this theorem is based on a 
generalization of Schwarz’s lemma due to L. Ahlfors, which has a very 
general metric as its underlying principle. 

In chapter ten the theory of conformal mapping comes under review in 
some detail, while special attention is being paid to the treatment for 
finding the mapping functions in actual situations. The end of this chapter 
consists of a proof of Riemann’s mapping theorem and of some elemen- 
tary considerations on the difficult problem of the correspondence be- 
tween the boundaries of regions mapped onto each other. Only that which 
is needed further on has been mentioned here. 

Chapter eleven has been devoted to the theory of univalent functions, 
one of the most fascinating parts of the theory of functions of a complex 
variable. Proceeding from simple geometrical considerations a large 
number of remarkable properties of univalent functions can be found, 
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i.e. that for each power series z+a,z?+a3z°+..., convergent for 
|z| <1, the estimate | a, | S 2 holds, while an example shows that this 
estimate is the best possible. This example lead L. Biederbach to the 
conjecture that for each n = 2 the estimate | a, | < n should hold, which 
conjecture has only been proved for n = 3 and n = 4 so far, beyond 
the elementary case n = 2. The classic methods, however, are completely 
inadequate to obtain this result. An important step forward became pos- 
sible through the theory of K. Lowner. Much attention is paid to this 
beautiful theory, not only because with the help of it Bieberbach’s con- 
jecture can be proved for n = 3, but especially since the coefficient prob- 
lem for the inverse functions turns out to be completely solvable by 
means of this theory. Besides the formulation of a strong form of the 
rotation theorem, of which Bieberbach could only give a preliminary 
result, has become feasible as well. The original paper of Léwner is 
highly schematic; he relies on investigations by C. Carathéodory, which 
bear on sequences of regions and a convergence theorem related to those. 
In chapter eleven due attention has been paid to it. A more analytic for- 
mulation of Lowner’s theory is to be found in the well-known monograph 
on multivalent functions by W. K. Hayman, in which, however, the 
theory of Lebesgue integration plays an essential part. 

One of the most important means in the theory of complex functions 
is the analytic continuation, and that is dealt with in chapter twelve. 
Closely connected with it is the beautiful concept of a Riemann surface. 

In applications of the analytic continuation along curves the deforma- 
tion of those curves is a technique often used. Leaving out a discussion 
of its modern definition did not seem acceptable to us, also because that 
technique will be used extensively again later on; thus it has been indicat- 
ed how simple topological concepts are applied in the theory of functions. 

‘The theory of Riemann surfaces has only been touched upon, since 
using these surfaces as a mode of proof has restricted meaning for our 
purposes. Any detailed treatment of the theory of the Riemann surface 
requires an extensive knowledge of topology, real analysis and Hilbert- 
space theory and would take up a disproportionate part of the present 
text. Good books exist on the subject and its present interest is apparent 
from the fact that a contempory abstract method, viz., the theory of 
sheaves, offers a unique approach to the classic problems as well. 

It is self-evident that an introductory theory of algebraic functions 
could not be dispensed with, the more so, since the Riemann surfaces 
related to them can easily be classified. Moreover this served to illustrate 
the famous uniformization problem, the treatment of which can be placed 
within the framework of a textbook without difficulties, due to an inge- 
nious idea of B. L. van der Waerden. 
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The problem of the uniformization is closely related to the theory of 
automorphic functions. A discussion of this theory is to be found in 
chapter thirteen. Extensive use has been made of the concept of the 
isometric circles, introduced by L. R. Ford, through which the theory 
became accessible for the application of elementary means. 

A beautiful illustration of the theory of automorphic functions is pro- 
vided by the inverses of the so-called triangle functions of H. A. Schwarz, 
which are brought up in chapter fourteen. The relations between the 
theory of functions and certain geometrical figures is beautifully exempli- 
fied especially by the polyhedral functions of F. Klein. 

E. Picard’s classic proof of his famous theorem is based on the theory of 
modular functions. Owing to the work of C. Carathéodory the theory of 
these functions and the theorems connected with them have been essen- 
tially improved and space has been accorded to the subject in this chapter. 

Schwarz’s functions are obtained in relation to the problem of mapping 
a triangle bounded by circular arcs or straight line segments onto the 
interior of a circle (or onto a half plane). These mapping functions satisfy 
the wellknown hypergeometric differential equation. However, before 
we treat the theory connected, in chapter fifteen, detailed attention is 
paid to the theory of homogeneous linear differential equations in as far 
as it is relevant. A dominating part is played here by the theory of L. 
Fuchs. We also availed ourselves of the opportunity to discuss some 
important examples, in particular the Bessel functions and the Legendre 
functions. Obviously, the stress has been laid on the most general 
equation of the Fuchsian type, which does not have accessory parameters 
yet, viz., Riemann’s differential equation. 

By means of a suitable linear fractional transformation Riemann’s 
equation can be put in the form of the hypergeometric differential equa- 
tion and the last chapter has been devoted to the many aspects arising 
with the study of this equation. We also thought fit to pay attention to 
the hypergeometric polynomials and those polynomials attainable from 
them through confluence. Their great importance in practical applications 
is well-known. Moreover, the fact that the theory is clearly selfcontained 
and dominated by an equation of the Rodrigues type, encountered in 
the theory of the Legendre polynomials, renders study of these objects 
attractive. 

No extensive treatment of the general problem of mapping defined by 
hypergeometric functions has been given, for it can hardly be summarized 
yet and requires the discussion of many details. However, some special 
cases are considered, partly with the intention of describing the elegant 
method of L. Ahlfors and H. Grunski, through which an upper estimate 
of Bloch’s constant can be obtained which is close to the lower bound. 
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Some mathematicians believe that this upper estimate is the exact value 
of Bloch’s constant, but this conjecture can up to now neither be proved 
nor disproved. 

In spite of the fact that in volume 2 a great variety of subjects have been 
considered, the book is not of an encyclopaedic nature. The choice of 
the subjects has been made rather subjectively, but not without due 
observance of some coherence. At the end of the preface of volume 1 we 
indicated which considerations directed us when we were writing the book. 
This observation applies equally well to volume 2, and we hope that the 
students will show the same favourable appreciation of this volume as has 
been shown for the first volume. 


Florence (Italy) G. SANSONE 
Groningen (The Netherlands) J. GERRETSEN 
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CHAPTER 9 


APPLICATIONS OF GENERAL METRICS TO THE THEORY OF 
FUNCTIONS 


9.1. — Topological considerations 
9.1.1. - EXTENSION OF THE NOTION OF REGION 


In the beginning of section 3.12.1 we remarked that a function f(z) can 
be interpreted geometrically as a mapping. By stressing the mapping 
properties of a function we consider it from a geometric point of view, 
which has many advantages. It is often possible to obtain a lot of informa- 
tion about a function by studying the geometric correspondence given 
by it. 

In this connection it will appear convenient to extend the notion of 
region to sets of points including the point at infinity. This point is 
considered as an interior point of a set if a neighbourhood of this point 
(being the set of points outside a sufficiently large circumference around 
the origin together with the point at infinity itself) is included in the set. 
The difference between ordinary points and the point at infinity may 
often be eliminated by introducing the notion of chordal distance (section 
1.1.5). 

First we wish to state a theorem of a general topological character. 
Let f(z) denote a single-valued function defined throughout the extended 
plane (or, which amounts to the same, throughout the complex sphere, 
see section 1.1.3). If G is any set of points then f~1(G) denotes the set 
of all points which have images under the mapping as given by f belonging 
to ©. We shall say that f~'(G) is the original of G with respect to the 
mapping f. After these preliminaries we assert 

The function f, defined throughout the extended plane, is chordaily 
continuous at every point if and only if the original with respect to f of 
every open set is open. 

The term “chordally continuous” has been explained in section 1.2.1. 

The condition is necessary. Let f be chordally continuous throughout 
the extended plane. Let, further, f~!(20) denote the original of an open 
set 2{ and aa point of this set. Then b = f(a) is a point of 2f and there is a 
neighbourhood & of b included in Y. Since f is chordally continuous 
there is a neighbourhood 1 of a such that (11) is included in 8. Hence 
all points of U are mapped onto points of Y& and, consequently, WU is a 
subset of f~1(2{). Thus we see that this set is open. 


[E] 
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Assume now that fis such that the original of every open set is open. 
Let a be an arbitrary point and b = f(a). If ¥ is an e-neighbourhood of 8, 
then f~'(%) is open, by hypothesis. Hence there is a neighbourhood 
of a included in f~'(&%) and, as a consequence, f(11) is a subset of ¥&. 
This proves the continuity of f at z = a. 

It should be noticed that the same theorem holds if we replace every- 
where open sets by closed sets. This is an immediate consequence of the 
fact that in the extended plane the complement of an open set is closed 
and conversely. 

When proceeding we need the following notion: We shall say that a 
non-empty open set is connected if it is not the union of two disjoint open 
non-empty sets. Similarly a non-empty closed set will be called connected 
if it is not the union of two disjoint closed non-empty sets. 

This notion of connectedness is somewhat more general than 
the one introduced at the end of section 1.2.4. We shall refer to it as 
arcwise connectedness. In the following case the notions have the same 
content: 

A non-empty open set in the open plane is connected if and only if the 
set is a region, i.e., if it is open and arcwise connected. By the open plane 
we understand the whole complex plane without the point at infinity. 

Let St denote a connected open set not including the point at infinity. 
Choose a point c in 8. Let 2 denote the subset of whose points can be 
joined to c by a polygon in % and let G denote the remaining points of R. 
If ais a point of 2 then there is a neighbourhood of a included in ®. 
All points of this neighbourhood can be joined to a by a straight line 
segment and from there to c by a polygon. Hence the whole neighbourhood 
is already contained in Y, i.e., 2 is open. If 6 is a point of B then it has 
a neighbourhood contained in {R. If a point of this neighbourhood could 
be joined to c by a polygon then also b could be joined to c, contrary to 
the definition of 8. Hence % is also open and & is the union of the dis- 
joint open sets and B. Since c belongs to U this set is not empty. Hence 
% is empty, for R is supposed to be connected and it follows that 2% and 
Ri coincide. It is now clear that each pair of points of # can be joined 
by a polygon in ® by way of c, i.e., R is a region. 

Conversely, let St be a region and the union of two open disjoint sets 
YX and B. Take a point a in % and a point b in B. Since a and b can be 
joined by a polygon there must be a straight line segment connecting a 
point a; of Landa point b, of B. We bisect this segment and note that one 
of the halves has one of its end points - say a — in 9 and the other — say 
b, - in B. Continuing this process we obtain a sequence a,, a2,... of 
points of 2 and a sequence b,, b,,... of points of 8 converging to the 
same limit c of the segment. If ¢ belongs to 2 then a neighbourhood of 
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c also belongs to A, for Wis open. From a certain index upwards all points 
b, belong to this neighbourhood and hence to 2. This is impossible. By the 
same argument we see that c is not a point of 8 either. But c belongs to 
, the union of YW and %, and thus we arrive at a contradiction. This leads 
to the conclusion that #t is connected. 

This theorem enables us to generalize the notion of region to sets in 
the extended plane: 

A region is an open connected set. It is clear that the extended plane is 
a region. In fact, it is an open set and a decomposition into two open 
disjoint sets is not possible, for the complement of an open set is closed 
and the only open and closed sets are the empty set and the extended 
plane itself. Finally we wish to prove the following theorem 

The union of two connected closed sets having at least one point in 
common is connected. 

Let © denote a closed set, being the union of two connected 
closed sets ©, and ©, whose intersection is not empty. Assume, more- 
over, that © is the union of two closed disjoint sets §, and 6, which 
are not empty. Every point of ©, belongs either to $8, or to 8,. Hence 
©, is the union of the intersections of ©, with 8, and 8,. Since the inter- 
section of two closed sets is closed it follows that one of the intersections 
is empty, i.e., ©, must coincide with 8, or with B,. If ©, coincides with 
%, then ©, must coincide with 8,, for, by hypothesis, 8, and 8, are 
not empty. But this means that ©, and ©, are disjoint, contrary to 
assumption. 


9.1.2 — INVARIANCE OF THE REGION 


By a topological mapping or homeomorphism of the extended plane onto 
itself we understand a mapping which is one-to-one and in both direc- 
tions chordally continuous throughout the extended plane. 

A region is invariant under a topological mapping of the extended plane 
onto itself. 

Since the inverse of a topological mapping f is everywhere chordally 
continuous we deduce from the first theorem of the previous section 
that the image of a region St is an open set © = f(R). Assume that © is 
not connected, i.e., the union of two open sets 2 and 8. Then f~'(Q0 
and f~'(%) are open and disjoint. Intersecting these sets by St we find 
a decomposition of $f, unless one of the sets 2 or B is empty. Thus we 
see that © is also a region. 

The theorem of the invariance of a region stated in section 3.12.2 
may be generalized in the following way: 

If f is meromorphic in a region R and does not reduce to a constant, 
the image of Rt as given by the function is also a region. 
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In order to prove this theorem we make a preliminary remark. Assume 
that #t contains the point at infinity, but does not coincide with the extend- 
ed plane. Then we can find a meromorphic (and at the same time topo- 
logical) mapping which transforms the region ®t into a region *, which 
leaves the point at infinity outside. In fact, let z = a denote a point not 
belonging to . Then the function 


atts, (9.1-1) 
z-a 
gives rise to a topological mapping of the extended plane onto itself which 
interchanges the points z = a and z = oo. This function is meromorphic. 

Assume first that 8 is the extended plane and f meromorphic through- 
out Kt. If G = f(R) does not coincide with the extended plane then we 
may replace © by a set G* which does not contain the point at infinity 
on applying the above mentioned mapping. The correspondence between 
§ and G* is described by a function which is holomorphic throughout WR. 
Hence this function is a constant (section 3.2.2). But this means that 
6*, and withit ©, is a single point, i.e., f is constant, contrary to hypoth- 
esis. As a consequence © is also the extended plane and, therefore, 
a region. 

Next we consider a region ®t not coinciding with the entire extended 
plane. If necessary we replace ft by a region §t* on applying the above 
transformation. If © = f(R) is the extended plane we are through. Assume, 
therefore, that © does not coincide with the extended plane. Again we 
may suppose that © is a set which leaves the point at infinity outside. 
Now the correspondence between &R* and © is described by a function 
which is holomorphic throughout *. From the theorem of section 
3.12.2 we conclude that © is a region again and this concludes the proof 
of the theorem. 


9.1.3 ~ SIMPLY CONNECTED REGIONS 


Our next task will be the extension of the notions of simple connectiv- 
ity. To this end we shall prove 

A region ® not containing the point at infinity is simply connected if 
and only if its complement in the extended plane is connected. 

Assume first that the complement St’ of the region ®t is connected. 
Let C denote a cycle in St. As we pointed out in section 2.5.2 we may 
replace C by a polygon L, taking into account formula (2.1-4). Proceeding 
as in that section we see that we may decompose the plane into a finite 
number of triangles and of convex sets tending to infinity. The winding 
number Q, (z) is constant in the interior of each of these parts of the plane. 
For a point z not on L at the boundary of such a part the winding number 


9.1] TOPOLOGICAL CONSIDERATIONS 5 


is the same as that of the interior. Hence the function 2,(z) has only a 
finite number of integral values. Let Si, denote the set of points of 9’ 
for which Q,(z) = n. We assert that Jt, is closed. For if a point a of Kt’ 
is an accumulation point of Rj, then in every neighbourhood of a there 
are points of 3). The value 2, (a) exists, for ais in St’. Hence 2,(a) = n, 
because of the continuity of 2,(z). Thus we see that we can decompose 
§’ into a finite number of closed disjoint sets and this number must be 
unity, for §’ is connected. Hence Q,(z) is constant throughout #’, 
On the other hand Q,(z) is zero for points which are sufficiently near 
z= oo. Hence 2,(z) = 0 throughout 9’ and C ~ 0 in &. 

For the proof of the necessity of the condition mentioned in the 
theorem we assume that the complement §R’ of 3 is the union of two 
disjoint closed sets & and %. One of these sets contains the point at 
infinity and the other is consequently bounded. Let 2% be the bounded 
component. By p we denote the distance between 2 and 8. Now we 
cover the whole plane with a net of squaresQ of side <p/,/2. Itis possible 
to choose the net such that a preassigned point a of 2 lies in the interior 
of a square. The boundary curve of a square Q is denoted by Q which 
may be oriented in the counter clockwise sense. Consider now the cycle 


Cay Ox (9.1-2) 


where the sum ranges over all squares of the net which have a point in 
common with Y, (fig. 9.1-1). Because a is included in one and only one 
of these squares it follows that Q,(a) = 1. If the cancellations are 


Fig. 9.1-1. The connectivity of a region. 
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carried out it is clear that C does not meet %, for any side which meets 
is a common side of two squares contributing to the sum (9.1—2). Since 
the two squares induce opposite orientations for the common side it 
does not appear in the reduced expression for C. Hence C is a cycle of R 
which is not homologous to zero. This concludes the proof of the theorem. 

Accordingly we may define: A region in the extended plane is simply 
connected if its complement is connected. Proceeding as in the proof of 
the first theorem of section 9.1.2. we easily can prove 

A simply connected region is an invariant under topological mapping 
of the extended plane onto itself. 

Indeed, connectedness of a closed set is a topological invariant. 

It should be noticed that in a simply connected set as generalized 
above not every cycle is necessarily homologous to zero. Thus, for in- 
stance, the exterior of a circumference is simply connected, for the closed 
disc bounded by the circumference is connected. But the winding number 
of any larger concentric circumference with respect to the centre is not 
zero. 


9.1.4 - A MONODROMY THEOREM 


We wish to prove a useful theorem which is a particular case of a general 
statement to be considered in section 12.2.3. 
In section 1.11.2 we pointed out that all solutions of the equation 


expw =Z (9.1-3) 


do not constitute the values of a single-valued function. By restricting, 
however, the values of z to a principal region (section 1.2.2.) it is possible 
to define a function satisfying (9.1-3) and which is holomorphic in 
this region. 

We proceed to investigate a more general problem, viz. the solution 
of the equation 


exp w = f(z), (9.1-4) 


where f(z) is holomorphic throughout a certain region 8. We recall 
that f(z) is regular at z = oo if f(1/z) is regular at z = 0. As we shall see 
the restriction that t is simply connected will enable us to obtain a single 
valued function satisfying (9.1-4), provided f(z) has no zeros within 
the region. Thus 

If f(z) is regular at every point of a simply connected region Rt and 
vanishes nowhere at any point of RR, then we can find a function w(z) 
also regular at every point of and which satisfies the equation (9.1-4). 

The theorem is trivial in the case that % coincides with the extended 
plane, for a function regular at every point, the point at infinity included, 
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is necessarily a constant c (section 3.2.2.). Then we may take w(z) = log c, 
where the logarithm is not necessarily a principal value. 

Henceforth we assume that ‘ft is not the extended plane. The theorem 
is rather obvious if the region f(t) is included in a principal region, for 
then we can take the composite function w(z) = log f(z). In all other cases 
we may proceed as follows. By a preliminary topological transformation 
of the type (9.1-1) we may assume that $ does not contain the point at 
infinity. For if we have proved the theorem for this case then the general 
statement follows easily. Since f(z) is holomorphic in and vanishes 
nowhere in St the function f’(z)/f(z) is also holomorphic throughout R. 
In view of the theorem of section 2.11.4 (which is valid for every region 
leaving the point at infinity outside, as follows by analyzing the proof of 
the theorem of section 2.10.1) this function is the derivative of another 
function A(z). That is to say, there is a function A(z) such that 


; f'(z) 
h'(z) ="——.. 9.1- 
(z) f@ (9.1-5) 
Next we consider the function 
_ F(z) 
(2) = exp h(z) ; 


Its derivative is 
, "(z)-f(z)h'(z 
gg) <LOLOME) _ 
exp h(z) 
throughout §t. Hence it is equal to a constant c (section 2.11.3) and 
c #0, for f(z) vanishes nowhere in St. 
Accordingly we may introduce the function 
w(z) = h(z)+logc, 
where log c is not necessarily a principal value of the logarithm. It follows 
that 
exp w(z) = cexp A(z) = f(z). 
The function w(z) is not uniquely determined, for besides w(z) also 


w(z)+2nzi, where n is a fixed integer, satisfies the equation. There are, 
however, no other solutions. In fact, if 


exp w,(z) = exp w2(z), 
then 

exp (w,(z)—w2(z)) = 1. 
By differentiation we find 


w3(z)—w3(z) = 0. 
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Hence w,(z)—w,(z) is a constant and this must be an integral multiple 
of 2zi, Thus 
The solutions of (9.1-4) are determined up to an integral multiple of 2ni. 
All solutions of (9.1-4) constitute the general logarithm log f(z) 
of the function f(z). Any single valued function satisfying this equation 
will be called a branch of the logarithm of f(z) and denoted by 


log f(z). (9.1-6) 


This symbol has a definite meaning if z ranges through a simply 
connected region, f(z) has no zeros in the region and one of the possible 
values of (9.1-5) is assigned. 

As a particular result we mention 

In any simply connected region which does not contain the origin and 
the point at infinity a branch of log z can be defined. 

It is clear that a branch of log f(z) may be written as 


log f(z) = log f(z0)+ ( Lac, (9.1-7) 
zo f (6) 
where Zp is a point of the region and the integration is performed along 
any path in the region connecting Zp and z. 
It is easy to state similar theorems for other functions which are inti- 
mately related to the logarithm. 


A branch 
f*(z) (9.1-8) 
of the general power of f(z) is defined as 
exp (A log f(z)). (9.1-9) 
Here A may denote any complex number. 
By a branch 
arg f(z) (9.1-10) 
of the general argument arg f(z) is understood the function 
Im log f(z). (9.1-11) 


The various branches of the argument differ by integral multiples of 27. 


9.2 — Conformal mapping 


9.2.1 — THE SYMBOLIC PARTIAL DIFFERENTIATION 
A function f(z) of a complex variable is a function of two independent 
variables x and y, if z = x+iy: 


f(Z) = ulx, y) + iv, y). (9.2-1) 
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Let us assume that f(z) possesses continuous partial derivatives df/0x 
and éf/éy, where df/dx stands for @u/éx+idvj/ex and dfjdy for dufay+ 
idvjdy. Then there is a total differential 


é 
df= of dx+ e dy. (9.2-2) 
Ox oy 
Observing that 
dz = dx+idy, dz = dx—idy, 
we have 
dx = 4(dz+dz), idy = 4(dz—dz). (9.2-3) 
Inserting this into (9.2-2) we readily find 
F " 
df = (Lai iD) dz+! (“ +iZ) az. (9.2-4) 
Ox Oy 2 \dx dy 
It is natural to write this as 
of Ff as 
df = —dz+ — 9.2-5 
| oz 0z ( ) 
with 
a (Z i o) 
dz 2\éx  dy/” 
: Sisoat (9.2-6) 
Ff _! (2 +i 2) 
0z 2\6x dy 


The conditions of monogenity (1.3-7) can now be condensed into the 


simple equation 
| F Wo, (9.2-7) 
| 0z 


f'(2) = 


Then the derivative is 


(9.2-8) 


| 
N Is 


For the sake of illustration we calculate 0 arg z/6Z, where z ranges 
throughout the principal region. Observing that 


log z = log |z|+iarg z = 4 log zz+iargz 
and taking into account the fact that log z is holomorphic we readily find 


lz .éargz 1 . .dargz 
= +i—F- = — +i 
2322 6Z 2Z 4 


> 
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whence 


Thus we see that arg z is not holomorphic. 
In many cases the symbolic partial derivative may be used to simplify 
calculations as we shall presently. 
Since 
f_ ff Ff _F 


’ ’ 


Ox ax dy oy 


it follows easily from (9.2-6) 


ie ie ee (9.2-9) 
éz 62 62 Oz 


We wish to apply this result to the following problem. Let f(z) be 
holomorphic within a certain open set 2, and let 2, denote the symmetric 
set with respect to the real axis. Now we define a function 


g(z) = f(2), (9.2-10) 


where Z runs through %,. We assert that g(z) is holomorphic in Yj. 
In fact, putting w = z, we have 


do(z) _ FE _ FW) _ FW) _ 


OZ 0z éw ow 


Finally we observe that if zis a differentiable function of a real variable 
t and we put g(t) = f(z(t)), then 


dg_o az, of a 
dt dz dt oz dt 


(9.2-11) 


For many applications expressions for the Laplace operator and the 
Cauchy-Riemann equations in polar form turn out to be very useful. 
It is not difficult to obtain them in a straight forward manner by elemen- 
tary computations, but we prefer to derive them by making use of the 
symbolic method as discussed before. 

From (9.2-6) we obtain at once 


af 1 (7 : zt) 
azz 4 \ax? ay? 
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and thus the Laplace operator occurring in (1.4-3) appears as 


2 = i) 
eT ey cee ee 
ax* ay? 0z6z 


Af 


(9.2-12) 


It is now easy to write down a transformation formula, if we introduce 
a new variable w = w(z) such that w(z) is regular at a given point. For, 
taking into account (9.2-7) and (9.2-9) we find, if we write f(z) instead 


of g(w(z)) 


of _ og ow . og ow = 0g Cw 
6z dw éz Ow Oz dw Gz 


Similarly 
of _ og ow . og ow _ og ow 
0z Ow 6Z GW OZ OW OZ 
Hence 
ose _ 6’g dw aw ie og a?w 
0zdz <Owdw Gz OZ Ow 02z0Z 
Since 
tw _ a ov 
06z0Z Oz 02 , 


we have in an obvious notation 
AzS = Ww) Avg: | (9.2-13) 


Next we introduce polar coordinates by z = re”. 
Then, evidently, if we set g(r, 0) = f(z) = f(re””), 


r= reo SF gee). 7 7 +220, 
or 0z 0Z 0z 0Z 
9 = ire F ~ire eZ = (22 -24). 
Z 


i 
60 oz 0z 0Z 


Solving for df/éz and df/0Z 


dg 


Oz 
2 (9.2-14) 
_ of = 1 (2 +i) 
0z 2\ @r la 


whence 
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and so 


Af= 


1¢@ “*) 1 ag 

r + . 92-15 

ror ( or, r? 66° ( ) 

Let finally f(z) be regular at a given point. Then éf/0Z =0. If we put 
f(re'®) = Rei® 


we have in view of (9.2-14) 


0= pox See pee 
or or 06 08 
whence 
OR ¢c@ 1 OR 6d 
lh ae Lae ome (9.2-16) 
R Or c6— «RR 8 or 


These are the Cauchy-Riemann equations in polar form. 


9.2.2 — CONFORMAL MAPPING 


Consider a correspondence as given by 
w = f(z) (9.2-17) 


in a neighbourhood of z = z), where f(z) possesses continuous partial 
derivatives. It is not yet assumed that f(z) is holomorphic near zy). To 
Z = 2 corresponds w = Wo = f(Z)) and we suppose that z) and wo 
are finite. Let z(t), where fis a real variable, denote a curve passing through 
Zo such that Z) = z(t 9). We make the assumption that z(t) is differentiable 
at t = fy and that the derivative at this point is different from zero. 


Z(to+h) 


@ 


Ze eZlted 


Fig. 9.2-1. The tangent of a curve at a given point. 
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The set of points 


2(to +h) —2(to) 


z= 2(to)+t ; 


where / is a number # 0 and ¢ a real variable is a straight line passing 
through Zo, (fig. 9.2-1). Making # > 0 we obtain the line 


Z = Zyt12"(to) = Zotat, (9.2-18) 


where a # 0. It is called the tangent of the curve at z = Zo. The pair of 
numbers (Zp, @) is called a direction at z = Zo. Its geometric equivalent is a 
half ray issuing from Z) and being represented by (9.2-18) with ¢ > 0. 
Hence every curve through zy, being differentiable there, determines a 
direction, provided the derivative is not zero. We shall not distinguish 
between the directions (zp, a) and (Zo, 4a), A > 0. This is geometrically 
clear, for they determine the same half rays. 

Transforming the curve z(t) by means of (9.2-17) we obtain the curse 


w = f(2(t)), (9.2-19) 
passing through wy. It possesses also a direction number b given by 
(according to 9.2-11). 

b= af at+ of a, (9.2-20) 


provided that df/éz and df/éz do not vanish simultaneously at z = Zg. 

If two curves z,(¢) and z,(t) are given through zg = 2;(to) = Z2(to), 
they give rise to two directions (zo, a) and (Zo, a2). By the angle at Zo 
between these curves we understand 


arg—. (9,2-21) 


0 6 
b - a a2 
arg — = arg = aa (9.2-22) 
b, of of . 
Tata 
oz OZ 


This result simplifies considerably if f(z) is regular at z = Z). For then 
ofjez = 0, hence df/dz # 0. In this case we have 


P2503, (9.2-23) 
by a 
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This means that the angle between the image curves is equal to that 
between the original curves at the corresponding points. We express 
this by saying that the mapping is isogonal at z = Zp. 

It may also occur that 0f/dz = 0. In view of (9.2-9) this means that 
F(z) is regular at z = 2). Then we find 


— = (9.2-24) 


and we shall say that the mapping is anti-isogonal at z = Zp, (fig. 9.2-2). 
Isogonality is restored if we first reflect the angle at 2) with respect to a 
horizontal line passing through 2Z. 

Next we assume, conversely, that the mapping as given by (9. 2- -17), 
where f(z) has continuous partial derivatives, is isogonal at z = Zp. 
By equating the right hand sides of (9.2~22) and (9.2-23) we readily find 


(4, 4,— a,a,) 2 = 0 


and since a, and a, can be chosen arbitrarily, it follows that éf/éz = 0, 
i.e. that f(z) is regular at z = z). In the same way we conclude that 
ofjdz = 0 if the mapping is anti-isogonal. 

A related property of the mapping is derived by considering the deriv- 
ative of the arc length of a curve through zy) and comparing it with its 
image. The derivative of the arc length of z(t) at ¢ = fo is [a| = |z’(fg)}. 
The same quantity for the image curve is |b] and we have the relation 


|b |= 7 - ee aie (9.2-25) 
dt oz Oz CG) Oz 
The expression 
anes (9.2-26) 
6z @Za 


is called the distortion at the given point in the direction (Zp, a). It 
measures the infinitesimal change of scale at this point provoked by the 
mapping. A necessary and sufficient condition that this mapping be 
independent of. the direction number a is expressed by the fact that 
6f[oZ = 0 or df/éz = 0. In fact, the point represented by the number 
(9.2-26) between the bars moves along a circle with centre 0f/éz and 
radius |df/0Z|. In order that its modulus is independent of a, either the 
radius must vanish, or the centre must be the origin. This proves the 
assertion. 

A mapping having the same non-zero distortion in all directions issuing 
from this point is usually called conformal. It behaves like a homothetic 
transformation in an infinitesimal neighbourhood of the centre Zo. 
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It is either isogonal or anti-isogonal. Summing up we may say 

A function, regular at a point Z9, such that its derivative does not vanish, 
is conformal and preserves the sense of the angles. The distortion is | f’(Zo)|. 

We conclude this section by making some remarks about the point at 
infinity. A half ray issuing from z = 0 may also be considered as a half 
ray issuing from z = oo. If it represents a direction (0, a) at the origin 
then we shall say that it represents a direction (00, l1/a) at z = 00. The 
angle at z = 00 defined by two half rays representing at the origin the 
directions (0, a,), (0, a2) is by definition 


1 a2 
if p = arg(a,/a,). Hence it is the negative of the angle at z = 0. This is 
in accordance with the fact that the mapping carries the two half rays into 


@ w) 


Fig. 9.2-2. Isogonality of the mapping w = 1/z at z = «©. 


two others making an angle —¢ at the origin (fig. 9.2-2). Hence this 
mapping is also isogonal at z = oo. 

Accordingly we shall say that a function f(z) defines a mapping 
conformal at z = oo if the mapping as given by f(1/z) is conformal at 
z = 0. In addition a function f(z) having a singularity at z = zo defines a 
conformal mapping at this point if this is the case with the function 1/f(z). 

Some counter-examples may illustrate the previous considerations. 
The function w = z? defines a mapping which transforms the region 
Rez > 0, Imz > 0, i-e., the first quadrant, into the half plane Im w >0. 
The function is holomorphic throughout the z-plane. It is not conformal 
at z= 0, for f’(z) = 2z =0 at the origin. Conversely the function 
w = ,/z, transforms the principal region into the right half plane. It is 
not conformal at z = 0 for there the function is not regular. 
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9.3 - Automorphisms of the extended plane 


9.3.1 — A LEMMA 


A one-to-one bicontinuous mapping of a region ® (in the extended 
plane) onto itself is called a homeomorphism of R. If f,(z) and f,(z) 
define homeomorphisms then evidently f,(f; (z)) also does. This is called the 
product of the homeomorphisms f, and f; and denoted by f,/,. The 
inverse of a homeomorphism f is again a homeomorphism and denoted 
by f~!. The homeomorphism f~'f = ff~* leaves each point of tat rest. 
It is the identity. 

The product of two homeomorphisms is associative: 


SxS) = AN» 


for each member stands for f;(f2(f,(z))). The following statement is 
now clear: 

A family of homeomorphisms of a region t such that with each element 
also the inverse belongs to the family and with each two elements also their 
product is a group. It is clear that the identity belongs to the group. 

It is understood that the algebraic structure of the family is given by 
the product rule as defined above. 

A group of homeomorphisms of is called transitive if there is always 
an element in the group which transforms an arbitrarily given point z, 
of ® into any other given point z, of R. 

More generally we may consider a group G of one-to-one transforma- 
tions of a set © of arbitrary things onto itself. The subgroup of all trans- 
formations of G leaving a given element a invariant is called the subgroup 
of isotropy associated with a. Next we wish to establish the following 
useful lemma: 

Let G denote a group of one-to-one transformations of a set © onto 
itself and H a transitive subgroup. Assume, moreover, that the subgroup 
of isotropy associated with a certain element a is contained in H. Then H 
coincides with the whole group G. 

Since H is transitive we can find a transformation 4 of H which trans- 
forms a in g(a), where g is an arbitrarily given element of G, i.e., h(a) 
= g(a). Hence ais invariant under the transformation h7 'g and this trans- 
formation, being an element of the subgroup of isotopy associated with a 
belongs to H, by hypothesis. As a consequence g = (hh~1)g = A(h™'g) 
also belongs to H and this proves the assertion, We shall have the oppor- 
tunity to apply this lemma many times. 


9.3.2 — UNIVALENT FUNCTIONS 


A function providing a one-to-one mapping of a certain open set 2 
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is called univalent or simple. Some authors also use the German word 
“schlicht”, which has no adequate translation in English. 

At each point of an open set where the univalent function f(z) is regular 
the derivative is different from zero. 

Suppose that f’(z) = 0 and let wy = f(Zo). Then the function f(z)—wo 
has a zero of order k > 1 at z = Zg. From the theorem of section 3.12.5 
we deduce that around z = zy and around w = wy we can describe two 
circles such that to any point w # wo inside the second circle corre- 
spond precisely & different points inside the first circle for which f(z) 
takes the value w. This is in contradiction with the assumption of uni- 
valence. 

The theorem remains true if zg = oo in the following sense: The 
derivative of f(1/z) tends to a finite limit different from zero as z > 0, 
In fact, f(z) has the Laurent expansion 


f(2) =at t+... 
Zz 


Hence f(1/z) is regular at z = 0 and univalent. This implies a, # 0. 

The converse of the above theorem need not be true. Thus, for 
instance, the derivative of z? is different from zero if |z| > 0, but the func- 
tion is not univalent in this region. Jf, however, f(z) is regular at z = Zp 
and f'(Z9) # 0, then it is univalent in a sufficiently small neighbourhood 
of Z). This is again a direct consequence of the theorem of section 3.12.5. 
If z) = 0 we must assume that f(1/z) has a derivative which tends to 
a finite number different from zero as z > 0. 

A univalent function which is meromorphic throughout an open set XL 
cannot have other singularities than simple poles in X. 

Indeed, if z = zy is a pole of order n then 


f(2) = (2-20) "A(2), 


where ‘h(z) is regular at z = Zz) and different from zero. Hence 1/f(z) 
= (Z7—Z)"/h(z) = (2—-Zp)"g(z) is regular at z = 2, and has a zero 
of order n there. Since 1/f(z) is again univalent we conclude that n = 1. 
The theorem remains true in the case that zy = oo. 

In view of the preceding considerations we may state 

A simple map as given by a meromorphic function is conformal and 
preserves the sense of the angles. 


9.3.3 — THE GROUP OF AUTOMORPHISMS OF THE EXTENDED PLANE 


A particular example of a homeomorphism is an automorphism of an 
open set 9 which is a mapping of 2 onto itself provided by a meromorphic 
univalent function. It is clear, in the light of the previous considerations, 
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that the product of two automorphisms is again an automorphism, as 
well as the inverse of an automorphism. Hence the automorphisms of 2 
constitute a group. 

It is our aim to investigate the group of all automorphisms of the 
extended plane. The problem of determining all these automorphisms 
has a very simple solution. 

First we observe that a linear fractional transformation, i.e. a transfor- 
mation of the type 


_ az+b la b 


= : # 0, 9.3-1 
cz+d lc d ( ) 


is an automorphism of the extended plane. It is clear that the determinant 
(9.3-1) must be different from zero, for in the contrary case the denomi- 
nator and the numerator would be proportional and hence w constant 
for general values of z. The transformation is uniquely invertible, the 
inverse is 


z= dw—b . (9.3-2) 
—cw+a 
To z = —d/c corresponds w = 00 and to z = the point a/e. 
The product of two transformations as given by 
eh ee yw = @22tb2 (9.3-3) 
c,z+d, C,z7+d, 
is the transformation 
a,z+b, 
a, +5 
ie ee (9.3-4) 
& i Eo c3z+d, 
C,zZ+d, 
with 
a3 = @,4,+b,c,, 63 = a,b, +b2d,, (9.3-5) 
C3 = C24, +42¢,, dy = €2b,+d,d,. ; 
Hence 
a3 bs) _ |a2 ba||a, by 2 
Bd lee dle, ike O28) 


This rule of composition can be formulated in a more concise way. 
We agree to write (9.3-1) symbolically as 


wy = Az, (9.3-7) 
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Here A symbolizes an operator which assigns to every number z a 
uniquely determined number w. This operator is characterized by the 


matrix 
ja b 
b | (9.3-8) 


which shall also be denoted by the same symbol A. Now the effect of 
the transformation is not influenced by multiplying all coefficients 
occurring in (9.3-1) by the same number different from zero. We agree 
that A may represent any of this class of matrices. In many cases it is 
convenient to assume that the determinant of (9.3-1) is unity. Then the 
linear fractional transformation is called unimodular and from (9.3-6) 
follows that the product of two unimodular transformations is unimod- 
ular again. The same is true for the inverse transformation. 

It follows from (9.3-5) that the matrix representing the transformation 
(9.3-4) is the product of the matrices representing the tranformation 
(9.3-3), respectively, i.e., 


a3, b; _ | 42 Fa B A o 

be 7 . ke d,}le, dl (29) 
Hence the law of composition is essentially the multiplication law for 
matrices: the rows of the first matrix are multiplied by the columns of 


the second matrix according to (9.3-5). 
The inverse of the transformations (9.3-7) is written as 


z= A7'y, (9.3-10) 
with 
d —-b 
The ‘ 3-11 
A ie = | (9.3-11) 
In the unimodular case we always have 
AAW! =A7?1A =E, (9.3-12) 
where E denotes the identity operator represented by 
1 0 
= ’ 3-13 
E F 7 (9.3-13) 


In view of the results obtained we may state 

The family of all automorphisms represented by linear fractional trans- 
formations is a group. 

Next we wish to establish the fact that this group is already the whole 
group of automorphisms of the extended plane. To this end we investigate 
the subgroup of isotropy of the group of all automorphisms with fixed 
point z = oo first. 
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Let f(z) provide an automorphism of the open z-plane. It is an integral 
function, for it is holomorphic throughout the z-plane. Since it is 
univalent it maps the region |z| < 1 onto a region which has no point in 
common with the image of the region |z| > 1. Theimage of |z| < 1 is again 
a region, hence there is a point having a neighbourhood which has no 
points in common with the image of |z| > 1. It follows that z = oo cannot 
be anessential singular point of f(z), for if it were an essential singular 
point, then by the Casorati-Weierstrass theorem (section 3.2.1) f(z) 
would take values inside a given neighbourhood of 6 corresponding to 
points in the region |z| > 1. As a consequence f(z) is a polynomial and 
since it is univalent it must be of degree unity. Hence 

The group of all automorphisms of the open z-plane consists of the 
linear transformations 

w = azt+b. (9.3-14) 


Let now G denote the group of all automorphisms of the extended 
plane and H the subgroup of all linear fractional transformations. The 
subgroup of isotropy associated with z = oo is evidently contained in H. 
Since in (9.3-1) wecan prescribe the values of z and w and then determine 
values of a, b, c and d suitably, the group H is transitive. In view of the 
lemma of section 9.3.1 we may infer that 

The group of all automorphisms of the extended plane consists of the 
linear fractional transformations (9.3-1). 


9.3.4 — THE FIXED POINTS OF AN AUTOMORPHISM OF THE EXTENDED PLANE 


A point z of the extended plane is called a fixed point of an automorph- 
ism (9.3-1) if it satisfies the equation 


az+b 
z= ; 
ez+d 
or 
cz? —(a—d)z—b = 0. (9.3-15) 


This is a quadratic equation and it possesses no more than two roots, 
provided its coefficients do not all vanish simultaneously. In this latter 
case b=c=0, a=d and (9.3-4) represents the identity. If c = 0 
and a # d, then (9.3-15) is linear and we agree that it has a root z = 0. 
If also a = d then we agree that z = © is a root counted doubly. As a 
consequence 

An automorphism with more than two different fixed points is the identity. 

This result enables us to write down directly an expression for an auto- 
morphism which transforms three different points z,, z., 23 into three 
other different points w,, w2, W3, viz., 
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W—W2 W3—-W2  Z2—Z2 / 23-22 


: (9.3-16) 
W—-W, W3-W, 2-2, 23-2, 
In fact, if W denotes either member of this equation then W is a linear 
fractional function of z as well as of w. To z = 2,, Z2, Z3 correspond the 
values W=oo, 0, 1 and, consequently, to w = wy, W2, W3. 
By the cross-ratio of four points we understand 


Z4—Z2 .23—-2Z2 2Z3—2Z, _23—22 
(21225235 Z4) = : = .— . (9.3 17) 
Z4—Z, 23-2, 247-2, 24-22 


It is at once clear that 
(21, 22523, 24) = (Wy, W2,W3, Wa) (9.3-18) 
if w, corresponds to z, because of (9.3-16). Hence 
The cross ratio is an invariant for linear fractional transformations und 
hence for automorphisms of the extended plane. 


9.3.5 — CONJUGATE AUTOMORPHISMS 


If we perform the automorphism 


Ze Pz (9.3-19) 
then the relation 
w= Az (9.3-20) 
becomes 
w* = Pw = PAz = PAP7!z*, (9.3~21) 


Two automorphisms A and PAP™' are called conjugate. 
The relation of conjugacy is reflexive, i.e., every automorphism is 
conjugate to itself. This follows from 


A = EAE™},” 
The relation is symmetric, for 
B = PAP! 
implies 
A = P-'BP = P7“!BcP71)7?” 
The relation is transitive, for if 


B = PAP™?, C = QBQ"}, 
then 
C = QPAP~!Q7! = (QP)A(QP)7'. 
Hence the relation of conjugacy is an equivalence relation and we can 


divide all automorphisms into disjoint classes of mutually conjugate 
automorphism. 
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Next we wish to prove that two conjugate automorphisms have a 
characteristic in common. By the trace of the matrix (9.3-8) we under- 
stand the number 

trA = a+d. (9.3-22) 


If A is unimodular it is determined within sign. 
Let P be represented by the unimodular matrix 


pala 
eal alee: 


we find by straight forward computation 


if 


a’+d' = a+, (9.3-23) 
i.e., 
tr PAP“? = trA. 


By the fundamental number of an automorphism represented by the 
unimodular matrix (9.3-8) we shall understand the modulus of the trace, 
ie. |a+d]. Hence 

Two conjugate automorphisms have the same fundamental number. 

As we shall see in the next section it plays an important part in the 
problem of classifying automorphisms. 


9.3.6 — CLASSIFICATION OF THE AUTOMORPHISMS 


It is always possible to perform a transformation which carries two 
given different points into 0 and oo respectively. An automorphism with 
these latter points as fixed points is given by 


W = KZ (9.3-24) 


where « is a constant different from unity (for we wish to exclude the 
identity). We can normalize it by writing 


_ t2/« : 
ws Fije (9.3-25) 


and the trace appears to be equal to +(./x+1/,/x). Hence 


1 
(at+dy’—-2=xK+-. (9.3-26) 
K 


An automorphism with a fixed point of multiplicity two is conjugate 
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to an automorphism with a double fixed point at infinity. It can be 
represented by 


w= zt+p = — = 5 p#0. (9.3-27) 


Hence 
atd= +2 


and (9.3-26) is also valid for this case if we agree to take k = 1 in this 
formula. 

We are now sufficiently prepared to list the various types of auto- 
morphisms: 

i) First we assume that « occurring in (9.3-26) is real and positive. 
The expression on the right of (9.3-26) takes its minimum value equal to 
2 for x = 1. Hence for x # 1 we have (a+d)? > 4 and |a+d{| is real and 
> 2. An automorphism of this type is called hyperbolic. In this case 
(9.3-24) represents a stretching issuing from the origin. The number x 
is a measure of the change of scale connected with it. 

ii) Secondly we assume that x is the number e'”, @ # 2nz, where n is 
an integer. Then 


re el? +e” = 2cosg =4cos*3o —2 
K 
and 


(a+d)? = 4cos*4o < 4. 


Hence again a+d is real, but now |a+d| < 2. An automorphism of this 
type is called elliptic. In this case the transformation (9.3-24) represents 
a rotation about the origin through an angle g. 

iii) The case x = 1 corresponds to an automorphism having a doubly 
counted fixed point. An automorphism of this type is called parabolic. 
The particular transformation (9.3-27) represents a translation. 

iv) Finally we assume that x is a number re’, r > 0, r # 1, 9 # 2nz, 
where x is an integer. Then 

K+ eS re? I te = (ry “) cos p+i (r- 1) sin 9. 
K r \ r r/] 
This denotes either a complex or a negative real number. In both cases 
a+d is not real. An automorphism of this kind is called loxodromic. 
The transformation (9.324) is evidently the product of a stretching and 
a rotation. This operation is often called an elation. 

Summing up we have: 

The automorphism as given by the unimodular linear fractional trans- 
Sormation 
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1) Ayperbolic, if a+d is real and |a+d| > 2; 
2) elliptic, if a+d is real and |a+d| < 2; 

3) parabolic, if a+d is real and |a+a| = 2; 
4) loxodromic, if a+d is complex. 


Since each of these cases excludes the remaining ones there are no 
other types of automorphisms of the extended plane. 


9.3.7 — ROTATIONS OF THE COMPLEX SPHERE 


By means of stereographic projection a rotation of the complex sphere 
about its centre induces a homeomorphism of the extended plane. It is 
characterized by the property that the chordal distance of two points 
remains invariant. In particular two diametral points on the sphere are 
carried into two other diametral points. The chordal distance between 
the image z, and z, of two diametral points is 2. Hence (cf. 1.1-15) 


lz4-Z2| = Vv 142,2,V1+2222, 
or 
(2) -22)(2Z1 -2Z2) = (142, 2,)(1+22Z2). 
This is equivalent to 


0 = (1+2,27,)04+2,2,) = |1+2,2,|?. 
Hence 


ZZ, = —1. (9.3-28) 


Fig. 9.3-1. Construction of the images of diametral points in the plane. 
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For the sake of brevity we shall call two points in the extended plane 
having a chordal distance equal to 2 also diametral points. A construc- 
tion of diametral points is pictured in fig. 9.3-1. 

Now we wish to determine those automorphisms of the extended plane 
which carry diametral points into diametral points. If 


_ az,+b 


= eat (9.3-29) 
we must have 
1  —a/zZ,+6 
We - —c/Z,+d 
or 
dz,—¢ 
W2 = = ae (9.3-30) 


Since (9.3-29) and (9.3-30) represent the same automorphism there must 
be a number p such that 


a=pd, b=—pt, c= —pb, d= pa. 
It follows that 
ad—be = p*(ad—bé). 
Since the transformation is assumed to be unimodular we have p” = 1 
and we can take p = 1. Thus we find the so-called unitary transformations 


Gen ais Boil, (9.3-31) 


~ —bz+a 


We assert that these transformations leave the chordal distance between 
two arbitrary points invariant, i.e., they are isometric. 

It is clear that the automorphisms represented by (9.3-31) constitute a 
transitive group. In the usual way with the help of the lemma of section 
9.3.1 we may show that this group coincides with the group of all iso- 
metric automorphisms. The subgroup of isotropy of ‘his latter group 
with the invariant point z = 0 is given by 


z* = Kz 


with |x| = 1. Hence x = e’? and all these transformations are charac- 


terized by the matrix 
oy 0 
0 e Hl" 


This matrix is unitary. 
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Finally we wish to show that the group of isometric automorphisms is 
isomorphic to the group of rotations of the complex sphere. 

The isometric automorphisms induce rotations of the sphere, for the 
chordal distance of two points in the extended plane is the euclidean 
distance of the corresponding points on the sphere. Consider now the 
rotations of the sphere around the vertical axis. They are given by 


&* = Ecosgy—ysing , 


n* = Csing+ncos@ , (9.3-32) 
«= t. 
It follows that 
* -o* 5 
Sting 9+ sn 0), 
1+¢ 1+¢ 
or, in view of (1.1-12), 
z* = ze’, 


Hence these rotations are induced by a subgroup of those induced by 
the isometric automorphisms and they constitute the subgroup of isotropy 
of the group of all rotations which have the north pole as a fixed point. 
This proves the assertion. 

It should be noticed that isometric automorphisms do not induce a 
reflection of the sphere with respect to a plane through the centre, for 
they tend continuously to the identity if a+ 1, b- 0. 


9.3.8 = THE INVARIANT AXIS AND THE EULERIAN ANGLES 


It is well-known that a rotation of a sphere around its centre is a 
rotation through a certain angle w around a line passing through the 
centre, the invariant axis of the rotation. This may be verified by analyzing 
more closely the isometric automorphisms. 

First we observe that they are elliptic, for a+d = a+d is real and 


(a+a)?—4 = (a+4)?—4(aa+bb) = (a—@)*—4bb < 0. 


The fixed points are obtained from equation (9.3-15) which now takes 
the form 


bz? +(a—a)z+b = 0. (9.3-33) 
Since |a+a| < 2, we may put 
a+@ = 2cos 4a, 0< w < 2zn. (9.3-34) 


Hence o is uniquely determined. The cases w = 0 and w = 27 are of 
no interest, for they correspond to the identity (for parabolic transforma- 
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tions do not occur). Hence we can write 
a = cos t@+iy sin ta, (9.3-35) 
where y is a uniquely determined real number. In addition we put 
ib = (#+if) sini (9.3-36) 


and, evidently, « and f are also uniquely determined. Inserting the expres- 
sions (9.3-35) and (9.3-36) into (9.3-33) we get, since sin}w # 0, 
(a—iB)z?+2yz—(a+ip) = 0. (9.3-37) 
In addition we deduce from (9.3-35) and (9.3-36) 
1 = aa+bb = cos*4@+y? sin? 4+ (a? +B?) sin? 4@ 
= 14+(a?4+8?4+y?~—1) sin? do. 


Since sin?4@ 4 0, we must have 
a4 prty? = 1, (9.3-38) 
Solving (9.3-37) we find the roots 
—ytvy? +e? +p? _ $1-y 
a—ip a—ip’ 
provided the denominator is not zero. This denominator vanishes, 
however, if « = 8 = 0 and this implies b = 0. But this case is directly 


accessible, for then we have a rotation about the vertical axis. 
Let us take 


214,25 


1-y  a+if 
Z1 = = > 
a—ip 1+y 
and 
Ppa ec tk Meck 
a—ip 1-y 


It appears that the fixed points z, and z, correspond to the diametral 
points {a, 8, y} and {-«, —B, —y} on the sphere. 
Since a+a = 2 cos 4q@ is the trace of the transformation we find that 


K+ , = 2 cosa. (9.3-39) 
K 


Hence we may take 
kK =e? (9.340) 


and since the stereographic projection is isogonal we may interpret @ 
as the angle of rotation as seen at the image of z, on the sphere. 
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By geometric arguments it can be shown that any rotation of the sphere 
can be considered as the product of three rotations. A first rotation around 
the ¢-axis through an angle w, a second rotation around the €-axis 
through an angle @ and a third rotation around the ¢-axis again through 


Fig. 9.3-2. The Eulerian angles. 


an angle 9, (fig. 9.3-2). The angles w, 0 and @ are called the Eulerian 
angles of the resulting rotation. We wish to investigate how they appear 
in the image under stereographic projection onto the extended plane. 

Rotations around the f-axis through angles g and w respectively are 
represented by automorphisms with matrices 


er? QO ev 0 
D,= [ 0 nl » Dy= [ 0 ae (9.3-41) 


respectively (section 9.3-7). A rotation around the €-axis is induced by 
an automorphism whose fixed points are +1 and —1 and, therefore, is 
given by the transformation 


wot yal 
w+l zt+i 
whence 
_ 2(1te")+(1-e") — z cos 40—isin 40 
~ 2(1—e®)4(1+e%) —izsin}0+cos}0 
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This automorphism is represented by the matrix 


_ [ cos$@ —isin | 
eo & sin 4 cos 40 Osa?) 


and the resulting rotation by 


e*) cosd9 = — ie? sin 46 
Dy DeDy = Pee: sing0 e7F*¥ cos | - (9.3-43) 


It is an automorphism of the type (9.3-31) with 
a = e#Ot cosd9, ib = eH sin 40, (9.3-44) 


These expressions are called the Cayley-Klein parameters of the rotation. 

Conversely it is possible to find Eulerian angles such that the Cayley- 
Klein parameters have prescribed values, provided that a@+bb = 1, 
This follows from the fact that 


aa = cos?40, bb = sin? 46. 


Since 0 < $0 < x the angle @ is uniquely determined. From (9.3-44) 
follow 9+ and g—w and we are ready. 

From (9.3-35) and (9.3-36) we may derive expressions for the para- 
meters a, B, y, @ of the rotation in terms of the Cayley-Klein para- 
meters, viz.: 


cosjm= 4(a+a), 
asiniw@= 4i(b—b), 
Bsinjo = 4(6+5), Ve) 


y sin 4@ = —Hi(a—a@). 


Taking into account (9.3-44) we deduce from these equations the follow- 
ing 
cos $@ = cos (9+) cos 48, 
asin $@ = cos $(g—w) sin 46, 
B sin 4@ = sin 4(@—W) sin 40, 
y sin 4@ = sin 4(9+W) cos 40, 


expressing the parameters of the rotation in terms of the Eulerian angles. 


9.4 — Mébius geometry 
9.4.1 — THE MOBIUS PLANE 


The group of all automorphisms of the extended plane impose on it a 
certain geometric structure which is called the Mébius geometry. The 
extended plane considered as a support of the Mébius geometry is called 
the Mébius plane. Two configurations of points in the Mdbius plane are 
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said to be equivalent if there is an automorphism which carries one of 
the configurations into the other. If we wish to emphasize the geometric 
side of the automorphisms we also refer to them as Mébius transforma- 
tions. Only those geometric assertions are relevant which remain equally 
valid for all entities which are equivalent under Mobius transformations. 

In the Mébius plane we cannot distinguish between circles and straight 
lines. This is a consequence of the following theorem. 


23 23 
Zi 22 
21 
21 
24 
22 
rs 
oe 0 
Z, z, Z Z> 


Fig. 9.4-1. Invariance of the circle with respect to a Mdébius transformation. 


Fig. 9.4-2. The angles at the intersection points of two oriented circles. 
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A Mobius transformation transforms a circle or a straight line into a 
circle or a straight line. 

A geometric proof runs as follows. If z,, 2, z3 and z,4 are four points 
on a circle or a straight line then 


are either equal or their sum is 2, (fig. 9.4-1). In the case of a straight line 
each of these angles is 0 or x. In all cases the cross ratio (2,, 22, 23, 24) 
is a real number. Since the converse is also true the theorem follows 
from the invariance of the cross-ratio (section 9.3.3). A straight line 
shall be considered as a circle through the point at infinity. 

Since the Mdbius transformations are conformal, preserving the sense 
of angles, the notion of angle belongs to the Mébius geometry. In this 
respect the following remark deserves mention. Consider two circles 
passing through the finite points z, and z,, (fig. 9.4-2). Imposing an 
orientation on two arcs connecting these points, the tangent half-rays 
are uniquely determined. It is clear that the angle between the half rays 
issuing from z, is the negative of the angle formed by the half rays at z2. 
This is in accordance with the fact that a Mébius transformation having 
Z, and z, as fixed points rotates the half rays at z, in a sense which is 
opposite to the sense of rotation at the other point. It is, therefore, 
natural to define the angle between two half-rays at z = 00 as the negative 
of that at the finite vertex (see also section 9.2.2). 


9.4,2 — INVERSION 


We encountered the mapping w = 1/z several times. For many 
purposes the mapping 


w = 1/Z (9.4-1) 


deserves mention. Combined with a reflection with respect to the real 
axis it yields the former mapping. Let z = re’®. Then w = e!/r. Hence 
corresponding points are on the same ray issuing from the origin in 
such a way that the product of their distances from the origin is equal 
to unity (fig. 9.4-3). The transformation (9.4-1) is called an inversion with 
respect to the unit circle. It is an anti-isogonal mapping. 

We may enlarge the circle and translate its centre to a point z = a, 
ie., we may transform (9.4-1) by the transformation 


w= Rz+a. (9.42) 
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Fig. 9.4-3. Inversion of a point with respect to a unit circle. 


Then we get a transformation conjugate to (9.4-1): 


2 


(9.4-3) 


This is an inversion with respect to a circle around z = a having a 
radius R. If z = at+re® then w = a+ R*e /r and we see that w and z 
are two points on a ray issuing from the centre of the circle in such a way 
that the product of their distances from the centre is equal to the square 
of the radius. 

Let us now perform the transformation 

pee pati (9.4-4) 


1—z 


It is easily seen that the unit circle is transformed into the real axis, 


for the points z = —1, -i, 1 correspond to w = 0, 1, 0 respectively. 
Transforming the transformation (9.4-1) according to (9.4-4) we get 
w= Zz, (9.4-5) 


This is a reflection with respect to the real axis. For this reason the 
transformation (9.41) is called a reflection with respect to the unit circle 
and, more generally, any inversion is called a reflection. Two correspond- 
ing points are said to be symmetric with respect to the circumference which 
defines the inversion. 
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A characteristic property of two points symmetric wiih respect to a 
straight line is the following. All circles which pass through these points are 
orthogonal to the line and circles passing through one point and being 
orthogonal to the line pass through the other point. Since o1thogcnality 
is preserved under Mobius transformation we have 

All circles passing through two points which are symmetric with respect 
to a circle are orthogonal to the circle. All circles which pass through a point 
and are orthogonal to a given circle also pass through the point which is 
symmetric with respect to this circle. 


Fig. 9.44. Invariant characterization of the symmetry of two points with respect to 
a circle. 


This is an invariant characterization of symmetric points, (fig. 9.44). 
Hence if a Mobius transformation carries a circle C, into a circle C,, 
then points which are symmetric with respect to C, are carried into points 
which are symmetric with respect to C3. 


9.4.3 — PENCILS OF CIRCLES 


We wish to prove the following theorem 

There are infinitely many circles which are orthogonal to two given 
circles C, and C3. 

Let us first assume that C, and C, intersect in two different points. By a 
suitable Mobius transformation we can carry one of them to infinity 
and we thus obtain two straight lines through a finite point Zo. All 
circles with Zp as centre are orthogonal to these lines and they correspond 
to circles orthogonal to C, and C,. Secondly we suppose that C, and 
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C, have one point in common, i.e., that they are tangent at this point. 
Bringing this point to infinity we obtain two parallel lines and all lines 
orthogonal to them correspond to circles orthogonal to the given circles. 


Fig. 9.4-5. Proof of the existence of circles orthogonal to two non intersecting circles. 


The case that the circles do not intersect remains to be investigated. 
Then we may bring a point of one of these circles to infinity and we obtain 
a line and a circle which have no points in common, (fig. 9.4-5). Let 
denote the centre of the circle and M, the foot of the perpendicular through 
M on the line. The circle with centre /, and of radius equal to the seg- 
ment on a tangent through M, at the circle determined by M, and the 
point of contact is orthogonal to the circle and the line. Bringing now 
one of the points where this latter circle cuts the line MM, to infinity 
we obtain two orthogonal lines and the line and the circle transform into 
circles which meet these lines under right angles. Thus we see that the 
given circles can be transformed into two concentric circles. The lines 
through the common centre correspond to circles orthogonal to the given 
circles, 

The set of all circles orthogonal to two given circles is called a pencil. 
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From the above considerations it is clear that there are three types. 
First a pencil of circles which can be transformed into a system of 
concentric circles. A pencil of this type is called elliptic. No two circles 
of the pencil have a point in common and there are two points symmetric 
with respect to any circle of the pencil. They are the limiting points of the 
pencil. 


Fig. 9.4-6. Pencils of circles. 


Secondly a pencil of circles which can be transformed into a system of 
parallel lines. The circles touch each other at the same point. A pencil of 
this type is called parabolic. 
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Thirdly a pencil of circles which can be transformed into a system of 
lines through a finite point. A pencil of this type is called hyperbolic 
All circles have two points in common, the base points of the pencil. 

From the standard types (i.e. pencils of straight lines or of concentric 
circles) it is also clear that 

A given pencil is always connected with a second pencil such that each 
circle of one pencil is orthogonal to all circles of the other. If one pencil 
is elliptic then the other is hyperbolic. The limiting points of the first pencil 
are the base points of the second pencil. If one pencil is parabolic, then the 
other is also parabolic, (fig. 9.46). 

In addition we find 

Through every point of the plane which is neither a limiting point nor a 
point common to all circles of a pencil there passes exactly one circle of 
the pencil. 

From the standard forms (9.3-24) and (9.3-27) we deduce: 

A hyperbolic transformation leaves all circles of a hyperbolic pencil 
invariant, the base points being the fixed points of the transformation. 

An elliptic transformation leaves all circles of an elliptic pencil invariant, 
the limiting points being the fixed points of the transformations. 

A parabolic transformation leaves all circles of a parabolic pencil 
invariant. The fixed point of the transformation is the point of common 
contact of the circles. 

In all these cases the circles of the orthogonal pencil are interchanged, 
i.e., the pencil as a whole remains unaltered. 

Finally we shall establish 

If two circles do not intersect, but intersect a third circle, then there is 
exactly one circle orthogonal to all three. 

Let C,, C, and C3 denote these circles and assume that C, and C3 
intersect as do C, and C3. Hence C, and C, do not intersect. By a suitable 


Fig. 9.4-7. Existence of a circle orthogonal to three circles. 
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transformation (if necessary) we may bring one of the intersections of 
C, and C; to infinity. They become straight lines L, and L, and C, 
another proper circle C;, (fig. 9.4-7). Since L, has no point in common 
with C; the intersecting point of ZL, and L3 is outside C{. This point is 
centre of a circle orthogonal to C;. Transforming back we obtain the 
desired circle. 


9.5 — Hyperbolic geometry 
9.5.1 — THE AUTOMORPHISMS OF THE UNIT CIRCLE 


It is our aim to construct a plane geometry which can be described 
by the same postulates as the ordinary Euclidean geometry, except the 
postulate of parallels. 

This geometry has played an important part in the development of 
function theory. Our main task will consist of defining a group of trans- 
formations which will enable us to introduce the notion of congruence 
with the same properties as the corresponding notions in ordinary 
geometry. As we shall see this group will appear as the group of auto- 
morphisms of the unit circle. 

On the transformation 


az+b 
w= ; 
cz+d 


ad—be = 1, (9.5-1) 


we impose the condition that z7 = 1 implies ww = 1. Hence the circum- 
ference |z| = 1 remains invariant as a whole. In addition we wish that 
zz < 1 implies ww < 1, that is to say, the points in the interior are 
carried into points also in the interior. 

The first condition yields 


(az+b)(@zZ+b) = (cz+d)(éz+4), 
or, taking into account zz = 1, 


ab = cd (9.5-2) 
and 


i 


aa—ct = dd—bb. (9.5-3) 


Now we have 
oot (aa—ct)(zz—1) 
|cz +d? 
and the second condition gives rise to 
aa—ct > 0. (9.54) 


It follows that a 4 0 and from (9.5-2) also d # 0. For from (9.5-2) 
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we deduce 4b = Cd, and d = 0 implies b = 0, in contradiction to (9.5-3) 
and (9.5-4). From (9.5-2) follows 


=k, . (9.5-5) 


say, and from (9.5-4) follows |k| < 1, Hence (9.5-3) may be written as 


aa(1—kk) = dd(1—kk), 
whence 
lal = [d|, || = el. (9.5-6) 
Now we write 


az+b azt+bfa 
we = 


ez+d  d1+zefd- 


Then, according to (9.5-6), a/d = e”, Put z) = —b/a. In view of (9.5—5) 
and (9.5-6): 29 = —ba/aa = —td/dd = —d/d, z = —k(bjc), whence 
jz, =A <1. 

Hence 

The transformations 


wae 2770 | yc, (9.5-7) 


1—zZy 


represent automorphisms of the interior of the unit circle. They transform 
the circumference into itself. 
Introducing the numbers 


a=eM/1—z252,, B= —azo, 


the transformations appear in the form 


o 
we z+B 


= ieaa’ ai— BR = 1, (9.5-8) 


which are quite similar to the isometric automorphisms (9.3-31) of the 
extended plane. 

It is clear that the automorphisms (9.5-7) or (9.5-8) constitute a 
transitive group. Next we investigate the subgroup of isotropy of all 
automorphisms of the interior of the unit circle with fixed point 
at the point z = 0. If z > f(z) is such an automorphism, then |z| < 1 
entails | f(z)| < 1. But Schwarz’s lemma (section 2.21.1) implies | f(z)| S |zl. 
Since the same argument holds for the inverse automorphism we also 
have |z| < |f(z)|. Hence |z| = [f(a], and then Schwarz’s lemma states 
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that f(z) = ez. Thus we see that the subgroup of isotropy is included in 
the group of transformations (9.5-7) and according to the lemma of 
section 9.3.1 this group is the group of all automorphisms of the interior 
of the unit circle. 

Finally we remark that there are no loxodromic automorphisms of 
the interior of the unit circle. This is a direct consequence of the fact that 
the trace of the matrix of the transformations (9.5-8) is a+4, i.e., real. 


9.5.2 — THE HYPERBOLIC PLANE 


A model of the hyperbolic geometry is obtained if we consider the 
interior points of the unit circle around the origin as “points”. This 
interior is called the hyperbolic plane. The circumference of the unit circle 
shall be denoted by Q. The part of a circle orthogonal to 2 (a diameter 
not being excluded) which is in the interior of Q shall be considered as a 
hyperbolic “straight line”, (fig. 9.5-1). This can be motivated as follows. 
A point within Q is paired with its symmetric point outside. All circles 
through these points constitute a pencil of circles orthogonal to Q. 
Through a point different from the given point there passes just one 
member of the pencil, (section 9.4.3). 


Fig. 9.5-1. The hyperbolic plane is the interior of the circumference 2. 


We have a group of automorphisms of the hyperbolic plane at our 
disposal. This group can be extended with the so-called reflections with 
respect to a hyperbolic line. If C, is a circle cutting Q orthogonally then 
an inversion with respect to C, leaves Q invariant but interchanges the 
regions into which the interior of Q is divided by C,. Such an inversion 
will be called a reflection. The group of automorphisms and reflections 
is taken as the group of congruent transformations. Two configurations 
in the hyperbolic plane are said to be congruent if one can be derived 
from the other by a congruent transformation. Since the congruent 
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transformations constitute a group the relation “congruent” is reflexive, 
symmetric and transitive. 

A hyperbolic line divides the hyperbolic plane into two half planes. 
Hence a point on a hyperbolic line divides this line into two half lines. 
Each half line determines a point on Q, the ideal point of the half line. 

Let A and B denote two points ona hyperbolic line. The first point A 
is the endpoint of a half line passing through B while B is the endpoint of a 
half line passing through A. The intersection of these half lines is called 
the segment with end points A and B. 

With this new concepts it is not difficult to build up that part of the 
Euclidean geometry which is independent of the postulate of parallels. 
As regards the angles we notice that angles equal in Euclidean sense 
are also hyperbolically equal. This is a consequence of the fact that 
byperbolic congruent transformations preserve Euclidean angles. 

For the sake of illustration we prove 

Through a point there passes just one perpendicular on a given line. 

If C is the circle on which the given hyperbolic line lies then there is a 
pencil of circles orthogonal to C, and Q. This pencil is elliptic, its limiting 
points are the ideal points of.the given line. Hence through an arbitrary 
point inside 2 there passes exactly one member of the pencil. 


9.5.3 — PARALLELS AND HYPERPARALLELS 


The Euclidean axioms of parallels state that through a point not ona 
given line there is exactly one line which has no point in common with 
the given line. The situation in hyperbolic geometry is quite different. 
In order to clear this up we assume that the point is the centre O of Q. 
This can always be achieved by a suitable congruent transformation. 
Hence the line does not pass through O and O is exterior to the circle 
on which the hyperbolic line lies. The tangents of this circle at the 
points where it intersects Q pass through O. Now it is easy to see that 
these tangents separate the hyperbolic lines through O and intersect the 
given line from those through O which do not meet this line. The tan- 
gents through O have the ideal points with the line in common, (fig. 
9.5-2). 

Lines of the first category through O are lines which meet the given 
line at a hyperbolic point. The two tangents through O are called parallels. 
They have an ideal point in common with the given line. The lines of the 
third category are called Ayperparallels to the given line. Otherwise 
stated: Two lines which do not intersect and are not parallel are hyper- 
parallel. They have an interesting property which has no counterpartin 
Euclidean geometry. 

Two hyperparallels have exactly one common perpendicular. 
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as 


Fig. 9.5-2. Intersecting line, parallels and a hyperparallel through a point with respect 
to a given line. 


>A ee cee 


Fig. 9.5-3. The three types of pencils of lines. 


This is a direct consequence of the last theorem of section 9.4.3. 
In hyperbolic geometry we may distinguish three types of pencils of 
lines, (fig. 9.5-3): 
1) All lines through a hyperbolic point. 
2) All lines parallel to a given line (tending to the same ideal point). 
3) Ali lines orthogonal to a given line. 
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They are defined by means of the three types of pencils of circles. 

There are also three types of direct congruent transformations, i.e., 
automorphisms of the hyperbolic plane. 

First the elliptic automorphisms. Each has a fixed point in the interior 
of Q. They are called the rotations around their fixed point. 

Secondly the parabolic automorphisms. The fixed point of each is 
necessarily on Q and they are called parallel displacements. 

Thirdly the hyperbolic automorphisms. The fixed points of each are 
on Q and there is just one hyperbolic straight line connecting these fixed 
points. These transformations are called translations and the line men- 
tioned above associated with a translation is called the axis of the trans- 
lation. 

In the Euclidean geometry parallel displacements and translations 
coincide and they have infinitely many axes. 


9.5.4 ~ CYCLES 


By acycle we understand an orthogonal trajectory of a pencil of hyper- 
bolic lines. These lines are called the diameters of the cycle, (fig. 9.5-4). 


Fig. 9.54. Circles in hyperbolic geometry. 
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If the pencil consists of lines passing through a hyperbolic point then 
a cycle associated with it is a hyperbolic circle with this point as its centre. 
A circle in our model is also a circle in the Euclidean sense, but in general 
it has not the same centre. This is only the case for circles around the 
origin. 

If the pencil consists of lines through the same ideal point an associated 
cycle is called a horicycle. It is a Euclidean circle which touches Q. 

All horicycles are congruent. 

First we observe that all horicycles through O are congruent, for they 
are interchanged by a rotation about O. Secondly it is clear that by a 
transformation (9.5-7) any horicycle can be carried into a horicycle 
through O, for we may take zp as a point of the horicycle. 


Fig. 9.5-5. A fundamental arc. 


Finally we have a pencil of straight lines orthogonal to a given line. 
Their orthogonal trajectories are invariant for the translations with this 
line as their axis. They are called Aypercycles with axis the given line. 
The distances of the points of a hypercycle are evidently equal; a hyper- 
cycle is a locus of points equidistant to a given line. 

The cycles have many properties in common. Thus, for instance, 

At a point of a given cycle there is always a tangent perpendicular to 
the diameter through this point. 

If Z) is a point of the cycle we can always perform a transformation 
which brings this point to O. Then the desired tangent corresponds to the 
Euclidean straight line through O which touches the transformed cycle. 

A remarkable figure is a fundamental arc, an arc of a horicycle such 
that the tangent in one end point is parallel to the diameter through the 
other end point, (fig. 9.5-5). It is not difficult to prove that all funda- 
mental arcs are congruent (see e.g. section 9.5.8). 
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9.5.5 — HYPERBOLIC METRIC 


Now we turn to the problem of introducing a measure for angles and 
line segments. 

As regards the measure of an angle there is no difficulty, for we can 
define it as its Euclidean measure. As we know this is an invariant for 
hyperbolic congruent transformations. 

In order to introduce the notion of length we shall need an invariant 
intimately connected to the line on which the segment lies. We observe 
that a segment gives rise to two ideal points and the two end points of 
the segment are associated with a quadruple. In order to avoid ambigui- 
ties we shall make the following agreement. Let z, , z, denote the end points 
of a given segment. By z,,. we denote the ideal point of the half ray issuing 


\ 24 2 / 


Z99 eee 
2 SON wz 1$2 


Ses 


Fig. 9.5-6. The hyperbolic distance of two points. 


from z, and passing through z,, by 2.9 the ideal point of the half ray 
issuing from z, and passing through z,, (fig. 9.5-6). Then, evidently, 
the cross ratio 

719771 » 720771 


(21, 22, Z195 Z29) = (9.5-9) 
219-22 229-22 

is an invariant, (section 9.3.4). We shall prove that it is always greater 

than one. In fact, it is possible to transform the segment in such a way 

that z; =r > 0, z2 =0, 219 = —1, 229 = 1. Then 


(21,225 2195 Z29) = (r, 0, -1, 1) = aa >i. (9.5-10) 


1l-r 
This proves the assertion. 

Next we consider a point z3 on the same line such that z, is between 
Z, and z,. This means that z, is on the half line issuing from z, and point- 
ing to 2,9 and also on the half line issuing from z3 and pointing to Zz. 
An easy calculation shows that 


(215 225 Z19 Za9)(Z2, 23> Z19) Z20) = (21s 235 Z1@s 229). (9.5-11) 
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Since the notion of arc length is to be additive it is natural to define 
the distance between the points z, and z, (or, which amounts to the same, 
the length of the segment between these points) by the formula 


dist (z,, 22) = log (z;, Z2, Z19> Z20)- (9.5-12) 


It follows from (9.5-10) that dist (z,;, z,) > 0. Hence, if z, is between 
Z, and z3 


dist (z,, Z2) < dist (z,, z3). (9.5-13) 


In particular, if in (9.5-9) we let tend z, > z,, the distance increases 
beyond any bound. Thus we may say that the ideal points have an in- 
finite distance to any other point. 

The triangle inequality 


dist (z1, 23) S dist (z,, z,)+dist (z2, 23), (9.5-14) 


holds for the measure defined above, equality occurring only if z, is 
between z, and z3. A direct verification of this inequality is not easy. 
But we may recall that the analogous result in Euclidean geometry can 
be obtained without reference to the axiom of parallels. Hence it must 
also be valid in hyperbolic geometry. (See, however, also section 9.5.8). 

It should be noticed that the expression on the right of (9.5-12) may be 
multiplied by a positive constant without the fundamental properties of 
distance being affected. This is, however, only a matter of scaling and 
not very important. 

It is not very satisfactory that in (9.5-12) the ideal points z,9 and Z29 
occur, for it is not always a simple matter to find them when z, and z, 
are given. There is, however, a possibility to express dist (z,, z2) in terms 
of z,, 22 only. 

Let us consider an automorphism which carries z,, z2 to z}, 23 Tespec- 
tively. According to (9.5-7) we have 


23-21 io 22771 
1—z3zt a 1—2,7, : OF) 
whence 
[23-271 = 122-211 . (9.5-16) 
\t—27z3] 9 1-2, 22 


Thus we have another invariant. In the particular case considered above, 
where z, = r, Z, = 0 this expression turns out to be equal to r and from 
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(9.5-10) we deduce 
1+ |Z, —2Zal 
[L=21Z] 


dist (z,, Z2) = log (9.5-17) 


= [21 —Zal 


jl—z, 2] 


This is the desired formula. 


9.5.6 — THE FORMULA OF LOBATCEVSKY 


In the hyperbolic geometry a point is the endpoint of two half rays 
pointing to the ideal points of an assigned line not through this point. 
The half of the angle between these half rays is called the parallel angle 


Fig. 9.5-7. The parallel angle. 


associated with this point and by elementary geometry it can be shown that 
that it is uniquely determined by the distance of the point from the line. 
Lobattevskij, the founder of hyperbolic geometry, has discovered a 
simple relation between this angle and the distance of the point to the 
line. 

Without loss of generality we may assume that the point coincides 
with O and that the parallels issuing from O are symmetric with respect 
to the positive real axis. Denoting by A the parallel angle it is easily seen 
that the Euclidean distance between O and the given line is, (fig. 9.5-7), 
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Hence 
i+r  cosdA—sinAt+l 


= - =ctn4, 
J—r  cosdA+sinA—-1 


If p denotes the hyperbolic distance from 0, to the line we have in view 
of (9.5-10), 
eP = ltr = ctndA, 
1l-r 


tan 4a(p) =e”. (9.5-18) 


This is the famous formula of LobatCevskij. Alternative expressions are 


or, writing 2(p) for A, 


tan x(p) = ae" 1 
P 1—e"?? sinh p 
—P 
sin x(p) = ae . 
1+e-*? cosh p 
1—e"?? 
cos n(p) = =a; = tanh p 


Thus we see that in hyperbolic geometry there is a coupling between the 
measure of angles and the measure of line segments. 


9.5.7 — THE LINEAR ELEMENT AND THE ELEMENT OF AREA 


Dividing both members of (9.5-17) by |z, —z.| and making z, tend to z,, 
we get 


dist (21,22) _, 2 - (9.5-19) 
|z1—-22| 1—|z,| 


the denominator on the right being positive. It is, therefore, convenient 
to consider 
_ 2\dz| (9.5-20) 


8, = 
1-[z/? 


as the linear element at the point z, in the hyperbolic plane. It is easy to 
verify directly that the expression on the right is a differential invariant 
for hyperbolic motions. It is sufficient to check this for automorphisms. 
Let zg, 25 correspond to Zo, z, then the transformation is 


2"—20 _ gio 2720 (9.5-21) 
1—2"25 1—2zZ) 
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If z moves along a curve z(t) which passes through zg = 2(f)) then by 
dividing by t—ty and if t > fg we get 
dz*/dt _ 9 dz{dt 


1—|z5|? 1—|zo)?” 


the derivatives being evaluated at tf = f9. This proves the assertion. 
According to (9.5-10) and (9.5-12) the hyperbolic distance of a point 
to the origin is 


r, = log —, (9.5-22) 


where r denotes its Euclidean distance. This is equivalent to 
r = tanh fr,. (9.5-23) 


If we represent z by its polar form z = re” an easy calculation shows 
that in Euclidean polar coordinates the formula for the line element 
appears as 

d 2 2 6? 
did EE", 
(1-r*) 


Making use of (9.5-23) an easy calculation shows that the formula for 
the line element in hyperbolic polar coordinates takes the form 


ds? = dr? +sinh? r,,d0?. (9.5-25) 


(9.5-24) 


We shall define the element of hyperbolic area as the product of line 
elements in two orthogonal directions. Taking these as the radial and 
lateral directions we find from (9.5-24) 


_ 4rdrdé (9.5-26) 


which is the area element in Euclidean polar coordinates. From (9.5-25) 
we have 


dA, = sinh r,dr,d0, (9.5-27) 


the element of area in hyperbolic polar coordinates. 


9.5.8 — POINCARE’S MODEL OF THE HYPERBOLIC PLANE 


For many purposes the simple model of the hyperbolic plane discussed 
above is not always convenient. Poincaré has introduced another model 
which can be derived from the model described by the interior of the 
unit circle in a simple way. 

Poincaré’s model, (fig. 9.5-8), is obtained when we apply a transfor- 
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mation which changes the interior of the unit circle in a w-plane into the 
upper half of the z-plane by performing the transformation 


eer (9.528) 
Let z = x+iy. Then 
w|? = x?+(y-1) 
x? -+(y +1)? 


Hence |w| = 1 for y = 0, ie., if z is real, then w is on the circumference. 
If, however y > 0 then |w| < 1. 


Fig. 9.5-8. Poincaré’s model of the hyperbolic plane with straight lines. 


The automorphisms of the upper half plane can be found on applying 
(9.5-28). But it is easier to derive these automorphisms directly. Since 
they leave the real axis invariant they must be 

z+b 
zh AE ad=be = 1, (9.5-29) 
cez+d 


where a, b,c and d are real. In order to show that they are all automorph- 
isms we need only to determine the subgroup of isotropy with a suitably 
chosen point as a fixed point of the group of all automorphisms. In the 
w-plane we consider the automorphisms leaving the origin invariant. 
They are represented by 


w* = ew, 


The origin corresponds to z = i in the z-plane. The inverse of (9.5-28) is 
z=i——. (9.5-30) 


Hence 


em ;itetw = {t+)+(z—ie” 
1-e*w = (z+i)—(z—ie” 
z(e*+1)—i(e®—1) __ z cos $0 +sin 40 
iz(e®-1)+e%41  —zsin}0+cos40’ 
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and these transformations are of the type (9.5-29). The group of auto- 
morphisms can be extended to a group of congruent transformations 
just as in section 9.5.2. 

On applying the transformation (9.5—28) it is not difficult to obtain the 
line element in Poincaré’s model. But we can also proceed in the following 
way. We seek a differential invariant for the transformations (9.529). 
An easy computation yields 


* dz 
Z = 
(cz+dy 
and 
a Z—-Z 
(cz+d)(cZ+d) 
Hence 
dzdz 
|z—z)? 


is an invariant of the desired kind. Thus we may arrive at the following 
result. Putting z = x+iy, we have 

The line element in Poincaré’s model is given by 
dx? + dy? 


2 


y 


ds? = (9.5-31) 
In order to prove this conjecture we verify formula (9.5-12). For the 
line we take a vertical through the origin, ie., the upper half of the 
imaginary axis and on it two points (0, y,), (0, y2). 
The length of the segment with these points as end points is 


[2 = toe” 


Vn y V1 
But 


O-V1 0 Vi — 2 ; 

oO-y, O-y2 Vy 

Thus, we see that (9.5-31) is the right formula. We may connect the points 
yz and y, by a curve x = x(t), y = y(t) with x(t,) = x(t.) = 0, (ty) 
= V1, V(t2) = yz. If this curve does not coincide with the vertical axis 
then its arc length is 


pe a> [2 ” dy 
t1 y yi y 


(1, V2» Vie» Yaa) = 


This is essentially the triangle inequality. 
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The element of area is 


dxdy 
dA, = —>. (9.5-32) 
For the sake of illustration we wish to make the following application. 
We consider a horicycle. A standard form for it is a line parallel to the 


Fig. 9.5-9. Area of a sector of a horicycle. 


Fig. 9.5-10. The fundamental arc in Poincaré’s model. 


real axis, (fig. 9.5-9), for this is orthogonal to all vertical lines, Assume 
that an arc between the points (0, 5) and (a, b) is taken. Its length is 


[¢-¢ 
ob b 


The area of the sector of this horicycle is the hyperbolic area of the half 
strip above the segment and is equal to 


eee 
y b 


b 
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Hence 

The area of a sector of a horicycle is equal to the length of its bounding arc. 

A particular case arises when 6 = a. Then the tangent at one of the 
end points is parallel to the diameter through the other end point, i.e., 
the arc is a fundamental arc (fig. 9.5-10). Thus (section 9.5.4) 

The length of a fundamental arc is unity. 


9.5.9 - THE AREA OF A TRIANGLE 


The problem of finding the area of an arbitrary triangle can be solved 
easily if we know the solution for a particular case. We consider a 


YY 
YU Wy 


Vf ff 
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Fig, 9.5-11. Area of a doubly asymptotic triangle. 


so-called doubly asymptotic triangle, a triangle having two ideal ver- 
tices. Notwithstanding the fact that two vertices are on infinite distance 
of the third, the triangle still has a finite area. This may be seen in the 
following way. We make use of Poincaré’s model and take the triangle in 
the standard form as shown in fig. 9.5-11. Let « denote the interior angle 
at the finite vertex. By a suitable transformation we may suppose that one 


side is on the unit circle around the origin and that the point z = —1 
is one of the ideal vertices. The area is 
COS & foe) d cos & dx 
i ax | ms = ——— 
a wien Jay f/1=x? (9.5-33) 


| COS & 


= (42—arccos x) = 1-4 


In particular we have a trebly asymptotic triangle if « = 0. Thus 
The area of a trebly asymptotic triangle is finite and equal to 7. 


9.6] ELLIPTIC AND ABSOLUTE GEOMETRY 53 


It appears that all trebly asymptotic triangles have the same area. This 
is in accordance with the fact that all triangles of this kind are congruent. 

Consider next a triangle ABC with interior angles «, B, y respectively. 
Let Cg denote the ideal point of the half ray AB, Ay that of BC and By 
that of CA, (fig. 9.5-12). Then 


AABC + AABg Cot ABCg Ag+ ACAg Bo = AAgBoCo. 


Fig. 9.5-12. Area of a triangle in the hyperbolic plane. 


Since the interior angles of the doubly asymptotic triangles are x—«, 
x—BP and x—y respectively, we find, denoting the area of AABC by A 


A=n—-(a+B+y). (9.5-33) 


The number on the right is called the defect of the triangle. Hence 
The area of a triangle is equal to its defect. 
In addition we have found that in hyperbolic geometry the sum of 
the angles of a triangle is less than z. 


9.6 — Elliptic and absolute geometry 


9.6.1 ~ ELLIPTIC GEOMETRY 


There is another approach to non-Euclidean geometry which consists 
in considering the extended plane endowed with the metric of the complex 
sphere. In this case it is natural to take the stereographic projections of the 
large circles on the sphere as “straight” lines. They become circles (or 
straight lines) which cut the unit circle diametrally. If we retain the whole 
extended plane there would be the difficulty that two lines always have 
two points in common, viz. the images of two diametral points on 
the sphere. We can eliminate this difficulty by identifying the points 
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which are images of diametral points on the sphere. Thus we obtain a 
model of the so-called elliptic plane. In space it is the surface of the unit 
sphere with identified diametral points. In the extended plane we may take 
for it the points of the interior of the unit circle completed with the 
circumference on which diametral points are identified, (fig. 9.6-1). 


Fig. 9.6-1. Model of the elliptic plane with straight lines. 


It is clear that in elliptic geometry there are no parallels. The group of 
congruent transformations is provided by the isometric homeomorphisms 
of the extended plane completed with reflections with respect to the elliptic 
lines. 

Let us represent the points of the complex sphere by 


&€ =cos@sin & 
= sin g sin 9, (9.6-1) 
C= cos 9. 


Then the corresponding point in the z-plane is (see 1.1-10) 


Bote E+in = sin $ 


e'? = e tan 49, (9.6-2) 
1+¢ 1+cos 
The line element on the sphere is 
ds” = sin?9dp? +d9?. (9.6-3) 


An easy calculation shows 


dzdz = tan?49dp? +4 sec*49d9? 
and 
1+2z = 1+tan?49 = sec?49. 
Hence 
The line element in the elliptic plane may be taken as 
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2 21 2 492 
= ee: ;= Pais eee z = re’®, (9.6-4). 
(1+]21°) (i+r’) 


Next we evaluate the elliptic distance of a point z to the origin. From 
(9.6-4) we deduce 


f= 2 aide = 2 arctanr, 
ol+p 
hence 
r = tan 4r,. (9.6-5) 


Comparing this with (9.6-2) we see that r, = 9. 


Fig. 9.6-2. Area of a 1-gon in the elliptic plane. 


We can also relate the elliptic distance with the chordal distance, for it 

is clear from the result just obtained that 
x(21 ? 22) = 2 sin aes (9.6-6) 
where r, is the elliptic distance between z, and z,. In particular, when 
X(21, 22) = 2, ie., when z, and z, are diametral, then r, = 2. Thus 


All elliptic straight lines have the finite length nx. 
Inserting (9.6-5) into (9.6-4) we obtain 


ds? = dr2+sin*r,d0?. (9.6-6) 

The surface element is 
dA, = sinr,dr,d0. (9.6-7) 
It is now possible to develop elliptic geometry along the same lines as 
hyperbolic geometry. The similarity between the pertinent formulas is 

striking. 

The problem of finding the area of a triangle in elliptic geometry is solved 
very easily. First we consider a part of the elliptic plane inclosed by 
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two straight lines. By a suitable transformation we may assume that the 
common point coincides with the origin, (fig. 9.6-2). Let « denote the 
interior angle. The area is 


| ao{ sinr,dr, = 2a. 
o Jo 


If « = x the figure covers the whole elliptic plane. Hence 
The area of the elliptic plane is the finite number 2n. 


Fig. 9.6-3. The area of a triangle in the elliptic plane. 


Given an arbitrary triangle we can complete it to a figure considered 
above in three ways, (fig. 9.6-3). The triangle together with the added 
regions fill the whole plane completely. Denoting the complements 
Az, 4g, A, respectively, we have 


2n = A+A,+A,t+A4, 
= A+A,+4,+4+4,+4—-24 
= 244+ 2B+2y—24, 
whence 
A=oat+fP+y—nz. (9.6-8) 


The number on the right is called the excess of the triangle. Hence 

The area of a triangle is equal to its excess. 

In addition we have found that in elliptic geometry the sum of the 
angles of a triangle exceeds z. 


9.6.2 — ABSOLUTE GEOMETRY 


The striking similarity between the hyperbolic and elliptic metric 
suggests the idea of investigating a more general geometry which 
includes the above mentioned systems as special cases. It is natural to 
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consider a geometric model which arises from the Mobius plone ty 
identifying two points which satisfy a relation 


Kz,2,+1 =0. (9.6-9) 


Here K is an arbitrary, but fixed, real number. By “straight” lines we 
understand circles passing through points related by (9.6-9). The trans- 
formations 

b ns 
we Ue es RP KER = 1, (9.6-10) 
~—Kbz+a 


completed with the reflections with respect to straight lines constitute 
the group of congruent transformations. A geometric system defined 
in this way will be called absolute geometry. 

We introduce a metric by means of the line element 


5 4dz dz dr? +r’ do? ‘4 
ae (1+ K|z|?)? * (1+ Kr?) renee are 


a 


The distance r, of a point z to the origin is then 


ry = 24° — gr = oe arctan r/K, (9.6-12) 
o1+Kr°  /K 
and an alternative form of the line element is 
1 
ds? = dr? + : sin?(r4,/K)d0?. (9.6-13) 
The element of area takes the form 
dA, = ia sin (r,./K)dr,d0. (9.6-14) 
“f 


The formulas listed in this section change into those of elliptic geometry 
if K = 1 and of hyperbolic geometry if K = —1. In general we must 
distinguish between the cases K > 0 and K <0. All geometries with 
K > 0 do not differ essentially of elliptic geometry. It is only a matter of 
scaling. The same can be said about the case K < 0. In order to interpret 
the parameter K we recall that on a sphere of radius R the circumference 
of a circle with spherical radius 9 is 


. 9 = 
2nR sin 9 = 2nRsin~ = ~~ sin (r./K), (9.6-15) 
R JK 
where r is the length of the spherical radius and K = 1/R? the Gaussian 


curvature of the sphere. From (9.6-13) we obtain for the length of the 
circumference of a circle in absolute geometry with (absolute) 
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radius r, 
2 7 — 

= sin (r4/K). (9.6-16) 
VK 


By this reason the number K is called the curvature of the absolute plane. 


9.6.3 — THE AREA OF A TRIANGLE 
As regards the area of a triangle we may expect the general formula 
KA = a+B+y—n. (9.6-17) 


It is not satisfactory that for K = 1 and K = —1 this formula is obtained 
by essentially different methods. In the hyperbolic case we made use 
of the theory of parallels and in the elliptic case of the fact that the area 
of the whole elliptic plane is finite. 

It is possible, however, to give a proof without an appeal to the theory 
of parallels, that is, by an absolute method. To this end we make use of 
the principles of the calculus of variations. 

In the absolute plane we consider a curve given by 


T= r(t), = A(t). (9.6-18) 
The arc length between the points t, and f, is, according to (9.613), 


aR a 
Sq -{ / 724 — sin? (ra/K)67 dt = { 3,dt, (9.6-19) 
ty K ty 
where the dots represent differentiation with respect to t. We consider 
the variational problem 
5s, = 0, (9.6-20) 


end points being fixed. The Euler equations are 


Ae A & Ae Ae 
en (9.6-21) 
dt OF, Or, dt 66 = a0 


where §, is considered as a function of the independent variables r,, 6, 
r,, 6. Performing the differentiation we get 


d fF, 1 sin (r4,/K) cos (iS) 6? =0 da eels 6) =0 


dt 3, JK 5, at i, / 
(9.6-22) 


The extremals of this variational problem are called geodesics. They 
satisfy a system of ordinary differential equations of the second order and, 
consequently, through a point there passes exactly one geodesic which 
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has a prescribed direction there. If we have verified that the straight lines are 
solutions of (9.6-22), then we may infer that the straight lines are the 
geodesics. We may restrict ourselves to lines through the origin. Then, 
however, 6 = 0 and r, = Sq, i.€., 7, = 84. It is clear that the Eulerian 
equations are trivially satisfied. 


Fig. 9.6—-4. The angle y. 


It is our aim to characterize the geodesics in a more manageable form. 
To this end we introduce the angle w between the radius vector and the 
tangent at a given point, (fig. 9.6-4). If we exclude the case of a geodesic 
through the origin we may take the angle @ as parameter instead of f. 
It is well-known that 

tany =", (9.6-23) 
r 


where r is the Euclidean distance of the point under consideration from 
the origin. It follows that 


cosy = di =~ (9.6-24) 
3 


sin = ye = a sin (ra/K) 6, (9.6-25) 


Sq 


if we agree to take §, > O andO<S - < x. In view of (9.6-24) and the 
first equation (9.6-22) we have 


dy _ 3} sin (TeV K) cos (reVK) g 
do /K 3, 


and comparing this with (9.6-25) we get 


—sin wy 


. cos (r_./K). (9.6-26) 


iG 
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Now it is an easy matter to derive the formula for the area of a triangle 
in absolute geometry. Assume that the vertex C is at the origin. Along 


the side AB the radius vector is a function of 9. At A the value of w is 
n—a and at Bits value is B, (fig. 9.6-5). Hence, according to (9.6-14) 


17 Fa = 1” = 
A= val, sin (p./K)dp = x] (eos (ra,/K))d0 


ts : (r+ f" ay) as = (+ 8+7-2), 


Fig. 9.6-5. The area of a triangle in absolute geometry. 


In the foregoing considerations we tacitly assumed K # 0. But a 
geometry with K = 0 also makes sense. Now (9.6-9) expresses that every 
finite point of the plane must be paired with the point at infinity and 
then the straight lines are the ordinary straight lines of Euclidean 
geometry. In fact, this parabolic geometry is the same as Euclidean 
geometry and by passage to the limit K—~0O we obtain the usual 
formulas. The parabolic metric differs from the original Euclidean 
metric only by a scaling factor. Thus, for instance the parabolic distance 


Fig. 9.6-6. Proof of (9.6-17) for the case K = 0. 
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to the origin is related to the original Euclidean distance by the equation 


_ tan dr,./K 
lim tan $(raV K) 
K-70 JK 

where we have written r, instead of r,. 


The proof of (9.6-17) for the case K = 0 is very easy. The formula 
(9.6-26) takes the form 


r= = 4r,, 


eis 
dé 
hence +6 is constant, (fig. 9.6-6). At the point 4 we have W) = x—a, 


6=0, hence y+0 = xn—«a. At Bwe have fy = B, 0 = 7; it follows that 
B+y = a-«& or a+B+y = x. This concludes the proof. 


9.7 — Blaschke’s theorems 


9.7.1 — EXTENSION OF THE IDENTITY PRINCIPLE 


The identity principle stated in section 2.11.2 may be formulated in the 
following way. Let 
a er (9.7-1) 


denote a sequence of points within a certain region Rt converging to a 
point a of the region. If these points are the zeros of a holomorphic 
function, then this function is identically zero throughout ®. 

This assertion is not necessarily true if ap is a point of the boundary of 
the region. Consider e.g. the function 


sin : F (9.7-2) 
1—z 


This function is holomorphic in the interior of the unit circle and it has 
infinitely many zeros, e.g., 
1 
1—-—, n=1,2,... (9.7-3) 
nt 
These tend to the point z = 1 on the boundary. 

It is our aim to investigate whether there are restrictive conditions for 
(9.7-1) in order to make the identity principle valid in the case that the 
sequence tends to a point of the boundary. We confine ourselves to the 
case that the region is the interior of the unit circle. To this end we intro- 
duce the mapping 


w= ee lal, lal <1, (9.7-4) 


—Za 
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which, in accordance with (9.5-7), represents an automorphism of the 
interior of the unit circle and as an automorphism of the extended plane 
leaves the circumference [z| = 1 invariant. This fact may be verified 
directly, for if zz = 1 then 


la—z| — fz—al _ 1 [z-al © 


[1—za] |zZ—za] [zi |z—al 


The expression on the right of (9.7-4) is called a Blaschke factor. 

Let now f(z) denote a function holomorphic within the unit circle 
and having infinitely many zeros. If this function does not vanish identi- 
cally its zeros have no accumulation point in the unit circle and, therefore, 
constitute an enumerable set. We may arrange them in order of increasing 
moduli, multiple zeros being repeated as many times as their multiplicity 
indicates. In addition we assume that the function is bounded. Without loss 
of generality we may suppose that | f(z)| < 1, forif|f(z)| < M/ we consider 
the function f(z)/M. 

Let (9.7-1) represent the sequence of zeros of f(z). If z = 0 is a zero 
of multiplicity k, we consider the function z~*f(z), that is to say, the 
numbers (9.7-1) are all different from zero. 

Continuing we consider the functions 


n 


9x(z) = TJ 


yet 1—za, 


Iria) n= 1,2... (9.7-5) 


The expressions on the right are Blaschke factors. Hence every g,(z) is 
holomorphic throughout the interior of the unit circle and |g,(z)| = 1, 
if [z| = 1. 

Let e denote an arbitrary positive number and keep a fixed. Since 
gn{Z) is uniformly continuous on the disc |z| S 1, we can find a circle 
C, about the origin inside |z} = 1 such that |g,(z)| > 1—é for z on the 
circumference of C,, provided the radius of C, is sufficiently close to 1. 
On the other hand we have |f(z)| < 1. Hence, for the same values of z 


<-—— (9.7-6) 


and, as a consequence of the maximum principle of section 2.13.3, this 
equation holds also inside C,. Since ¢ is arbitrary, we even have 


<1 (9.7-7) 


In 


for all z within the unit circle. Equality is only possible if f/g, is a 
constant, (section 2.13.3). Taking z = 0, we get 


19,1 2 1/1, 
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whence 


0 < [FO S la(0)l = [last <1. (9.7-8) 


Since this result is valid for every integer n, we may infer that the infinite 
product of the absolute values of the zeros of f(z) is convergent. 

In view of the theorem of section 4.1.2 (applied to the case that all 
factors are positive) we have the equivalent statement: 

The series 


¥ (lay) (9.7-9) 


is convergent. 

Now we may state an extension of the identity principle in the following 
form: 

A function f(z), holomorphic and bounded in the region |z| < 1 which 
vanishes at the points of a sequence (9.7-1) such that the series (9.7-9) 
is divergent, vanishes identically throughout the region. 

The example (9.7-2) considered above does not contradict this asser- 
tion, though the series 
1 


1 VI 


iMs 


is divergent. The function, however, is not bounded, for z = 1 is an essen- 
tial singularity. 
The theorem proved in this section is due to W. Blaschke. 


9.7.2 — CANONICAL REPRESENTATION 


The infinite product 
hima) )=T1 5 Its ig la,| (9.7-10) 


no v= za, 


deserves a closer consideration. Let us write 


1+f,(z) = ame gle a,|, n=1,2,.., 
—za 
where a,, a,..., are defined as in the previous section. If a, = |a, ei", 
then 
f,(2) = Weal Ds 28), 


1-4,z 
Assume now that |z| S r < 1. Taking into account (1.1-9) we readily find 


(2) $ (L-lay)) * 
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ie., the series 2°. ,[f,(z)| is dominated by the series (9.7-9). If this series 
is convergent then the series °°. , f,(z) is uniformly convergent on every 
disc |z2] <r <1 and hence (9.7-10) represents a function g(z), holo- 
morphic throughout the region |r| < 1. From (9.7-7) we deduce that 


Fle, 
Gul 


> 


lg noo 
provided that f(z) does not vanish at the origin. If, however, f has a zero 
of multiplicity k there, then 
zf@)| 
g(z) 
The function f/z*g has no zeros within the unit circle. It may, therefore, 


be represented as exp G(z), with Re G(z) S 0, (section 9.1.4). Thus we find 
the following canonical representation for f(z) 


1- ed 


f(z) = 2e&) Tl 


ReG(z) <0. (9.711) 


which exhibits all zeros of f(z). 


9.7.3 — AN EXTENSION OF VITALI’S THEOREM 


The identity principle in the version of section 9.7.1 gives rise to an 
extension of Vitali’s theorem also due to Blaschke. 
Let the functions of the sequence 


F(z), -F,(z),.-- (9.7-12) 


be holomorphic throughout the region |z| < 1 and uniformly bounded. 
The sequence has a finite limit at the points of a subset (9.7-1) which is 
such that the series (9.7-9) is divergent. Under these assumptions the 
sequence (9.7-12) is convergent throughout the interior of the unit circle 
and uniformly convergent on every closed subset of this interior. 

In view of Vitali’s theorem (section 2.22.1) it is sufficient to show that 
the sequence (9.7-12) is convergent at an arbitrary point within the unit 
circle. Suppose that the series is not convergent at a certain point Zo. 
Then the sequence Fo(2Z9), F,(Zo), .. ., bas at least two different accumu- 
lation points b, and b,. Then there is a subsequence Fi9(Zo), Fi1(Zo)s 
F\2(Zo), ... tending to 5, and a subsequence F9(Zo), Fo1 (Zo), F22(Zo)s «+s 
tending to b,. In view of the theorem of section 2.22.2 we can select from 
the sequence Fy o(z), Fi1(z), Fi2(z), ... a subsequence f,o(z), fi1(Z), + - + 
converging to a holomorphic function f(z), and from the sequence 
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Fy9(z), F21(2z), F22(z), ..., a subsequence foo(Z), foi(Z),.--, converging 
to a holomorphic function f,(z). In particular f,(Zo) = 51, fo(Zo) = 43. 
Since the given sequence (9.7-12) is convergent at each of the points 
Q,,4),..., the same is true for the subsequences and hence f(z) ~—/,(z) 
vanishes at all these points. From the identity principle of section 9.7.1 
follows that f,(z) =/,(z) identically, i.e., by = b,. Thus we arrived at a 
contradiction and we may conclude that (9.7—12) is convergent throughout 
the interior of the unit circle. 


9.8 ~ Schwarz’s lemma 


9.8.1 — JENSEN’S LEMMA 


Using simple geometry we may give various extensions of Schwarz’s 
lemma. First we shall make an application of formula (9.7-11). We retain 
the assumptions of sections 9.7.1. 

Let H(r) denote the maximum of exp G(z) on a circle of radius r < 1, 
Then for any z on this circle 


U@ls Hoty] 2a, (9.8-1) 
vel |l—za,| 
The ratio 
eal tal <1, (9.8-2) 
|z-1/a| 


represents the ratio of the distances of the point z to the points a and 
1/@ respectively. If z describes the circle of radius r this ratio attains its 
maximum at z) on the half ray opposite the one passing through a, 
(fig. 9.8-1). 

In order to prove this we denote the points a and 1/a@ by A and B 
respectively. We assume that the point z, denoted by P, inside the unit 
circle is not on the line AB. Through P passes an Apollonian circle with 
respect to A and B. Its centre O’ is between O and A. If Po is the point Zo, 
then P,O’ = P»O+00' = PO+00' > PO’ and it follows that the 
Apollonian circle through P cuts the line AB in a point @ between Py and 
O. The assertion follows from Py) A/P)B = (P9Q+QA)/(PoQ+Q8) 
> QA/QB = PA/PB. 

The value of the maximum of (9.8-2) is 


r+la| 
r+1/la|’ 


evidently < I. Hence 


Vl s HOT at (9.8-3) 
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and, on account of the maximum principle, this is true for all z within 
the circle |zZ| = r < 1. Retaining only the first A zeros and omitting 
H(r) (which is S$ 1), we obtain the less strong, however more manageable 
form 


If(2)| S |zl* q ae | lz; Sr<t. (9.8-4) 


Fig. 9.8-1. Determination of the maximum of (9.8~1) for [z| = constant. 


This is Jensen’s lemma. In the case that k = 1 we obtain Schwarz’s lemma 
by omitting the product on the right. 


9.8.2 — INVARIANT STATEMENT OF SCHWARZ’S LEMMA 


In the original statement of Schwarz’s lemma we assumed that f(0) = 0. 
It follows that |f(z)| S |z| and, moreover, from (2.21-5) |f’(0)| S 1 
Equality can occur only if |f(z)| = |zI. 

Now we omit the condition that f(0) = 0. Denoting by zg any point 
within the unit circle we may apply the transformations 


Pies Z—Zo oe f(z) —f (Zo) 


; ee (9.8-5) 
1—2Z 1—f(z) flo) 
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The function w(z*) obtained by eliminating z satisfies the conditions of 
Schwarz’s lemma, hence 


Iw| S |2*I, 
or 
S)=Sle) | le-zal_ oe 
1—f(z)f(Zo) |1—zZo| 
Differentiating w(z*) with respect to z, we get 
dw 1-2 9Zo = 1~f (20) f@o) ‘(z). 
dz* (1-22)? (1 —f(z) flo) 
If z = zp then z* = 0. Hence |dw/dz*| < 1 at z = 2, ie., 
: 1-If(z)|? 
(coy EM eg <1. (9.8-7) 
1—|Zo| 


In these more general cases equality can only occur if f(z) is an auto- 
morphism of the unit circle. 

A very interesting formulation of Schwarz’s lemma in its more general 
form is based on the notion of hyperbolic distance. Observing that 


is an increasing function of rif0 < r < 1, the inequality (9.8-6) expresses 
that (taking into account (9.5-17)) 


dist (f(z), f(Zo)) S dist (zo, z). 


Now we may enunciate Schwarz’s lemma in the following geometric 
form due to G. Pick. 

If f(z) is holomorphic within the circle \z\| < 1 and such that |f(z)| < 1 
and if Z,, 2, denote any two points inside the unit circle then, measuring 
the distances in the hyperbolic metric, 


dist (f(21), f(22)) S dist (21, 2). (9.8-8) 


Equality can occur only if f(z) is an automorphism of the interior of the 
unit circle. 

An alternative statement is 

If Zy and f(Zo) are the hyperbolic centres of two circles having the same 
hyperbolic radius, then to a point z inside the first circle corresponds a 
point f(z) inside the second circle. If z is on the circumference of the first 
circle then f(z) is in the interior or on the circumference of the second circle. 
If it is also on the circumference of the second circle for a certain value 
of z then z is on the circumference of the first circle and for every value of Z 
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on this circumference the point f(z) is on the second circumference. In this 
case f(z) is an automorphism of the interior of the unit circle. 

This result enables us to obtain a remarkable inequality. Let z denote 
an arbitrary point within the unit circle and C a hyperbolic circle around 
(0) with radius dist (0,2). If d denotes the smallest Euclidean distance 
of C to the circumference |z| = 1, we have evidently 


(0, Iz|, I, —l am (fO)|, 1—d, I, —1) 
whence 
1—[f(0)| 2-d _ 1+I2| 
1+/f)| 4 1—|z| 


Since f(z) is within or on the boundary of C we have 


1-|f(z)| 2 d. 
Solving for d from (9.8-9) we obtain 


(9.8-9) 


1—|f(0)| 


1—|f(z)| 2 (i-lzl) 1+(zIIf(0)f 


or, since |z| < 1, |f(0)| = 0, 


1-If(@)I , 1-1fO) (9.8-10) 
1-|z] ~~ 1+1f(0)| 


In the case that f(0) = 0 this reduces to Schwarz’s lemma. 


9.8.3 ~ JULIA’S THEOREM 


Consider two hyperbolic circles C and C’, with hyperbolic centres 
1—u and 1—w’' on the real axis (u < 1, u’ < 1) and equal hyperbolic 
radii. Let the first circle cut the real axis ina point x < 1—wand the second 
in a point x’ < 1—u’. The equality of radii is expressed by 


(x, l—u, 1, -1) = (’, 1-u’, 1, -1) (9.8-11) 
which is equivalent to 


1—x'  (2—w)u!, 1—x 


i (9.8-12) 

14+x’ (2-u')u 1+x 
Consider next two sequences of such circles Cy, C,,... and Cj, C3, 
.-, centred at l—u,, l1—u,,...and1—u',, l1—u},... respectively, such 


that for each n the circles C, and C; have equal hyperbolic radii. In 
addition we make the assumption 
limu, =limu, =0, lim “* =a, (9.8-13) 


ata n> oo no u, 
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where « is finite, and all circles C,, » = 1,2,... pass through the same 
point x on the real axis. Then the circles Cj pass through the points x), 
determined by 

1—x,  (2—u,)u, 1—x 


1+x, (2-uj)ju, 14x , 


(9.8-14) 


Making n > 00 we see that the circles of each sequence tend to horicycles 
Cy and Co, passing through z = | and the points xand x’ respectively, 
where x’ depends on x according to 


=a, (9.8-15) 


If r and r’ denote the Euclidean radii of Cy and Cy, then x = 1—2r, 
x’ = 1—2r’ and by (9.8-15) 


’ ar 


nr (9.8-16) 


Now let f(z) be a holomorphic function in the interior of the unit circle, 
such that |f(z)| < 1. Suppose that there is a sequence of numbers z,, 
Z2,..., such that 


limz,=1, limf(z,) =1 (9.8-17) 
nwo no 
and 
tim SVG (9.8-18) 
noo 1 oo) z,| 


where « is finite. It follows from (9.8-10) that 


1—|f(0)| > 0. (9.8-19) 
1+|f(0)| 


Introducing the numbers u, = 1—|z,|, wu, = 1-IfG,)|, n = 1, 2,..., 
we may construct the circles C,, C/ considered above. They tend to hori- 
cycles Co and Cy, with z = 1 as anideal point. We might also construct 
circles C,, C; with equal hyperbolic radii about the points z,, f(Z,)- 
These are obtained from those constructed before by a rotation around 
the origin. But since by (9.8-17) the angles of rotation tend to zero as 
n — oo, the new circles tend to the same horicycles Cy and Co. 

Let z lie inside Cy. From a certain index upwards it lies within C,. 
Hence f(z,) lies within C; and, therefore, within Cy. Thus we have Julia’s 
theorem: 

If there exist sequences z,, Z,,... and f(z;), f(z2),... tending simul- 
taneously to +1 under the condition (9.8-18) and if f(z) is inside a hori- 


a 


INV 
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cycle Cy touching \z| = 1 at z = 1, then f(z) is inside a horicycle CG 
which is the image of Cy under the tranformation 
1-z 


=a : a> 0. (9.8-20) 
1+2z’' 1+z 


1-z 


In addition we may assert that if z is on the boundary of Cy, then f(z) is 
inside or on the boundary of C4 and in the latter case f(z) is an automorphism 
of the interior of the unit circle. 


Fig. 9.8-2. The shortest distants between two horicycles. 


The last part of this theorem deserves still a proof, which is not trivial. 
To this end we observe that two horicycles having the same ideal point 
intersect equal hyperbolic segments on the diameters. This is at once 
clear by considering the Poincaré model for horicycles having their ideal 
point at z = 0, (fig. 9.8-2). It is also seen that this segment represents 
the shortest distance between two points on the horicycles. In fact, let 
Co be inside Cy, A on Co and A’ on Cz such that 4A’ is a common dia- 
meter. If any other hyperbolic line through A intersects Cg in B then the 
hyperbolic circle about A through B has 4’ in its interior. Hence 
dist (A, B) > dist (A, A’). 

Assume now that zy is a point on Cy such that f(z9) is on CG, (fig. 9.8-3). 
Let C$ denote a horicycle within Cy and C3’, its image under the 
transformation (9.8-20). Through zg passes a diameter of Cy which cuts 
C4 in zg. By the first part of Julia’s theorem f(z*) is on or within C2’. 
Now dist (z,z$) is equal to the shortest distance between f(z) and the 
points of Cj. Hence 


dist (zp, zo) S dist (f(z), f(z6))- 
But from (9.8-8) follows 
dist (zo, 23) = dist (f(zo),f(z8))- 
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Hence equality occurs and f(z) is an automorphism. This entails that for 
every Z on Cy the point f(z) is also on Cj. 


eas 


Fig. 9.8-4. Geometric proof of (9.8-21). 


By two rotations we can extend the theorem to the case that z, and 
F(Z,), n = 1,2,..., tend simultaneously to two arbitrary points on the 
circumference of the unit circle. 
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From Julia’s theorem an interesting inequality follows, which can be 
derived by geometric arguments. In fig. (9.8-4) we see that 


If P, P’ denote the points z, f(z) then according to Julia’s theorem 
BE ea 


PB tex 


In view of (9.8-20) we have 


La Le 
P'B PB 
But 
AP AP? AP? __|t~z/? 


PB AP-PB. CP*PD 1-{z/? 
and a similar expression for, AP’/P’B in terms of f(z). Thus we obtain 
the inequality 
a 2 _ {2 
[=f @ <li i (9.8-21) 
1—|f(2)| i-|z| 
Finally we wish to mention that Julia has also established a similar 

theorem for hypercycles. 


9.8.4 — A CONVERSE OF JULIA’S THEOREM 


The following theorem is a converse of Julia’s theorem 

Let f(z) be holomorphic and of modulus <1 throughout the region 
|z| < 1. If the inequality (9.8-21) is satisfied at every point of this region 
for a certain positive number «, then it is possible to find a sequence 2Z, 
tending to | such that f(z,) also tends to 1 as n > © and that 


has a limit not exceeding «. 

Let us take z on the real axis at x and construct a horicycle Cy including 
x passing through the ideal point z = 1 with radius r. The inequality 
(9.8-21) expresses that f(x) is on or in a horicycle Cj with ideal point at 
z = 1 and of Euclidean radius r’ given by (9.8-16): 


; ar 
r= —____., 
1—(1—a)r 
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It follows that 
2ar 


j1—f(x)| S$ 2r’ = 1=G=0r 


Since 1—x = 2r we have 


1-1f@) CNS) 
ton PV ix. hea 


Making x > 1 (which amounts to r > 0) we get 


—If(x . 1—f(x 
lim sup I-lJ (x)! = lim sup =F)! < a. 
xd l-x x>l —x 
Let now x, denote a sequence tending to 1. By the previous result the 
upper limit of 
1=[ fxn) 


1-x, 
will not exceed x, hence [1 —/(x,)| tends to zero and f(x,) to 1. Again, if 


lim sup 1—|f(%»)| =f 
noo nad Xn 
then B S «. It is possible to find a subsequence x,, such that f(x,,) tends 
to 1 and : 


1-x,, 


to B. This proves the theorem. 


9.9 — The theorem of Bloch 


9.9.1 — STATEMENT OF BLOCH’S THEOREM 


Let © denote the family of all functions f(z) holomorphic in the open 
unit disc |z}| < 1 and normalized by the condition f’(0) = 1. By the Bloch 
number B, of a function f of this family is meant the least upper bound of 
the set of positive numbers r such that there exists a subregion ‘i of 
|z| < 1 that f maps univalently onto an open disc of radius r. The Bloch 
constant is defined as 


B = inf By, (9.9-1) 


where the greatest lower bound, indicated by “inf”, is taken with respect 
to the functions of the family ©. 

A famous theorem discovered by A.Bloch states 

The constant B is positive. 
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The remarkable feature of this theorem is that despite the vastness of 
the family © there is an absolute positive constant B and an open disc of 
radius 2 B which is the one-to-one image of a subregion of |z| < 1 under 
a mapping w = f(z). The exact value of B is unknown. 

An interesting and important application of Bloch’s theorem is an 
“elementary” proof of Picard’s theorem, already stated in section 6.11.1. 
The original proof of this theorem was based on the elliptic modular 
function and we shall discuss it in paragraph 14.4. Proofs avoiding the use 
of the modular function are considered as elementary (which is not 
synonymous with easy!). The shortest elementary proof of Picard’s 
theorem is due to E. Landau, who observed that Bloch’s theorem is not 
needed in its sharpest form, but that a weaker statement suffices. 

To this end we introduce the Landau number L, of a function of ®, 
being the least upper bound of the set of positive numbers r such that the 
image of |z| < 1 contains an open disc of radius r. The Landau constant 
is the number 


L = inf Ly. (9.9-2) 
It is clear that By < L, and so B < L. We shall prove that L = 1/16. 


9.9.2 — THE BLOCH-LANDAU THEOREM 


We start with the following lemma. 

Let ~(z) be holomorphic in the disc \z| < R, R > 0. We assume that 
@(0) = 0, |~’(0)| = p > 0 and |9’(z)| < M throughout the disc. If c is a 
number not taken by (z) for |z| < R, then 


Rp’ 
cl =. 9.9-3 
lel 2 9 ( ) 


From Darboux’s inequality (2.4-17) applied to 


o(2) = | “oOMt, 


the path of integration being a rectilinear segment connecting 0 and z, 
|z| < R, we deduce 


\p(z)| S M|z| < MR. (9.9-4) 
By assumption c # 0, Hence 1—¢(z)/e is holomorphic in |z| < R with 


no Zero. In view of the monodromy theorem of section 9.1.4 we may infer 
that there is a function 


W{z) = 1-024 ts, 
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holomorphic in |z| < R such that 


Ve sist ae ere Oe 
c Cc 
From (9.9-4) we deduce 
W(z)| < 1+ ue lz] < R. (9.9-5) 
c 


If 0 <r < R we have by Parseval’s theorem (2.18-5) 


, 2 2n 
1+ le) P< =| Ww(re®)2d0 < 14 MR, 
4c 2nJo c 
whence 
21,¢ 2 2,2 
fee ee 
4MR 4MR 


Since we can take r as near R as we please, we finally have 


2 
lef = RP, 


as asserted. 
Now we can prove the Bloch-Landau theorem which states 
If g(z) is holomorphic in the disc |z| < 1 and if g’(0) = 1, then the 
image of the disc as given by g(z) covers a circular disc of radius 1/16. 
We set 


M(s) = max|g’(z), OSsSr<1, r>O0. 


Iz| Ss 
It is clear that the function 
H(s) = sM(r—s) 


is continuous, takes the value 0 at s = 0 and the value r at s =r. Hence 
there is a least value of s, say 2R, for which p(2R) = r; we have 0 < 2R 
sr. 


Now we take a number a with 
ja| = r—2R, |g'(a)] = M(r—2R) = 7/2R. 
The function 
p(z) = g(z+a)—9(a) (9.9-6) 
is holomorphic for |z| < 2R, because 
|Jz+a| S |z[+la| < 2R+(r—2R) =r. 
It takes the value 0 at z = 0 and 
lp’(0)| = |g'(@)| = r/2R > 0. 
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If now |z| < R, then 
|z+a| S |z|+\a| < R+(@—-2R) =r—-R 
and 
le’@)| = lg’ +a) S M(r-R). 
By the choice of R we find that 
u(R) = RM(r—R) <7, 


whence 


; r 
lp (z)| < R 2 [z| <R. 


On applying the lemma we find that if c is a number not taken by 
(z) for jz) < R 
R(r/2RY _ or 


le] . 
4r/R 16 


INV 


This expresses the fact that the image of |z| < R as given by @(z) covers 
an open disc with radius r/16. The disc |z| < 1 certainly includes the disc 
|z—a| < R, since 


|z| S |z—al+la| < R+(r-—2R) < r<l. 
From (9.9-6) we have 
g(z) = g(z—a)+ g(a) 
and it follows that the image of |z| < 1 as given by g(z) covers a disc 
about g(a) of radius r/16. This is true for all r < 1. Hence we may let 
r > 1 and conclude that the image of |z| < 1 covers a disc of radius 1/16. 


It is not claimed that the number 1/16 is the best possible. There does 
exist a sharp 1/16-theorem. It will be stated and proved in section 14.5.10. 


9.9.3 — PICARD’S THEOREM 


Following Landau we may base a proof of Picard’s theorem on the 
lemma 

Let St be a simply connected region in the open plane including the point 
z = 0. Let f(z) be holomorphic throughout Rt and omit the values 0 and 1 
for all z in t. Then there exists a function g(z) holomorphic in Rt such that 


J(z) = —exp (xi cosh (29(z))); (9.9-7) 


g(0) depends only on f(0) and the image of Rt as given by g(z) does not 
cover any open disc of radius 1. 
On applying the monodromy theorem of section 9.1.4 we can deter- 
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mine successively functions A(z), u(z), v(z) and g(z) all holomorphic in 
Rt which satisfy the conditions listed below. In each case it is necessary 
to make a definite choice among the various possibilities, but it suffices to 
make this choice at z = 0; the function in question is then uniquely 
determined throughout §. 

Since f(z) has no zero we can find a function h(z) such that 

F(z) = exp (2zih(z)). 
Since f(z) # 1 implies A(z) # 0, we can choose u(z) such that 
A(z) = u?(z). 
The condition f(z) # 1 implies also h(z) # 1 and, consequently, there 
exists a function v(z) so that 
h(z) = 1+0?(z). 


It is clear that u(z) ¥ v(z), for u?(z)—v?(z) = 1. Hence there exists a 
function g(z) such that 


u(z)—v(z) = exp g(z). 
As a consequence 


1 
u(z)+0(z) = ae) = exp(—g(z)), 
whence 
u(z) = cosh g(z) 
and 


cosh 2g(z) = 2 cosh? g(z)—1 = 2u?(z)—1. 
It follows that 

2nih(z) = 2niu?(z) = ni cosh (29(z)) +n 
and finally 

f(z) = —exp (ni cosh (29(z))), 
as asserted. It is clear that g(0) depends only on /(0). 
In order to prove the last assertions of the theorem we construct a 

set of points not taken as images of the points of #t under the mapping 
as given by g(z) with the property that each open disc of radius unity 


covers at least one of the points of this set. We contend that these are the 
points represented by 


b = + log (/m+./m—1)+-4nni, (9.9-8) 


where m and n are integers, m = 1. These points form the vertices of a 
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rectangular net. The height of each rectangle is 42 < V3; the width is 
log (/m+1+./m)—log (,/m+.,/m—1) 
_ (= log(/2+1) < 1, ifm =1, 
< jog |/™*t Slog /3 <1, if m>1. 
m—- 


As a consequence to every point a there is a point 5 with 

[Reb—Real <4,  [Imb—-Ima| < 4/3 
i.e., 

\b-al < J+? = 1. 
It remains to be proved that g(z) does not take any value 5 as long as z is 
in 3. Suppose this were not true. Then we could find a zy in & such that 
g(Zo) = 6 and 
cosh (2g(z9)) = 3((/m+./m—1)?+(/m—./m—1)? = 2m-1, 

so that 


f(Zo) = —exp 2Qm—1)zi = 1. 

This is contradictory to the hypothesis. 

It is now an easy matter to prove Picard’s theorem 

An integral function which omits two different values is a constant. 

This theorem is sharp as the function exp z which omits only the 
value 0 shows. 

Without loss of generality we may assume that f(z) omits the values 
0 and |. For if f(z) omits the values a and 4, a # 5, then 


f(Z)—4 
b-a 
is again an integral function and is constant if and only if f(z) is constant. 
We apply the lemma to f(z), where ® is now the open plane. Suppose 
J(z) is not constant. Then the same can be asserted about the auxilary 
function g(z) of the lemma which is also an integral function. It is possible 
to find a number a with g’(a) # 0 and the function 


16z 
59 (CO +a) = ysg(a)+z+... 


is an integral function whose values do not cover any open disc of radius 
1/16. This contradicts, however, the covering theorem of the previous sec- 
tion. We conclude that f(z) is a constant, as asserted. 


9.9.4 — LANDAU’S THEOREM 


The lemma of the previous section leads to astonishing results concerning 
the influence of the first two terms of a power series on the properties of 
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the functions defined by the series. Landau discovered the following 
remarkable theorem 

Let 

S(Z) = ag ta,z+...,a, #9, (9.9-9) 

be holomorphic in the region |z| < R. Then there exists a positive number 
R(ao, 4,;) depending only on dg = f(0) and a, = f'(0) such that if 
R> R(ao, 4;), the function takes at least one of the values 0 or 1 within 
the disc \z| < R. 

Suppose that f(z) omits the values 0 and 1. The lemma of the previous 
section asserts that there is an auxiliary function g(z) having the proper- 
ties stated in the lemma. Differentiating we find 


f'(@) = —2nif(z)g’(@) sinh (2g(2)) 
and, taking z = 0, 
@, = —2niagg’ (0) sinh (2g(0)). (9.9-10) 
By assumption ay # 0. Since also a, # 0 we see that g(0) # 0, g’(0) # 0. 
It follows from the lemma that g(0) depends only on ay = f(O) and, con- 
sequently, g’(0) depends only on ag and ay. 

If 0<r< R the function 
g(rz) 
rg'(0) 

is holomorphic in the disc |z| < 1 and does not cover any disc of radius 
1/rlg’(0)|. On the other hand it follows from the covering theorem of sec- 
tion 9.9.2 that it covers a disc of radius 1/16. Hence 
1 1 
P > 76 
rig‘(0)| 


=CotZ+... 


so that 
16 


On 
Since this is true for all r < R we may infer that 


R — R(a, ay) 


r< R(ao, a;) = 


and this result is equivalent to the statement of Landau’s theorem. 

Landau’s theorem implies Picard’s theorem. 

Let f(z) denote a non-constant integral function. Then there is a point 
in the finite plane such that f(z)) # 0, f’(zo) # 0. If we set ay = f(Zo) 
a, =f'(Zo) then it follows from Landau’s theorem that in every region 
|z—Zo| < R, R > R(ao, a,), the function f(z) takes at least one of the 
values 0 or 1. 
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9.9.5 — SCHOTTKY’S THEOREM 


Another application of the lemma of section 9.9.3 is Schottky’s theorem. 
Let 
F(Z) = agtayzt+... (9.9-11) 


be holomorphic throughout \z| < 1 and omit the values 0 and 1. Let 3 be a 
number between 0 and 1. Then a number (dao, 9) exists depending only 
on ay and & such that for \z\ < 9 


If()| S e@o, 9). (9.9-12) 


Let g(z) be the auxiliary function of the lemma of section 9.9.3. 
Take r such that 9 <r < 1. It is clear that the function 


g(a+(1—9/r)z) _ 

(1—9/r)g'(a) 

is holomorphic in |z| <r, provided that g’(a) # 0, for 
ja+U—9/r)z|Slaj+U—9/rjz}| < 8O+r-8=r4r, 


Cotzt. lal < 9 


It does not cover a disc with radius 1/(1—3&/r)|g’(a)| and it follows from 
the Bloch-Landau theorem that 


1 1 
ae 8 Sl, 
(i=9/r)g'(ai °° 
or 
16 
lg'(a)l < 19r’ 
This is also true if g’(a) = 0. If |z| S$ & then 
163 16 _ 
—g(0)| = d 
lg(z)—g9(0)| a) (|< ee eye 


and since this is true for all r as near 1 as we please, it follows that 


l(z)—g(O)l S ar, 


whence 
16 


l9(z)l S$ lg(0)|+ 1-9 


and so 
If(2)I S exp (x exp (g(0)I) + e.) = 940, 9), 


since g(0) depends only on ap. 
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Schottky’s theorem implies Landau’s theorem. 

For assume that f(z) is holomorphic in |z| < R and omits the values 
0 and 1. Then /(Rz) = agt+a,Rz+ ...,a; #0, is holomorphic in 
|z| < 1 and 


|a,|R 


IIA 


anak If(Rz)| S 9(ao, 4), 
z/=4+ 


whence 
1 
R < . 9a, 3), 
ja,| 
as stated in Landau’s theorem. 


9.9.6 — AHLFORS’S EXTENSION OF SCHWARZ’S LEMMA 


In order to obtain a positive lower bound for Bloch’s constant L. V. 
Ahlfors formulated a theorem which may be considered an extension 
of Schwarz’s lemma. 

Any real, non-negative and continuous function A(z), defined through- 
out a region 9 gives rise to a metric in Nt if we define the length of a curve 
C:z=2(t), OS tS 1, by means of 


t= [ 2eacl = [2 oneoide (99-13) 


It reduces to the ordinary Euclidean metric if A(z) = 1 identically. 

Suppose that a region St, has been mapped conformally onto a region 
Rt, by means of the function 1(z). If we are given a metric p(w) in N,,, 
then the length of the curve w(z(t)) corresponding to the curve C in X, 
is given by 


[ eGoceeonw (econ = color 


with 
A(z) = p(w(z))w'(z)1. (9.9-14) 
In section 9.6.2 we introduced the metric 
a= iz] <1 (9.9-15) 
14+Kzz° ; , 


It is easily verified that it satisfies the condition 
A Jog A(z) = — KA?(z). (9.9-16) 


In fact, with reference to (9.2-12) we have 
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é Kz 
— log A(z) = — : 
0z B A(z) 1+ Kz2z 
é Kz 4K 
A log A(z —4 = = —KA?(z). 
8 A(z) 0z 14+. K2z (1+ Kzz)? @) 


A metric A(z) is called regular at a point z = a if in some neighbour- 
hood of this point A(z) has derivatives of at least the second order which 
are continuous in this neighbourhood. 

The expression 


A log A(z) 
(2) 


evaluated at a point where /(z) is regular and different from zero is called 
the Gaussian curvature of the metric at this point. Thus the metric (9.9-15) 
has the constant Gaussian curvature K throughout the disc |z] < 1. 
Let now 1(z) be a metric within the open disc |z| < 1. Suppose that 
A(a) # 0 at a point z = a of the disc. A metric A,(z), which is regular 
at z = a and satisfies the conditions: 
(i) 4,(2) S A(z) in some neighbourhood of z = a; 
(ii) Ag(a) = A(a); 


(iii) in some neighbourhood of z = a we have 


A log 4,(z) = Aa(z), (9.9-18) 


K(z) = — ; (9.9-17) 


will be said to support the metric J at z = a. 

The third condition expresses the fact, that the Gaussian curvature of 
the metric at the point z = a does not exceed the Gaussian curvature of 
the hyperbolic metric, of Gaussian curvature —1. 

Ahlfors’s theorem states 

Let there be given a non negative continuous function A(z) in the disc 
lz| < 1. Suppose that for each z = a in the disc for which 1(a) # 0 there 
exists a supporting metric 4,. Then 


A(z) $ ae jz] <1. 9,9-19) 


We set 


u(z) = log A(z), v(z) = log ae » la<R<i. 
R°—|z| 
It is clear that u(z) is continuous at all points of |z| < 1 which are not 
zeros of A(z). We contend that throughout the disc |z| < R the inequality 
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u(z) S v(z) (9.9-20) 
holds. 

Suppose that not everywhere in the disc |z| < R the relation (9.9-20) 
holds. Then at some point u(z)—v(z) is positive. If z tends to a point of 
|z| = R then v(z) > +00 and u(z)—v(z) > —oo. The same is true if z 
tends to a zero of A(z). Hence the difference u(z)—v(z) has a positive 
maximum inside the disc [z| < R. Let this maximum be taken at z = a. 
This point is not a zero of A(z) 

By assumption there is a regular metric 4,(z) supporting A(z) at z = a, 
If u,(z) = log 4,(z), we evidently have u,(a)—v(a) = u(a)—v(a) > 0 
and also u,(z)—v(z) > 0 in some neighbourhood of z = a, by continuity. 
By condition (i) we have in a sufficiently small neighbourhood of z = a 
the inequality u,(z)—v(z) S u(z)—v(z). This means that the function 


p{Z) = u,(2) —v(z) (9.9-21) 


has a positive maximum at z =a with respect to a neighbourhood 
|z—a| < rg. We shall prove that this is imposssible. 
The relations (9.9-18) and 


Au, 2 e?" (9.9-22) 
are equivalent. Proceeding as in the proof of (9.9-16) we also have 
Av = e””. (9.9-23) 
Hence 
Ag = eM @2” > 0, |z—a| < ro. 


Now we employ the expression (9.2-15) and we find, if r < ro, 


0< If Agdxdy = (eo & (- a) + : 2) pdpae. 


|z-a}<r op p? a6? 


Along the circumference |z—a| = r the function @ is periodic, whence 


2n a2 
[oe 96 2 0 
Jo 60" 


and it follows that 


2 22 2n 
o<| lies (5 we) dp ao { ra = r/ 2 ag, 
dp o or o Or 


a 22 P 
0< ~{ g(a+re”)dé. 
Ordo 


or 
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Integrating from r = 0 to r = ro yields 
2n : 22 
) o(a+roe)\d0— i) o(a)d0 > 0, 
0 


0 
whence 


1 2% 2 
g(a) < s I g(a+roe)dd. (9.9-24) 


Since g(z) has a maximum at z = a we have 


(a) 2 o(a+roe") 


and 
2 


P(a+roes)dd, 


(a) 2 -{ 


0 
in contradiction with (9.9-24). 
We conclude that 


2R 
A(z) $ R?— (2)? > Izi<R 


and since we may take R as near 1 as we please, we get the desired in- 
equality (9.9-19). 

Let, as in Schwarz’s lemma, f(z) denote a holomorphic function in 
|z| < 1 and | f(z)| < 1. If in the circle |w| < 1 we are given a hyperbolic 
metric it induces by w = f(z) a metric 


2) 
12) = TOP 


in accordance with (9.9-14). Using (9.2-13) and (9.9-15) with K = —1 we 
readily find that 


A log A(z) = 4?(z) 


at every point where f’(z) # 0. Hence this metric supports itself and as 
a consequence of Ahlfors’s inequality (9.9-19) we have 


Wel 1 
1-1f(@? ~ t= [27 


in accordance with (9.8~7). 


lz| < 1, 


9.9.7 — PROOF OF BLOCH’S THEOREM 


We start with a function f(z) holomorphic throughout the unit disc 
lz] < 1 and normalized by the condition f’(0) = 1. Let zp be a point of 
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the disc with /’(z9) # 0. Then there is number r such that the disc 
|w—Wol <1, Wo =f(Zo), corresponds univalently to a region §t,,(r) in the 
disc |z| < 1 under the mapping w = f(z). Suppose that on the boundary 
of this region there is no point of the circumference |z| < 1, and that there 
is not a point at which f’(z) vanishes neither. About every point of the cir- 
cumference |w— wo| = r we can assign a small open disc which corresponds 
univalently to a certain region in [z| < 1 which overlaps the region 
R,,(r). From the Heine-Borel theorem (section 1.2.4) follows that the 
circumference |w— wo| = 7 can be covered by a finite number of such discs 
and that we can extend |Jw—w,| <7 to a larger open disc which is still 
in a one-to-one correspondence with a subregion in |z| < 1. The least 
upper bound of the numbers r having the property that the mapping 
w = f(z) causes a one-to-one correspondence between the disc |w—wo| <r 
and a subregion ®,,(r) of the disc |z| < 1 will be denoted by p(z,). 
Thus p(Zo) is defined at every point at which f’(zo) # 0. It is clear that 
p(z) S By and that p(z) is bounded if we assume that B, has a finite 
value. 

Let R,, be the region corresponding to |w—wol < p(Zo). From the 
above considerations follows that on the boundary of ,, there is either 
a point of the circumference [z| = 1 or a point at which f’(z) vanishes. 

We take a point z =a in |z| < 1, where f’(a) ¥ 0. If zp is in Ky, 
then /’(z,) # 0 (section 9.3.2). The radius p(z,) of the disc which corre- 
sponds univalently to &,, is not less than the shortest distance of f(Zo) 
to a point of the circumference |w—/f(a)| = p(a) and does not exceed the 
distance of /(Z)) to the remotest point on this circumference. 

Hence 


lp(2)—p(@)l S |f@)—-fa)|, F’@ # 0, (9.9-25) 


if z is in some neighbourhood of z = a. 

If, however, f’(a) = 0 then in some neighbourhood of z = a we have 
S'(2) #0, z 4a. If Zp is sufficiently near a the disc about f(z)) with 
radius p(z)) corresponds univalently to a subregion in |z| < 1 which has no 
boundary points in common with |z| = 1. But then a zero of /’(z) must 
be on the boundary of 9, and this can only be at z = a. Hence |w—/(Z9)I 
= p(Zo) passes through f(a), and so 


PZ) = |f@—-f@l, f'(@) = 0. (9.9-26) 


The relations (9.9-25) and (9.9-26) express the fact that p(z) is contin- 
uous throughout the disc |z| < 1, provided that we take p(z,) = 0 if 
f'(Zo) = 0. This function will be used to construct a suitable metric 
in |z| < 1. 

Let again z = a denote a point of |z| < 1 at which f’(a) # 0. By & 
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we denote a point on the circumference |w—/(a)| = p(a) which is not the 
image of a point at which /’(z) does not vanish. The function w—5 does 
not take the value 0 in the disc |w—/f(a)| < p(a) and we can, therefore, 
define a single-valued branch ,/ w—b of the square root of w—b throughout 
the open disc. 

The hyperbolic metric with Gaussian curvature —1 in a w,-plane is by 
means of the mapping 


transformed into 


(A? —|w—bl),/w—-6 
which has a meaning throughout |w—/f(a)| < p(a), provided that A is 


sufficiently large, say > /2B;. The mapping as given by w = f(z) trans- 
forms this metric into 


A(z) = oA ae > (9.9-27) 
(A? —p,(z))/ pa(2) 
with 
pz) = |f(z)—4]. (9.9-28) 


This metric is regular and since it is derived from an hyperbolic metric 
with Gaussian curvature —1, the relation (9.9—18) is true (in this case 
we even have equality). 

Replacing p,(z) by p(z) in (9.9-27) we obtain a more general metric 


A(z) = poe Be (9.9-29) 
A’ —p(z))/p(z) 
which has a meaning at all points where f’(z) 4 0 (for then p(z) # 0). 
We contend that this metric is continuous throughout |z| < 1. This is 
clear at every point z = a where /’(a) # 0. It follows for a point z = a 
where f’(a) = 0, provided we can prove that A(z) has a limit as z > a. 
For then we can take A(a) as being equal to this limit. 
Assuming that f’(a) = 0, we have for all z in some neighbourhood of 
z= a, taking into account (9.9-26), 


sL@-F@al 
A(z) = eee ae |z—al 
(4°—p(2)) VIf@)—Fla)| 2 (4° (ayy) FEL) f() mo 


and this tends to Q/A VES" @L, as za. Hence if we define 
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A(z) = “ar (9.9-30) 


at the points where f’(z) = 0, then A(z) is continuous throughout |z| < 1. 
Next we wish to show that at all points where A(z) # 0 this metric 
has a supporting metric. Consider first the case that f’(a) = 0. Then we 
may take the number 6 occurring in (9.9-28) as f(a) and it follows that 
A(z) S A(z) in some neighbourhood of z= a. Let f(a) #0. The 
function 
(A?—1)* (9.9-31) 
is increasing in 0 S$ t S$ 447. Now 
0 S p(z) S$ By < $A? 
if we take A > <p Br If z is in a sufficiently small neighbourhood of 
z =a then p,(z) < p(a)+e < 4A”. On the other hand, if z is in ®,, 
then a circle of radius p(z) about f(z) cannot include the point 6 and it 
follows that p,(z) = p(z). In particular p,(a) = |f(a)—b| = p(a). 
Hence 1,(z) S A (z) if z is sufficiently near a and the conditions (i), (ii) 


and (iii) listed in the previous sections are fulfilled. It follows from Ahlfors’s 
theorem that 


A@l_ <2 
(A?—p(z))/e(z)— 1-Iz/? 
Taking z = 0 and observing that £’(0) = 1, by assumption, then we find 
A < (A?—p(0)),/p(0) S 2(47-B,)/ By, 


taking again into account the fact that the function (9.9-31) is increasing 
in the interval 0 < ¢ < B,. By letting 4 > ./3B, we obtain 


V3B; S 4B,/B,, 


Jz} < 1. 


whence B, = 4,/3 and so 
Bz>1/3. 


This concludes the proof of Bloch’s theorem. 
As M. Heins has pointed out the actual value of Bis > 4,/3. 


9.9.8 —- A LOWER BOUND FOR LANDAU’S CONSTANT 


Ahlfors’s method also yields a lower estimate of Landau’s constant 
which is much better than that obtained in section 9.9.2. We start again 
with a function f(z), holomorphic throughout |z| < 1 and normalized 
by the condition /’(0) = 1. Without loss of generality we may assume 
that the Landau number of L, of f is finite. 
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If |Zo| < 1 we define p(zy) as the radius of the largest circle about 
J (Zo) which is still contained in the image of |z| < 1 as given by the map- 
ping w = f(z). It is clear that p(zo) S L, and that (9.9-25) holds for 
this function p(z). As a consequence p(z) is continuous throughou |z| < 1. 

The hyperbolic metric with Gaussian curvature —1 in a w,-plane is 
by means of the mapping 


l-w 

WwW, : lh 

l+w 

transformed into 
4 = 4 
J1+w|? (1 fa ) |1+w|?—|1—w]? 
1+w} 

4 2 1 


~ (1+w)\(1+%)—(1—w\l—) wim Rew" 


Let 5 denote a point on the circumference |w—/f(a)| = p(a) whichis also a 
point of the boundary of the image of |z| < 1 as given by f(z). Since 
4(z)—6 has no zero in |z| < 1 we can define a single valued branch of 


log ch ; A>0O, |z| < 1, 
f(z)-b 
and it gives rise to a regular metric 
4{Z) = er’) (9.9-32) 
pz) log 
pa2) 


where p,(z) = |f(z)—4|. At the points where f’(z) 4 0 the condition 
{9.9-18) is fulfilled (with equality). 
It is easy to see that the metric 


__ el 


A 
jog. == 
p (z) log ae 


is continuous throughout |z| < 1 and is supported at every point z = a 
with f’(a) # 0 by A,(z), provided A is sufficiently large. For the function 


A(z) (9.9-33) 


tlog a (9.9-34) 
t 


is increasing in the interval 0 S$ ¢ S A/e and we may take A > eL,. 
Then in a sufficiently small neighbourhood of z = a also p(z) < A. 
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According to Ahlfors’s theorem we have 


fl 2 


= 1—[z|?’ 


A 
p(z) log Ae) 


whence, by taking z = 0, 


A A 
1 S 2p(0) log — S 2L, log —. 
p(0) Ly 


By letting 4 - eZ, we find 1 S$ 2L,, and so 
L2} 


This is a formidable improvement of the poor estimate L = +5. 


9.9.9 — BLOCH FUNCTIONS 


It is our aim to prove that there exist functions in the class ® with 
B, = B. These functions will be called Bloch functions. 

We need two lemmas. First 

The Bloch constant B is the greatest lower bound of all Bloch numbers 
Br, where F belongs to ® and is regular on the closed disc |z| S 1. 

It is clear that B, = B and, consequently, inf B; 2 B. There exists a 


function f in ® such that B, < B+e, where ¢ is a positive number. 
If 0 < 3 < 1, then the function 


F(z) G3) 


belongs to ® and is regular for |z| < 1. Now f(9z) covers univalently a 
disc of radius S B, and so F(z) covers univalently a disc of radius 
S B,/3, whence 


B, Bte 
<——. 
3 9 
By making e+ 0 and 9-1, we even have 
Bp <B 


and, therefore, inf By S B if F runs through the set of functions of @ 
which are regular throughout |z| < 1. 

Secondly 

The Bloch constant B is the greatest lower bound of all numbers B;, 
where f belongs to ® and satisfies the condition 
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ir’) < =a (9.9-35) 


From the first lemma follows that there is a function F(z) in the family 
® which is regular on the disc |z| S 1 and whose Bloch number satisfies 


Br < Bre, 


e being a given positive number. 
The function 


(=|z/)1F'(@)| 


is continuous throughout the closed disc |z] S 1 and takes a maximum at 
Z = Zo. Since the function is 1 at z = 0 this maximum is 2 1 and because 
the function vanishes on |z| = | the point Zp is in the interior of the disc. 


The transformation 
_ 2+2Z9 
14229 : 


(9.9-36) 


being a transformation of the type (9.5-7), transforms |z| S 1 uni- 
valently into |w] < 1. 
The function 
im F(w) 
(1-Iz0l?)F'(z0)’ 
where w is given by (9.9-36) is holomorphic in |z| < 1 and belongs to 
the family ©. In fact, from 


F(z) (9.9-37) 


F(w) dw 
(1—|zol?)F'(Zo) dz 


f(2= (9.9-38) 


and 


dz (1-22) 
follows that f’(0) = 1. 
Since 
(1—|20l*)IF’(Zo)| = 1 
we have 


[fz)| S |F)|, |z| < 1 
and, as a consequence, 
B, < By < Bte 


It remains to be proved that (9.9-35) holds. To this end we observe that 
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i-|w?  1—|2)?” 
if w and z are related by (9.9-36). This is a consequence of the invariance 


of the hyperbolic line element (section 9.5.7). We may write this as 


dw 
dz 


ho 1—|w|? 


she ae 


‘ [z] <1. 


Now we find from (9.9-38), assuming |z| < 1, 


_ (=P), 7 
(1120? )F'@o)l 1-12? ~ 1= lel? 


This completes the proof of the theorem. 

The existence of Bloch functions can readily be shown now. We shall 
prove 

In the family ® there is a function which does not cover univalently any 
disc of radius exceeding the Bloch constant. 

The following proof is due to R. M. Robinson. 

For every positive n choose a function f,(z) whose Bloch number is 
less than B+1/n and which satisfies the inequality 


If’) 


IIA 


1 


\f,(z)| < ——  , z| <1. 
Sinz) lola |2] 
If z = re®, 0< r <1, we have 
Uide) LALO) = | [Faloee ap | 
ce) 


< [ Usloe")ldp s | 00 3 ogee. 
0 ol-—p 1-r 

Thus the sequence f,(z) is uniformly bounded in the dise |z] Sr < 1. 
Analyzing the proof of Vitali’s theorem of section 2.22.1 we see that we 
used only the fact that the sequence (2.22-1) is uniformly bounded on 
every closed disc included in 8. Hence the corollary stated in section 
2.22.2 is already valid if the sequence (2.22-18) is uniformly bounded on 
every closed and bounded set included in t. Applied to the above situation 
we infer that a subsequence f,,, f,,,--. can be chosen which converges 
uniformly on every disc 0 < |z| < r < 1, and hence converges to a holo- 
morphic function f(z) in |z| < 1. 

Suppose that in |z| < 1 the function f(z) covers univalently the circle 
|w—wo| > B+4e, « > 0. There is a region 9, in |z| < 1 on which f(2) 
is univalent and maps %,4 onto the open disc |w—Wwo| < B+4e. There 
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are regions ®t, and ® within R,, which f(z) maps on [w—wo| < B+2e 
and |w—w,| < B+3e respectively. The boundary of this latter region is a 
simple closed analytic arc C, being the image of |w—wo| = B+3e as 
given by the inverse of f(z). This arc encloses #2. 

Let zp denote a point in ®, and 6 = f(zo). The function b—f(z) does 
not vanish on C, for f(z) is univalent in 9t,. Hence there is a positive 
number m such that for z on C 


[f(2)—8| 2 m > 0. 


Since the sequence f,,,/,,,---, 1S uniformly convergent on C we can find 
a number my such that for, > no 


Ifn(z)—b—-(f (z)— )| = Ifn.(z)-F (2) < m, 


if z is on C. We then have 


\fuZ)— F(z) < |f(z)-4l, 


with |9,,(z)| < [f(z)l. By Rouché’s theorem (section 3.10.2) we conclude 
that f,,(z)—}, nj, > Mo has the same number of zeros inside C as f(z)—b. 
It follows that f,,(z) is univalent on ®2. 

Since f,,(z) > f(z) uniformly in , the functions f, (z) cover univalently 
the open disc |w—wo| < B+ 8, provided n, is sufficiently large. But this 
leads to a contradiction for the functions with 1/n < e. Hence f(z) does 
not cover univalently a disc with radius > B, i.e., the Bloch number of f is 
equal to the Bloch constant. This concludes the proof of the theorem. 


CHAPTER 10 


CONFORMAL MAPPING OF SIMPLY CONNECTED REGIONS 


10.1 - The principle of symmetry 
10.1.1 — GENERAL THEOREMS ON CONFORMAL MAPPING 


The theory of conformal mapping is a very important part of the theory 
of functions. It enables us to illustrate properties of functions by geo- 
metric facts and thus the insight in the character of the functions is very 
often increased. First we shall state some general theorems which are 
basic for the theory. 

In section 3.12.2 we stated that the image of a region under a holo- 
morphic (and therefore also conformal) mapping is again a region. 
If the mapping is slightly restricted, we may state. 

Let w be a univalent function holomorphic throughout a simply connected 
region R,. Then the image Kt, is also simply connected. 

If Rt, is the extended plane or the open plane, then Rt, is again the 
extended or the open plane (section 9.3.2). We assume, therefore, that 
Ri, (and hence also R,) admits at least one other external point b beyond 
w = 00. The function w~—b does not vanish on Rt, and, consequently, 
w(z)—b has no zeros in R,. It follows that w’(z)/(w(z) —b) is holomorphic 
throughout R,. Let C,, denote an arbitrary cycle in Jt, and C, the corre- 
sponding cycle in , (since w(z) is univalent the function is invertible). 
In view of (2.3-26), Cauchy’s integral theorem, and the fact that C, ~ 0 


in #, we have 

dw i) w’(f) 

= df =0. (10.1-1) 
(. w—b c, W(0)—b 


In view of (2.3-30) this means that Q,,(b) = 0, ie, C,~ 0 in R,. 
This proves the assertion. 

If w admits a (simple) pole then the theorem is still valid, for we can 
eliminate the pole by combining the mapping with a suitable homeo- 
morphism of the extended plane. 

A famous theorem of Riemann, to be considered in section 10.5.2, 
states that all simply connected regions, with at least two boundary 
points, are univalently (and hence conformally) equivalent. This is the 
reason that without restricting the problem we can confine ourselves to 
the study of images of the interior of a circular disc. The situation in 


[93] 
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the case of a multiply connected region is not so simple. However, 
for applications in the field of applied mathematics the mapping prop- 
erties of simply connected regions are also extremely useful. 

The following theorem is of fundamental importance 

Let w(z) be a function holomorphic in the region |z\ < 1 and regular 
at each point of its boundary C,. Let C\, denote the curve into which w 
transforms C, and assume that there is no zero of w on C,,. Then, denoting 
by N the number of zeros of w in the interior of the disc, we have 

N = Q,(0). (10.1-2) 

The number of zeros inside C, is necessarily finite. Since the winding 
number of the circumference with respect to an inner point is unity, 
the truth of the statement follows from (3.10-4). 

The theorem remains true if there are isolated points on C, where wis 
only continuous. For then we can indent C, by small arcs and if we contract 
them to the respective points the winding number varies continuously, 
i.e., remains constant, for it is an integer. 

A more general version of the above theorem states: 

Let w(z) be a function continuous on the closed disc |\z| = 1 and holomorphic 
in the interior, C,, the curve into which the function w transforms the 
circumference C, of the disc in the z-plane and finally assume that C,, does 
not pass through the origin. Then (10.1-2) holds, if N is the number of 
zeros of w in the interior of the disc. 

Let C,,2 = 1,2,..., be a sequence of contours given by the functions 
z,(t) respectively, 0 < ¢ S 1, these functions being continuous. Let C 
denote a contour given by z(t) on the same interval such that 


Z,(t) > 2(¢), 


Zz (aj) 
Fig. 10.1-1. Proof of (10.1-3) 
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uniformly as m > 00. Then for every point zy not lying on C or C, we 
have 
2¢,(Zo) = 2e(Zo), (10.1-3) 
provided that x is sufficiently large. 
In order to prove this we divide the interval 0 S ¢ S 1 into mequal parts 
by the points 0 = dy < a, <... <a, = 1 and denote by C“ the arc of 


the curve C on the interval a;_,; StSa;,j = 1,..., m. If mis sufficiently 
large then every C“ is contained in a circle which does not contain zp. 
Similarly, for every n = 1,2,..., 7 = 1,2,..., m we denote by CY 


the arc of the curve C, on the same interval (fig. 10.1-1). Connecting 
z,(a;-1) with z(a;_,) and z,(a,) with z(a;) we may complete Cc” and 
Cc to a cycle whose winding number with respect to zy is zero (for this 
cycle is contained in an open circular disc not containing Zp, this disc being 
simply connected), provided that n is sufficiently large. Taking the sum 
of all these cycles we obtain the chain C—C, whose winding number 
with respect to Zp is also zero, 
Since 

Q¢-c,(Zo) = Ac(Zo) — 2c,{Zo) 
the truth of (10.1-3) follows. 

Now we are sufficiently prepared to prove the theorem. Let r,, 1 = 1, 
2,..., be an arbitrary increasing sequence of numbers tending to 1 and 
let N,, denote the number of zeros of w(z) in the disc |z| < r,. We denote 
by C,,(r,) the image of |z| = r, under the mapping w. Notice that w(z) 
cannot have infinitely many zeros, for these would have an accumulation 
point, necessarily on the boundary |z| = 1, and since the mapping is 
continuous the curve C,, would pass through w = 0. From a certain 
value of n upwards all zeros of w(z) are within |z| = 7, and according to 
the previous theorem 

Qe, 0) = N. (10.1-4) 


By introducing an appropriate parameter we may represent C, as z =2(t), 
0 < ¢ S< 1, and the circumferences |z| = r, as z = z,(t) on the same inter- 
val. If 5 is a given positive number we have evidently |z(t)—z,(t)| < 6 
uniformly with respect to t, provided that 7 is sufficiently large. On the 
other hand w(z) is uniformly continuous on |z| = 1 (section 1.2.3), i.e., 
if ¢ > Ois given then we can find a number 6 such that |w(z')— w(z’’)| < ¢, 
provided that |z’—z’’| < 6. Hence, from a certain index upwards we have 


|w(z(t)) — w(z,(t))| << &, 


uniformly with respect to ¢. Hence from a certain index upwards 


Qe. ¢rm(0) = 2c,,(0) 
and from (10.1-4) we obtain the desired result. 
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In practical situations fi, is often the upper half of the z-plane. By an 
elementary transformation e.g. (9.5-28), this can be transformed univa- 
lently into a circular disc and we may apply the above result. In this case 
we therefore have 

Let w(z) be a function continuous on the closed half plane Imz = 0 
and holomorphic in the open half plane, C,, the curve into which the function 
w transforms the real axis percorsed from the left to the right and finally 
assume that C,, does not pass through the point wo. Then 


N= Q¢,,(Wo) 


is the number of zeros of w—Wo in the half plane. 

In this theorem it is tacitly understood, of course, that C,, is a closed 
curve. 

Another proof of this theorem may be given as follows. Since w(z) 
remains finite as z > oo along the real axis, a large half circle |z| = R, 
Im z = 0 corresponds to a small arc connecting two points near w(0o) 
on C,,. If R is sufficiently large 2¢ (wo) remains unchanged if now C,, 
denotes the indented curve. The previous theorem may be applied now. 

The following example may serve as an illustration. Consider the 


mapping 


(a): 
w= ‘ 
\l-iz 


It is easily verified that if z varies from —oo to +0 then w percorses 
the circumference of a unit circle twice. Hence 92. (4) = 2, in 
accordance with the fact that w(z) = 4 has two solutions in the upper 
half plane, viz. z = 4i and z = 33. 

In certain circumstances, however, continuity on the boundary already 
implies regularity (with exception of isolated points). This is a famous 
discovery due to H. A. Schwarz which will occupy us in the subsequent 
sections. It is the so-called symmetry principle. 


10.1.2 - A BOUNDARY VALUE THEOREM 


In order to obtain the symmetry principle in a rather general form we 
must base our discussions on a theorem about harmonic functions which 
take prescribed values on the circumference of a circle. 

In section 2.15.2 we obtained the following result: If f(z) is holo- 
morphic throughout a region which contains a circular disc of radius R 
around the origin, then (2.15-13) holds, that is to say 


C+2z 
t- 


fle) = ios = | “UR, 9) 


0 


do, (10.1-5) 
Zz 
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with f = u+iv, € = Re” and z inside the disc. Taking f(z) = 1, iden- 
tically, we find 


22 
[oes { BE 6, (10.1-6) 
2nJo C-Z 


A consequence of (10.1-5) is Poisson’s formula (2.15-17) which we 
shall write in the form 


2n 
Re f(z) = = { u(R, g) * do, (10.1~7) 
0 u“ 


where pis the power of the point z with respect to the circumference 
|z| = R with reversed sign and d is the distance between zy and ¢. 

Thus we see that the values of the harmonic function Re f(z) are unique- 
ly determined by its values on the circumference. The question arises 
whether there is a function harmonic throughout |z| < R and having 
prescribed values on the boundary |z| = R. This question can be answered 
in the affirmative under the assumption that the boundary values consti- 
tute a piecewise continuous and bounded function. 

Let G(@) denote this function. We can summarize the answer in the 
following theorem 

If G(@) is a piecewise continuous and bounded real function on the cir- 
cumference |z| = R, then there exists a function g(z) holomorphic through- 
out |z| < Rsuch that the real part of this function tends to G(@) if z tends 
to a point z = Re'®, where G(@) is continuous. 

From the lemma proved in section 2.8.1 we deduce that the function 


_ 1 a e 
a(z) = = ={ lo) (10.1-8) 


is holomorphic within the region |z| < R, for 


and so, neglecting an additive constant, the integral (10.1-8) takes the 
form (2.8-1), We have achieved our purpose when we prove that 


Re g(z) = za ("G(o) fe dp (40.1-9) 
2nJo a? 
is a solution of the boundary value problem, i.e., 
linn, Re g(z) = G(@o), (10.1-10) 


provided that G(@) is continuous at gp = @po. Since (10.1-6) is equivalent 
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to 


we also have 


Re a(2)~G(0) = + | “(6(0)-Gl0)) % ao, 


and, consequently, we may assume, without restricting the generality 
of the problem, that G(@y) = 0. 


Fig. 10.1-2. Proof of the principle of symmetry 


Let C, denote a circular arc on |z| = R determined by g)—6 S 9 
=o0+6, 6 being a small positive number (e.g. < 42); by C, we denote the 
complementary arc on the circumference, (fig. 10.1-2). If 6 is sufficiently 
small we evidently have, « being an arbitrary positive number, 


IG(~)| < te, 


provided that |p—@ | < 6. Let M be an upper bound of |G(@)| on C. 
Then 


Mf un 
Re g(2)l s = | Cer al Ba 
@) 4nJc,d? a 2nJc, a? p 


em M M 
< = | t dot F do =te+—| Hag. 
An 0 d 2n c,d 2n c,d 
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Now we observe that y tends to zero as z > Re’o, while d* remains above 
a certain positive value if € is on C,. Hence for all z sufficiently near Re! 


1 H 
—}i cdo< 
QnJc, a’ : 


2M 


and for these values of z we have [Re g(z)| < «. This concludes the 
proof of the theorem. 


10.1.3 — THE SYMMETRY PRINCIPLE 


It is our aim to obtain a far reaching generalization of the elementary 
symmetry principle which has been discussed in section 9.4.2. As in 
section 9.2.1 we denote by YU; the set obtained by reflecting an open set 
Mf, in the real axis. In the section mentioned we proved that if f(z) is 
holomorphic throughout %, then g(z) = f(Z) is holomorphic throughout 
We. 

We suppose first that 2; is a region Rt, such that R, = Kz, in which 
case Si, is said to be symmetric with respect to the real axis. Let f(z) 
be holomorphic throughout WR, and real on the real axis. Then f(z) —f(@) 
is holomorphic throughout {, and vanishes on the real axis. By the 
identity principle (section 2.11.2) this function is identically zeroin ,, i.e., 


f(z) = fi). (10.1-11) 


Examples are provided by the elementary functions. Thus, for instance, 


log z = logr+i0 = logr—i@ = log Z; 


log z is defined throughout the principal region |z|+z ¥ 0 and real on 
the positive real axis which belongs to the region. 

The meaning of (10.1-11) is that f(z) takes conjugate values at conju- 
gate points. Functions obeying the condition (10.1-11) are called 
symmetric. 

Continuing our considerations we only require that $t, meets the real 
axis. Then the join #,+ MR, is a symmetric region and the intersection of 
R, and K; is a union of symmetric regions. If f(z) is holomorphic in KR, 
and real on the real axis then f(z) = f(Z) in each component of the inter- 
section of §t, and §;. Now we can define a function g(z) on R,+ Mz 
which is equal to /(Z) in R, and equal to f(Z) on Nz, for these functions 
coincide in the intersection of these regions. Thus we see that f(z) has a 
symmetric holomorphic extension to Rt,+ Itz. Very often there is no fear 
of confusion if we designate this extension also by f(z). Summing up 
we have the following elementary version of Schwarz’s symmetry principle 
(or reflection principle). 
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Lf f(z) is holomorphic throughout a region Rt, which meets the real axis 
and if f(z) takes real values on the real axis, then f(z) has a symmetric 
extension throughout the region R,+R;. 

A simple example may illustrate this theorem. The function 


w=V1-2? (10.1-12) 


can be defined as single valued throughout the region Im z > 0 (section 
9.1.4) such that it takes the value 1 at z = 0. It is still regular at all 
points of the segment —1 < x < | and takes real values there. Hence it 
may be extended to a symmetric function in the z-plane cut along the 
half rays x < —1 and x > 1. At points of these half rays the function 
takes different values. If z tends to a) from above, the limit is i, whereas 
the limit is —i as z tends to ,/2 from below. 

In many cases the theorem is applied under somewhat different cir- 
cumstances. Suppose that 3t, is a region in the upper half plane and that 
its boundary contains an open subset a of the real axis. Let 


S(Z) = u(z)+ iv(z) (10.1-13) 


be holomorphic throughout #,. If $i; denotes the region obtained by 
reflecting #, in the real axis, then the union ¥t,+a+ RW; is a symmetric 
region and the question arises whether f(z) admits a holomorphic exten- 
sion in this larger region. 

We shall prove that it is sufficient to assume that v(z) tends to zero as z 
approaches a point of a. The existence of a limit of u(z) is not a part of 
this hypothesis. In numerous practical cases it is known that f(z) is real 
and continuous on a. Then the above condition is certainly fulfilled. 

Without loss of generality we may assume that z = 0 is an interior 
point of a. We consider the semicircular disc |z| S$ R, Im z = 0, whose 
interior and circular part of the boundary (with exception of the end 
points) belong to R,, while the segment —R < z S Ris part of a. 

The function 


0, if g=0or g=2, 
G(~) = | v(R, ¢), if O<g9<za, (10.1-14) 
—v(R, -9), if -7<@ <0, 


is clearly continuous and bounded along the circumference |z| = R and 
takes opposite values at points of the circumference which are symmetric 
with respect to the real axis. As a consequence the function 


1 ie 
g(z) = oe [ aa ? (10,1-15) 


is holomorphic throughout |z| < R and from the theorem of the previous 
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sections it follows that its real part takes precisely the values G(@) 


on the boundary. 
Next we write 


ote) = 5 [ G(o) = ay +E ait do 


=F o(R, oerid ao 2 o(R, -0) Fao 


C+z 
f—z 


1 C+z 
= R, —| oR, 
* o iam - do ot of ref 9) — 


at »(- (+2) ae, 


The expression between brackets inside the last integral is the difference 
of two conjugate complex numbers if z is real; hence g(z) is purely imag- 
inary on the real axis. It follows that the function 


Im (f(z) —ig(z)) = v(z)—Im ig(z) (10.1-16) 


tends to zero as z tends to a point of a between —R and R, these end 
points included. It is clear that this function vanishes on the upper half 
of the circle |z| = R. Since it is harmonic in the interior of the semicircle 
the principle of extreme values stated in section 2.14.1 implies that this 
function is zero. A function with vanishing imaginary part is a real con- 
stant c (section 3.12.2). Hence the difference of f(z) and ig(z) is equal to c 
if Re z > 0. The function 


w(z) = ig(z)+e 


is defined throughout |z| < R and holomorphic. Hence this function is 
symmetric. 

The function f(z) in 8, gives rise to a function f(Z) in Nz. At a point 
of a we carry out the construction as described above and we find a 
function w(z) which coincides with f(z) in the upper part of the disc and 
with f(Z) in the lower part. Now we identify f(z) and w(z) throughout the 
disc. It is clear that in overlapping discs the functions are the same in 
the intersection. Thus we have extended the given function f(z) to a 
function holomorphic throughout §t,+a+%; which takes real values 
on a and is also regular at every point of a. Summing, up: 

If f(z) is holomorphic in a region Rt, in the upper half plane, whose 
boundary contains an open subset of the real axis, and if Im f(z) tends 
to zero as z approaches a point of a, then f(z) admits of a holomorphic 
symmetric extension. 


dg 
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This theorem has obvious generalizations. We may assume that a is 
an open arc of a circumference and that the values of w(z) approach a 
point on an arbitrary circumference (or a straight line) when z tends to 
a point of a. This case can be reduced to the former case by means of a 
suitable homeomorphism of the whole plane. The extension satisfies a 
symmetry relation with respect to the circles just as in the case of linear 
fractional transformations. Hence 

If a is an open arc of a circumference belonging to the boundary of a 
region NR, if w(z) is holomorphic in R and if its values tend to the points of a 
circumference (which may be a straight line) then w(z) is regular at each 
point of a and can be extended beyond a. 

In this form the symmetry principle has many applications. It should be 
noticed that 9t is supposed to be inside or outside the circumference 
from which a is a part. 


10.1.4 — ANALYTIC ARCS 


It is possible to generalize the symmetry principle to the case that the 
boundary contains a particular type of Jordan curves, viz. an analyt- 
ical arc. Consider a function z(t) holomorphic throughout a region 
R, containing the segment 0 < ¢ < 1. The set of points corresponding 
to those of the segment is called an analytical arc. An analytical Jordan 
arc is one with z(t,) 4 z(t.) for ft; A t,. As usual it is assumed that 
z(t) #0 for all ¢ in the interval. 

By §R(p) we denote a subregion of ‘R, consisting of all points whose 
distance from the segment 0 S$ ¢ S | is <p, where p does not exceed 
the (minimum) distance of the boundary of §t, to the segment. It is clear 
that 8(p) is symmetric with respect to the real axis in the t-plane. 

Analytical arcs have some simple geometric properties which make 
them useful for applications in various problems. 

An analytical arc meets a straight line only in a finite number of points. 

A line may be given by an equation 


Ax+By+C =0, (10.1-17) 


where A, B and C are real numbers. The function 
A(z(t) + 2(2))+ B (2(t)— Xi) +2C (10.1-18) 
i 


is holomorphic throughout () and has only a finite number of zeros 
in R(p). The real zeros correspond to the points of intersection of the 
are and the line. 

By a similar argument we may prove 
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An analytic arc sends only a finite number of tangents through a given 
point. 

Without restricting the generality we may assume that this point is at 
the origin. A tangent at a point ¢ passes through the origin if there is a 
number / such that 


x(t) = Ax'(t), — ¥) = Ay"), 
or 
x(t)y'()—-x')y(@) = 0. 


Now we observe that the function 
(2(t) + 2@)(2'()— 2’) -@'(O +2’ O)(ZO- 2) 


has only a finite number of zeros in R(p) and that the real zeros corre- 
spond to the points at which the tangents pass through the origin. 

Suppose now that C is an analytical Jordan arc. Then we contend that 
z(t) is univalent in Rt(p) if p is sufficiently small. Let to be a point of the 
segment. Since z’(t)) # 0 there is a neighbourhood of ft) in which z(t) 
is univalent. Assume that we could find pairs t,, # t2,, 7 = 1,2,... 
tending to the segment such that z(t,,) = z(f2,). These sequences contain 
convergent subsequences ¢;,,, f2,, With limits t,, tf. and by continuity 
z(t) = Z(t,). By hypothesis ¢,; = t, = f9, say. For sufficient large & the 
points ¢1,,, f2,, are in a given neighbourhood of fy and thus we arrive 
at a contradiction. 

If ¢ and 7 are conjugate points in #t(p) the corresponding points z(t) 
and z(f) are called symmetric with respect to the analytical Jordan arc C, 
(fig. 10.1-3). 


Fig. 10.1-3. Symmetry with respect to an analytic arc 


It is necessary to show that this notion depends only on the point set C 
and not on the particular choice of the parameter. Let z,(¢,) and z,(t2) be 
parametric representations of the same arc C, (0S t,<1,0S¢t, 21), 
and choose corresponding regions §R,, 3t, as above, their images being 
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©, and G, respectively. Let D be a component of the intersections of 
©, and G,, containing C and D, and D,j its inverse images in the ¢,-plane 
and f,-plane respectively, (fig. 10.1-4). The mappings z = z,(t,) and 
Z = Z,(t,) induce a one-to-one holomorphic correspondence between D, 
and ,, and by the first theorem of the previous section conjugate values 
of t, correspond to conjugate values of t,. The points z(t) for which Im 
t has the same sign are called points on the same side of C. Since two 
points on the same side can be joined by an arc on which no point is 
symmetric to itself, this notion is also independent of the parameter. 


Z,(t,) =Z5(ty) 


Vf} Vy 


Ya aan 


ta 


Fig. 10.1-5. Symmetry principle for analytic arcs 


Now we are sufficiently prepared to state the symmetry principle for 
analytic Jordan arcs, (fig. 10.1—-5). Consider an analytic Jordan arc C, 
and a region ‘t, in which symmetry with respect to C, is defined. Let 
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KR denote a subregion consisting of all points on the same side of C,. 
Let further R denote a region and a a subset of C, subject to the con- 
dition: every zg on a has a neighbourhood WU such that the intersection of 
Ul and C, is in a and the intersections of 11 and ® coincides with the 
intersection of 11 and 7. Now we contend: 

If f(z) is holomorphic in R and if the limits of f(z) as z approaches points 
of a all lie on an analytical Jordan arc C,, in the w-plane, then f(z) has a 
holomorphic extension to a region which contains Ri+ a. 

If C, is given by z = z(t) and C,, by w = w(c), then w(t) = f(z(z)) 
defines a relation between t and ¢ which is a holomorphic function in 
W;*. If ¢ tends to real values, then t also tends to real values. Hence the 
conditions of the second theorem of the previous section are satisfied 
and we may conclude that t is extensible beyond the real t-axis. As a 
consequence f(z) can be extended beyond the arc C;,. 


10.2 — Examples of conformal mapping 


10.2.1 — INTRODUCTION 


In the subsequent sections we shall list some illustrative examples of 
the images of the interior of the unit circle as effected by functions which 
are meromorphic in the interior. Our examples are, however, of a restrict- 
ed. type, since they are continuous on the circumference. The case that 
they take an infinite value on the circumference is included, provided the 
function is chordally continuous there. This infinity can then be removed 
by combining the mapping with a suitable Mobius transformation. 

Instead of using a circular disc we can also start with a half plane, for 
these two domains are univalently equivalent. We consider this fact in 


Fig. 10.2-1. The mapping (10.2-1) 
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more detail by directing our attention to the mapping 


were, (10.2-1) 
z—-1 
The inverse mapping is 
Gis WEE (10.2-2) 
w-~1 


Hence the mapping is involutory. We contend that the half plane Re z < 0 
corresponds to the region |w| < 1, (fig. 10.2-1). In fact 

ae z+1 741 at ee ee) 
z—-1 z-1 |z—1| 
if Rez = $(z+Z) < 0. Of course Rew < 0 is also transformed into 
|z| < 1. This can be verified directly as follows 


<0, 


patti, Zt _, 2z—1 


w+w = a0, 
z-1 Z-l |z-1| 


if and only if zZ =|z|? < 1. Finally we observe that Re w > 0 corresponds 
to the exterior of the unit circle. 
Combining the transformations 


z+l1 
wy = — 
z—-1 
and 
w= —iwW,, 


the latter denoting a rotation through a right angle to the right, we obtain 


(10.2-3) 


which maps the interior of |z| = I onto the upper half of the w-plane. 
This is the mapping (9.44). 
Another involutory mapping is 


ree (10.2-4) 
Zz 


which transforms the interior of the unit circle onto the exterior of the unit 
circle. 

The mapping (10.2-1) has still another remarkable property: it maps 
the upper half plane onto the lower half plane. This follows from 


zt+l1 = Z+1 =? Z—Z 


w-w= os 
z-1l Zz-1 [z-1| 
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The involutory character is now geometrically evident. 

The Mobius transformations can often serve to simplify certain given 
situations. For instance, the region bounded by two intersecting circles 
or by two circles having internal contact, (fig. 10.2-2), can be transformed 
into an angular region or a strip respectively by means of a Mobius 
transformation whereby a point common to the two circles corresponds 
to the point oo. As we shall see further on these regions can easily be 
mapped onto a half plane or, which amounts to the same, onto the 
interior of a circle. 


Fig. 10.2-2. The mapping of a lunular region onto an angular region or onto a strip 


10.2.2 — THE ANGULAR REGION 


An arbitrary angular region whose angular width we denote by az, 
0 < a < 2 and whose vertex we suppose to be at w = 0 can be trans- 
formed into a half plane by means of 


w= Z*, (10.2-5) 
the function on the right being a branch which is positive for z > 0. 
Indeed, on introducing polar coordinates, this relation takes the form 


w = rveiz? 
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and the image of the half ray @ = constant in the z-plane corresponds to 
the half ray @ = «9? = constant in the w-plane. Hence the region Im z > 0 
corresponds to an angular region of width oz. If we agree that (10.2-—5) 
represents the branch of the power function which takes real values if z 
is real and positive, then the positive real axis in the z-plane corresponds 
to the positive real axis in the w-plane and to the negative real axis in the 
z-plane corresponds the half ray @ = az. The case « = 1 corresponds to 
the identity mapping. If « = 2 the image of the upper half of the z-plane 
is the w-plane slit along the positive real axis. 

If we suppose that in (10.2-5) « is negative —2 < a < 0, we consider 


Fig. 10.2-3. The mapping w = z# 
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the combination of the mappings 


Z,=-, wz 

Zz 

The first mapping interchanges the upper and the lower half of the z- 

plane. Hence, on account of Schwarz’s symmetry principle the image of 

the upper half of the z-plane is mapped onto a region obtained from that 

found above by reflecting with respect to the real axis in the w-plane. 
Of particular interest is the case that a = 1/n, where n is a natural 

number. We obtain an angular region with width z/n. In fig. 10.2-3 this 


region is shaded. The inverse function 
z=w (10.2-6) 


is regular everywhere in the angular region and also on the boundary. 
Since the bounding leg which is not the positive real axis is transformed 
into the negative real axis we can extend the function (10.2-6) beyond 
this leg by means of Schwarz’s symmetry principle. Thus we obtain a 
congruent region, unshaded in the figure, which corresponds to the 
lower z-plane. The union of these regions and the common boundary 
correspond to the whole z-plane slit along the positive real axis. 

Repeating the process of reflection we obtain n shaded and unshaded 
regions which correspond to the upper and lower half plane respectively 
by means of (10.2-6) and which cover the w-plane without gaps or 
overlappings. Thus we have verified that w” is a single-valued function 
defined throughout the whole w-plane. 

The pattern plotted in fig. 10.2-3 illustrates a remarkable property of 
symmetry of the functions w’, viz., 


w" = (yw)” (10.2-7) 


with 7 = exp(2zi/n). In fact, multiplying by 7” means a rotation through 
an angle equal to a multiple of 2z/n and this leaves the pattern in the 
w-plane as a whole invariant. 

In this example we encounter the important notion of fundamental 
domain of a group related to a function. It is clear that the rotation 


w= qW, 4 = exp (2zi/n) (10.2-8} 


generates a cyclic group of order n. Two points in the w-plane are said 
to be “congruent” with respect to the group if they correspond under a 
transformation of the group. Now a fundamental domain may be charac- 
terized as follows: 

i) No two points of the domain are congruent; 

ii) Every point of the w-plane is congruent to precisely one point of the 
domain, (see also section 13.2.1). 
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It should be noticed that a fundamental domain is not uniquely deter- 
mined by the group, for from a given domain we may delete a certain 
part and add a part congruent with this. 

It is easy to verify that the domain 0 S arg w < 2zx/n (w = 0 included) 
is an example of a fundamental domain of the cyclic group generated by 
(10.2-8). 

The function w", invariant under the transformations of this group, 
is said to be automorphic with respect to this group. The automorphic 
functions constitute a remarkable class of functions; in subsequent 
sections we shall encounter other interesting examples and chapter 13 is 
devoted to the general theory of these functions. 


10.2.3 — THE EXTERIOR OF AN ELLIPSE 


We start with the problem of representing the z-plane, cut along the 


Fig. 10.2-4. The mapping (10.2-9) 


segment —1 <z <1 onto the exterior |w| > 1 of the unit circle, so 
that the points z = co and w = oo correspond. In view of the results 
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obtained in section 10.2.1 we see that the transformation 


z+1 wit 
w,>=-——, z= 
z—1 w,—-1 


transforms the cut z-plane into the w,-plane cut along the negative real 
axis. The transformation w, = ,/w, transforms this into the half plane 
Re w, > 0 and this half plane corresponds to the exterior of the unit 
circle by means of 


1 
Ye ae 
w2—-1 


We eliminate the auxiliary variables by writing 


thus the relation 


Fig. 10.2-5. The pattern associated with the mapping (10.2-9) 


effects the desired mapping, (fig. 10.2-4). It is clear that it also maps the 
slit plane onto the interior of the unit circle. 

The figure in the z-plane is symmetric with respect to the half lines 
z< —1andz> +1 which correspond to w < —1 and w> +1 in the 
w-plane. Hence, in view of the symmetry principle, the upper half of the 
z-plane is mapped onto the upper half of the w-plane outside the 
unit circle (fig. 10.2-4), the segment —1 < z < 1 corresponding to the 
semicircular arc. As a consequence the interior of the upper half of the 
semicircle in the w-plane corresponds to the lower half of the z-plane. 
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Repeating the process of reflection we obtain the pattern of fig. 10.2-5. 
The function (10.2-9) is automorphic with respect to a group of order 
two generated by the transformation w — 1/w. 
A fundamental domain is evidently the union of the region |w| < 1 and 
the arc|w| = 1,0 S argw <2. 
Next we interchange the symbols z and w and we consider the relation 


vee (+ *) (10.2-10) 
2 4 


Introducing polar coordinates in the z-plane: z = re’ we have 
: 1 1) : 1\ ; 
w=utiv =—(rt+ a cosO+4i{r——-}sin@ (10.2-11) 
2 r r/ 


and it appears that the circle |z| = r > 1 corresponds to an ellipse in 
the w-plane with semi axes 


a= i (r+ *) » b= z (- *) ‘ (10.2-12) 


r 2 r 


If r increases a and b do so too. Hence the exterior of the circle |z] =r > 1 
(or the interior of the circle [z| = 1/r < 1) corresponds to the exterior 
of the ellipse (10.2-11), (fig. 10.2-6). If r tends to 1 the ellipse shrinks into 
thesegment -1S wl. 


Le 


asx 
Op — 


Fig. 10.2-6. The mapping (10.2-10) 


The representation of the interior of the ellipse cannot be obtained in 
this simple way. We shall solve this problem in section 10.2.12, using a 
Jacobian elliptic function. 

Another application of the mapping (10.2-10) which deserves mention 
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is the following. We modify it slightly by writing 
Wy = z+ Z -2, 
Zz 


It is clear that the interior of the unit circle of the z-plane corresponds to 
the w,-plane cut along the segment —4 S w, S 0. This is transformed 
into the w-plane cut along the half ray w < —} by means of w = 1/w,, 
(fig. 10.2-7). Eliminating w, we obtain the function 


aN 


N 


Fig. 10.2-7. The mapping as given by Koebe’s function (10.2-13) 


known as Koebe’s function, which plays an important part in the theory 
of univalent functions to be dealt with in the next chapter. It has the 
remarkable expansion 


w= z+2274+32z9+...= ) vz” (10.2-14) 
all coefficients being equal to the exponent of z. 


10.2.4 — THE DIHEDRAL FUNCTION 


A natural generalization of (10.2-9) is the dihedral function 


ee eras | 
where n is an integer => 2. This function is automorphic with respect to 
the cyclic group of rotations of order n but also with respect to the extend- 
ed group which is obtained by adjoining the transformation w > 1/w. 
This group can be generated by the transformations 
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A:w> nw, H = exp (2ni/n) 
B:w- l/w, 
with the defining relations 
A"=E, B?=E, AB = BA™, (10.2-16) 


The transformation as given by (10.2-15) is the product of 
1 ( 1 ) 
= Wyt nie 
2 Wy 


Wp =W, 


and 


and it is easily seen that the region Imz > 0 is transformed into the 
region 0 < argw < z/n outside the circle |w| = 1. On applying the 
symmetry principle we obtain a pattern of shaded and unshaded regions 
(fig. 10.2-8) which correspond to the upper and lower half of the z-plane 
respectively. A fundamental domain consists of an angular region con- 
taining a shaded and an unshaded part together with a bounding half ray. 


Fig. 10.2-8. The pattern associated with the dihedral function with n = 6 
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The case n = 2 deserves mention. Then the dihedral group introduced 
above has the defining relations 
A?7=E, B?=E£, AB = BA. 


Writing C = AB, we evidently also have C? = ABAB = AABB = E, 
BC = BBA = A= ABB = CB, CA = BAA =B = AAB= AC, The 
group possesses four elements and is known as the four group of F. Klein. 


10.2.5 — THE SEMICIRCLE AND THE SLIT CIRCLE 


In section 10.2.3 we found that the relation (10.2-9) whose inverse is 


w= z+./22—1 (10.2-17) 

maps a half z-plane onto a semicircle in the w-plane, more precisely, 
1 1\ 
Z; = >(w+-] 
2 w/ 


maps the lower half of the z,-plane onto the semicircle |w| < 1, Im 
w > 0. The transformation 


z,4+1 
z= —— 
z,-1 


maps the lower half of the z,-plane onto the upper half of the z-plane. 
Eliminating z, we find that 


2 
z= (+) (10.2-18) 
w—l 
and its inverse 
w= vgel (10.2-19) 
Jz+1 


where Jz is such that it takes positive values for positive values of z, 
maps the upper half of the z-plane onto a semicircle in the w-plane 
(fig. 10.2-9). 
It is easy to see that 
Jz-1\? 
+i (=) (10.2-20) 

Jz+1 
maps the region Imz > 0 onto the interior of the unit circle in the 
w-plane cut along the radius 0 < w < 1, (fig. 10.2-10). It is instructive 
to consider the correspondence between the boundaries in more detail. 
If z increases from 0 to 1 then w decreases from 1 to 0 and if z increases 
from 1 to co then w increases from 0 to 1. If z = —x, x > Othen |w| = 1, 
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hence the negative real axis in the z-plane corresponds to the circular 
part of the boundary 


Fig. 10.2-10. The mapping (10.2-20) 


10.2.6 — THE INFINITE STRIP 


The mapping functions so far employed (except for (10.2-5) if « is 
not rational) are all algebraic. A greater variety of possibilities is obtained 
by considering the elementary transcendental functions too. We start 
with the mapping (10.2-5) and observe that it does not differ essentially 
from 


w= , a>. (10.2-21) 


R 


Now z =0 corresponds to w = —I/a. If «-~0 the angular region 
tends to a strip, for the angular width tends to zero and the vertex to 
— oo. Since 


(aa exp (a log z)—1 Sion 


o a 
as a — 0, it is natural to consider the mapping 


w = logz, (10.2-22) 
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where the logarithm may denote the principal branch. If z = re'®, 

0< 6 2,thenw = logr+i@. Hencea half ray 6 = constant corresponds 

to a horizontal line at a distance @ above the real axis in the w-plane. 

Thus the region Im z > 0 corresponds to the infinite strip 0 < Imw < z. 
The inverse function 


z= expw (10.2-23) 


may be extended beyond the line Im w = z and thus we obtain an un- 
shaded strip corresponding to Im z < 0. Repeating the process of reflec- 
tion on both sides of the strip we find a pattern of shaded and unshaded 


MU 


Vi 


TO 


Fig. 10.2-11. The pattern associated with the logarithmic function 


strips (fig. 10.2-11) covering the whole w-plane without gaps or over- 
lappings. This is in accordance with the fact that the exponential function 
is defined throughout the whole plane. The transformation 


wo wt+2ni 


generates a cyclic group of translations in the vertical direction, the order 
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of this group being infinite. This illustrates the fact that the exponential 
function is automorphic with respect to this group, i.e., this function 
is periodic. The domain 0 S Imw < 2z is a fundamental domain. 


10.2.7 — THE SEMI INFINITE STRIP 


The hyperbolic and circular functions may be obtained from the 
exponential function by simple algebraic operations. Consider first 


wy, = exp, (10.2- 24} 


the mapping of the strip 0 < Im w < z onto the upper hait of the «1,- 


UY VA: 
a Yj 


w) 


Le: 


Fig. 10.2-12. The mapping as given by (10.2-26) 
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plane. If we write w = u+iv then 
w, = e” cos v+ie" sin v. 

Take first v = x and let u decrease from +00 to 0; then w, moves from 
—oo to —1. If now uw remains equal to 0 and v decreases from z to 0 the 
corresponding point w, describes the semicircle Im w, 2 0, |w,| = 1 
from the left to the right. If, finally, v = 0 and u increases from 0 to oo 
then w, increases from 1 to 00. The line u = Ois a line of symmetry of the 
infinite strip in the w-plane and the half of the unit circle in the w,-plane 
is a line of symmetry in the upper half of the w,-plane. It follows from 
Schwarz’s symmetry principle that the half strip Re w > 0,0 < Imw <a 
corresponds to the upper half of the w, plane outside the unit circle, 
(fig. 10.2-12). In section 10.2.3, we found that this region is mapped onto 


\\ 
© 
SS 


SY SY \ 
MQY 
LLEVA 


(ie Y, yy 


\ 

S 
N 

SS 
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YS 
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Fig. 10.2-13. The pattern associated with (10.2-28) 
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the upper half of the z-plane by means of 


z= d (i+ | (10.2-25) 
2 Wy 


and it follows by eliminating w, from (10.2-24) and (10.2-25) that 
z= coshw (10.2-26) 


maps the half strip described above onto the region Im z > 0. Replacing 
w by w/i means a rotation in the w-plane to the right through a right 
angle. 

Hence the function 


z= cosw (10.2-27) 


maps the half strip 0 < Re w < x, Im w < 0, onto the upper half of the 
z-plane. Replacing w by 42—w means a reflection in the origin followed 
by a shift through the distance 4x to the right. As a consequence the 
function 


z= sinw (10.2-28) 


maps the strip —4n < Rew < 42, Imw> 0, onto the upper half of 
the z-plane. Applying the symmetry principle we obtain a pattern of 
shaded and unshaded half strips, (fig. 10.2-13) which is invariant under 
the transformation 


wont-w. (10.2-29) 


Hence the sine function is automorphic with respect to this group of 
transformations generated by (10.2~29). 
The inverse of the function (10.2-28) may be represented as 


= i en . (10.2-30) 
0 me 


We remove the ambiguity if we agree that the argument of the denomina- 
tor is equal to 4(0,+0,—2), where 0, = arg(z+1), 0, = arg(z—1), 
0 < 6,, 0, < x. The integral does not depend on the path of integration. 
If z moves from —1 to +1 along the real axis then w describes the 
horizontal segment —42 < w < in, for then 6, = 0, 6, = 2, whence 
6 = 0. If z> 1 we may write, since 9 = —4z, 


w= 


= Hf Fer 


the argument of the second integrand being 42 if z > 1, so w describes 
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the half line Re w = 42 from below to above. If z < —1 we may write 


we if dt +f dt 
-1/t?-1 -,Jl-2 
; “+ dt fat 
Zz Jt?—1 o Vl-2 


for 0 = 42, i.e., the argument of the first integrand is —}2 if z< —1. 


10.2.8 — THE MAPPING OF AN INFINITE STRIP ONTO A CIRCLE 
It is easily verified that the relation 
w, =e7” =e?’ cos lut+ie” ~ sin 2u (10.2-31) 


effects the mapping of the infinite strip —}2 < Re w < 42x onto the right 


yy Y 


Z Up | 7 GZ, 
ZW) 
ys Y 
Z ZY 
y Vi, Z 
Yi 
Y 4 Cs 
A. Les Yd Za 
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Fig. 10.2-14. The mapping as given by (10.2-33) 
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half plane Re w, > 0. By an argument employed in section 10.2.1 we 
deduce that 

_iw,-l 

iw,t+1 


(10.2-32) 


maps Re w, > 0 onto the interior of the unit circle. Eliminating w, from 
(10.2-31) and (10.2-32) we get 


z=tanw (10.2-33) 


representing the mapping of —in < Rew < 4a onto the region |z| < 1. 
Applying the symmetry principle we see that 42 < Rew < ja 
corresponds to the exterior {z| > 1 of the unit circle and proceeding in 
the usual way we obtain a pattern of shaded and unshaded strips, (fig. 
10.2-14). This pattern is invariant under the group of transformations 
generated by 

wowt+a, 


illustrating the fact that the tangent is periodic with period z. 
The inverse function is 


(10.2-34) 


defined throughout the disc |z] S$ 1 except at z = +i. If z moves on the 
right half of the circumference we have 


1 at 
o 1+? 


? dé 


we aa 4 
w +i| —d0 =in+h| — 
I 1+e¢7? 4 


li 


9 cos 8 
= in—-Htilog tan (4n—}3¢). 


Thus we see that w describes the line Re w = in. A similar expression 
is- obtained if z describes the left half of the circumference. 
If z = iy, then the integral (10.2-34) becomes 


ic., Re w = 0. Hence the right half of the unit circle is transformed onto 
the strip 0 < Re w < 4x. Applying the symmetry principle to the right 
half of the circumference we see that (10.2.34) can be extended beyond 
this arc to the right half of the z-plane. A similar argument holds for the 
left half of the circumference. We conclude that the integral can be defined 
as a single valued function in the whole z-plane slit along two vertical 
half lines issuing from +i and —irespectively. This result is in accordance 
with that obtained in section 1.12.3. 


10.2] EXAMPLES OF CONFORMAL MAPPING 123 


10.2.9 — THE PARABOLA 
We consider the mapping 
w = 2? (10.2-35) 


from another point of view than in section 10.2.2. Let us write w = u+iv, 
z= x+iy. Then 


u=x?-y?, v= 2xy. (10.2-36) 
The image of the line x = 1 has the equation 


vp? = 4(1—u) (10.2-37) 


Fig. 10.2-15. The mapping of the region Re z > 1 as given by (10.2-35) 
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and is, therefore, a parabola whose focus is at the origin and whose vertex 
is the point w = 1, (fig. 10.2-15). If x > 1 then 
v? = 4x7y? > dy? = 4(x?-u) > 4(1—u) 

and thus we see that the exterior of the parabola corresponds to Re z > 1. 
It follows that 

w = (iz+1)? (10.2-38) 
maps the exterior of the parabola onto the upper half of the z-plane. 
To z = 0, 1, —1 correspond w = 1, 2i, —2i respectively. 


RQAXY 


uaa” 
aN 


) 


tity Y Gy, 


GLLETL 1 “f/ 


Fig. 10.2-16. The mapping of a vertical strip onto the interior of a parabolic slit 
along the negative real axis 


10.2] EXAMPLES OF CONFORMAL MAPPING 125 


For the interior of the parabola the problem is not quite so simple. 
Eliminating y from the two relations (10.2-36) yields 


v? = 4x?(x?—u) (10.2-39) 


which represents a parabola whichis in the interior of (10.2-37) if0 <x <1. 
To x = 0 corresponds the negative real axis in the w-plane counted 
doubly. Hence the interior of the parabola slit along the negative real 
axis corresponds to the interior of the strip 0 < Rez < 1, (fig. 10.216). 
Next we consider the transformations 


w= /w, z= expan, 
which combine to rs 
z= exp n/ Ww. (10.240) 
The branch of the root is such that J1 = |. It is clear that (10.240) 
transforms the interior of the slit parabola into the upper half of the 
z-plane. 


Fig. 10.2-17. The mapping as given by (10.2-41) 


Starting again with the mapping (10.2-35) it is easily seen that the 
upper half of the interior of the parabola corresponds to the upper half 
of the strip 0 < Rez < 1, for the segment 0 < w < 1 corresponds to 
y=0, 0 <x <1. The left side of the half strip corresponds to the 
negative real axis in the w-plane. Reflecting with respect to this negative 


126 CONFORMAL MAPPING OF SIMPLY CONNECTED REGIONS {10 


real axis we obtain a parabola slit from 0 to 1, (fig. 10.2-17), which 
corresponds to the semi strip —1 < Rez < 1. It is now clear that the 
relation 

z= sinin/w (10.2-41) 


Fig. 10.2-18. The mapping as given by (10.2-43). 


maps the parabolic region slit from the focus to the vertex onto the 
region Imz > 0. In particular the line v = 0, u <0 corresponds to 


z = fi(e*¥#—e7 #4) = i sinh 4n/u, 
that is to say the positive part of the imaginary axis. Writing 


z, = sinda/w (10.2-42) 
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it follows that the upper half of the parabolic region is transformed onto 
the first quadrant of the z,-plane and this is carried into the upper half 
of the z,-plane by means of z, = z?. The relation 


z3 = 1—z, = 1—z? = cos*4a/w 


effects the mapping onto the lower half of the z3-plane such that to the 
half ray w < 1 corresponds to z, > 0. This is at once clear ifO0< w< 1 
and it follows from z; = cosh? 4,/w if w > 0. On applying the symmetry 
principle we find that the whole interior of the parabola corresponds to 
the z-plane slit along the negative real axis. Hence z, = cos 4n,/w 
transforms this into the right half z,-plane and 


z = icos4n,/w (10.2-43) 


gives the solution of the problem of the mapping of the interior of the 
parabola (10.2-37) onto the upper half of the z-plane, (fig. 10.2-18). 


10.2-10 — THE RECTANGLE 


A new aspect of the theory of conformal mapping is shown if we leave 
the field of elementary functions and turn our attention to the elliptic 
functions. We start with Legendre’s integral 


3 dt 
w if Ja-ea—e ey’ O<k <1. (10.2-44) 
As usual z varies throughout Im z = 0. The integral is regular at each 
point of the real axis, except at z= +1, z = +1/k, where it is still 
continuous. We agree to take that branch of the square root which takes 
the value 1 at z = 0. This can be specified as follows. Let 6,, 62, 03,04 
denote the principal arguments of z+ 1/k, z+1, z—1 and z—1/k respec- 
tively, therefore these angles are between 0 and zx (these values included). 
The argument of the denominator in (10.2-44) is chosen as 


6 = 4(0,-7+0,—27+03+64), 


ie., the argument of the integrand is —@. It follows that the argument 
of the integrand is 0 for z between —1 and +1, for then 0, = 6, = 0, 
6, = 0, = 7. The argument is 4x for z between 1 and 1/k and for z 
between —i/k and —1. Finally the argument is a for z > 1/k and 
z< —I/k. 

If z moves from 0 to | the integral is a steadily increasing function and 
takes the value 


; dt 
: 54 JG-2)0—K) (10.2-45) 
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(in accordance with (5.144). If z is between 1 and 1/k we may write 


ig dt 
w= k+i{ — : 10.246 
1 Vena) ake 
It must be confessed that the integrand is not regular at z = 1, but the 
integral is continuous there and we may avoid the singularity by a smail 
indentation. If we let its radius tend to zero we obtain (10.246). If 
z— 1/k the second integral becomes 


Uk dt 
J Mea) 


This integral can be thrown into a more elegant form by making the 
substitution 
1 
i tas 
J(l-k7t'?) 
where 
k'= Jl —k2, 


Omitting afterwards the primes at the variable t’ we find 


i dt 
Ki = | eee aes 10.2-47 
5 a=) eer 
Hence to z = 1/k corresponds w = K+iK’. Thereupon we let z vary 
between 1/k and oo and we get 


i dt 
w= K+ik’— J a ae 
1/k V(?-1(?? -1) 


If we perform the substitution ¢’ = 1/kt the last integral becomes 
(omitting the primes) 

1/kz dt 

1 ¥0-P\-#P) 
and making z— oo it becomes —K. Thus to z = 00 corresponds iK’. 
The other half of the real axis may be treated in a similar way and thus 
it appears that the real axis, percorsed from the jeft to the right, corres- 
ponds to the perimeter of a rectangle with vertices K, K+iK’, —K+ik’, 
—K, percorsed in the counter clockewise sense. If wo is a point inside 
the rectangle the winding number is exactly +1, for the mapping of the 
real axis onto the perimeter is one-to-one. Hence, in view of the last 
theorem of section 10.1.1: 

The function (10.2-44) maps the upper half of the z-plane univalently 

onto the interior of a rectangle with sides 2K and K’, 
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As a consequence the function is invertible within the rectangle and 
on the sides. If —1 < z < 1 its inverse is the Jacobian sine (section 
5.14.1 and 5.14.7), for the substitution ¢ = sin @ leads to 


pare sinz 


do 
0 V1-k? sin? 


On account of the identity principle (section 2.11.2) we, therefore, have 


w= 


z=snw, (10.248) 


the modulus of this function being equal to k. 
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Fig. 10.2-19. The pattern associated with the mapping (10.2-44) 


S 


Applying the symmetry principle it is easily seen that this function is 
extensible throughout the whole w-plane and is everywhere holomorphic 
except at isolated poles, viz. at iK’, mod (2K, 2iK’). The w-plane can be 
covered smoothly by shaded and unshaded rectangles of width 2K and 
height K’, (fig. 10.2-19), corresponding to the upper and the lower half 
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of the z-plane respectively. This illustrates the double periodicity of the 
Jacobian sine. Otherwise stated: the Jacobian sine is automorphic with 
respect to the group of translations generated by 

w—7>wt+d4k, w—>wt+2iK’. (10.2-49) 


A fundamental domain is a period parallelogram containing two shaded 
and two unshaded rectangles. 

Let us now assume that a rectangle is given, with the vertices a, 
a+ib, —a+ib and —a, where a and 6 are positive. First we evaluate 


.b 2 ( *) 
t=i-, g = exp nit = exp([—2- 
a a 


and with the theta functions belonging to this value of t we find from 
(5.15-6) and (5.15-9) 
_ 92(0) 
~ 9300) 


or, which amounts to the same, 


K = 4793(0), (10.2-50) 


K= | r eSf,... 7 
o V1—k? sin 2 
Now the desired mapping is 


K 
z=sn—~, (10.2-51) 
a 


k being the modulus of the Jacobian function. 

For later applications we need to know the image of the line segment 
connecting the midpoints of the vertical sides of the rectangle mapped 
by (10.2-48), i.e., the segment connecting the points K +iK’ and —K+iK’. 
This segment is the set of points u+4iK’, where wu is real and between 
—K and +K. The image is 


z = sn(ut+4ik’) 


and we contend that this image is a semicircle. 
The proof of this assertion requires some computation. In the addition 
theorems (5.16-7) we put a = 6 and we find 


2snacnadna 


sn 2a = 
1—k? sn* a 
cn? a—sn? adn’a 
1—k* sn" a 
dn? a—k? sn? acn?a 
dn 2a = ———_____—_______ 


1—k’ sn‘ a 
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fhese equations are remarkable since it is possible to solve sn?a, cn?a 
and dn?a rationally. We need only an expression for sn?a. Some compu- 
tation yields, taking into account (5.14-8) and (5.14-10), 


2 1-cn2a 
sn* a = ———_.. 
1+dn2a 
In this equation we put a = u+4iK’. Using (5.16-11) we easily find 


ik sn 2ut+idn 2u 


2 sur 
sn*(u-+4iK’) = 3 
ere) k sn2u—icn2u 


Referring again to (5.14-8) and (5.14-10) we see that the modulus of 
the numerator and that of the denominator in the second fraction are 
both unity provided wu is real. Hence 


1 
sn (u+4iK’) |= —, 10.2-52 
[sn (u+4iK’) 7: ( ) 
that is to say: the image of the segment connecting the midpoints of the 
vertical sides is the arc of a circle with radius 1/,/k above the real axis, 
(fig. 10.2-20). 


Fig. 10.2-20. The image of the midline of a rectangle which is mapped onto the 
upper half plane by means of (10.2-48) 


132 CONFORMAL MAPPING OF SIMPLY CONNECTED REGIONS [10 


10.2.11 — THE RECTANGLE (continued) 


An alternative approach to the problem of mapping a rectangle is 
possible by means of Weierstrass’s elliptic integral 


co 
w= { aes. ew (10.2-53) 
z 4Pg3t—g, 

where g, and g; are real and such that the polynomial in the denominator 
has real roots €;, €2, €3, (¢3 < e, < e,). Again z varies through Im z = 0 
and it is easily verified that the integral is continuous at z = oo. The 
path of integration may be any curve connecting z with a point on the 
real axis, combined with a half ray on the real axis issuing from this point. 
As we shall see presently it is of no importance whether this half ray 
tends to the right or to the left. Jt is necessary to select a branch of the 
square root occurring within the sign of integration. Let 0,, 0, and 0, 
denote the arguments between 0 and z (these values included) of z—e3, 
z—e, and z—e, respectively. We take the argument of the dominator 
as 0 = 4(0,+0,+6;), ie., that of the integrand as —8. 

The further discussion will be facilitated by the following considera- 
tions. The integrand is holomorphic in the region Im z > 0 and regular 
at each point of the real axis, except at e,, e2, e3 and oo. At these points, 
however the integral is continuous. Let C denote a contour consisting 
of a semicircle z = |R[, Im z > 0, completed by the segment -RSzSR. 
Along this contour the integral 


[ W(t)dt, 


where 
1 


V4(z—e,)(z—en)(z es) 


is zero (possible singularities can be avoided by small indentations). 
On the other hand the integral tends to zero like R7* as R > oo. Hence 
the integral taken along the whole real axis is zero. 

If z increases from e, to oo the argument of the denominator is 0 and 


1 
V4(z —e1)(z—e2(z—es) 
where the square root is positive. Hence w decreases from 
. dt 
ex V4 —g,t-93 


(compare (5.13-9)) to zero along a linear path. 


W(z) = 


W(z) = 


o= 


10.2] 


If z is between 
Hence 


= 
ll 


iI 


since 
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—oco and e3, the argument of the integrand is }z.. 


es) : re) dt 
J a | J4(e, —1)(e2—1)(es—1) 


we at 
—| —$— $$$ 
Jaz V4(t+e,)(t+e2\t+es) 


ot f dt 
-2V4(t-+e;)(t+en)(t + e3) 


i dt at 
oo V4(t+e,)(t+en)(t+es) 


If z tends to e3 then w tends to 


~i 
Next we observe 


0= iM W(t)dt 


P dt _ _;2 = £8 
-es V4 —got+g3 i 


that 


(es fez ey cs) 
= J ' W(t)dt+ J. W(t)dt+ ip W(t)dt+ r W(t)dt. 


We already know that 


o= | wow. 


On the other hand 


“s res dt o dt ; 
| w(dat = -i[ taf a a. 
-0 0 V4—g.t+g93 -e3 V4—9,t+93 


Hence 


[ winars [| W(t)dt = —w-a’. 
e3 e2 


The first integral on the left is real, the second is purely imaginary. It 


follows that 


i W(t)dt = o, { W(t)dt = a’. (10.2-54) 


Taking into account the fact that the argument of the first integral is —7 
= m (mod 2z) and that of the second integral is —4x = 3x (mod 27) 
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we have the following expressions for the half periods w and w’ 


o=[- g (10.2-55) 
e3 V4 -g,t-g3 ; 


and 


(10.2-56) 


If z is between e; and e,, then 
9) e2 fer ~ 
-{ W(t)dt -{ W(i)at+ | mciacs | W(t)dt 
Zz Zz e2 e1 


€2 
= f W(t)dt—w'+@ 


varies between —w—w’+w@ = —q@’ and —w’+q ona rectilinear path. 
Finally, if z is between e, and e, then 


w= [wear " W(t)dt = ie W(t)dt+o 


varies between —w'+qa and @ on a rectilinear path. 

By means of the same arguments as employed in the previous section 
we may deduce that the upper half of the z-plane corresponds uni- 
valently to the interior of the rectangle with vertices 0, —w’, —w’ +o, w 
(fig. 10.2-21). 

The function (10.2—53) is invertible, its inverse is denoted by 


Z = ((W; 92, 93)- (10.2-57) 


This function is defined throughout the closed rectangle mentioned above 
(w = 0 being a pole) and coincides with the Weierstrass pe function 
on the real axis. Hence it is identical with the Weierstrass pe function 
(compare section 5.13.1). 


Assume that w > 0 and w’/i > 0 are given. Then t = w’/@ is known. 
From (5.10-2) and e,+e,+e; = 0 we deduce 


2e, +e; = ot 4(0), 


whilst 


e;—e3 = zs 3(0). 
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Fig. 10.2-21. The mapping (10.2-53). 


Hence 
e, = 1 ™ (94(0)+9%(0)). 
34m 
Similarly 
e = += 3 *(94(0)- 93(0)) 
and 


e3 = — sas “, (940) +94), 


all theta functions belonging to the above value of t. 
An interesting particular case is presented by a square. Then iw = a’ 
and from (5.8-8) it follows 


t=i, qe. (10.2-58) 


From Jacobi’s imaginary transformation (section 5.10-3) we deduce 
9,(0) = 8,(0), whence e, = 0, ey = —e3. We take w such that e,; = 1. 
The pe function is o(w; 4, 0) now and from (10.2-55) follows 


te Ute SAY. eee A at (oe idhy ed 
Sl saigaca Ne aa ak Fan 4B(4, 3). 
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An easy computation yields, (sections 4.6.13 and 4.6.14), 


1 
iy ee 


ye r(3). (10.2-59) 


Summing up we have: 
The function 


z= @(a; 4,0) (10.2-60) 


maps a square with side length (10.2-59) onto the upper half of the z-plane. 

By a geometric reasoning based on the symmetry principle we may 
obtain other interesting results. We start again with (10.2-60), the 
inverse mapping being 


* dt 
w= ————$—__—F 0. —6 
J V41(? 1) eee 


Now we observe that along the imaginary axis in the upper half of the 
z-plane the argument of the integrand has a constant value, viz. —3z. 
Hence w describes a straight line as z moves along this axis. Since 
w(co) = O and w(0) = w(e,) = w—a’ the point w describes the diago- 
nal joining the points 0 and w—q@’, (fig. 10.2-22). It is now easily 
seen that the triangle with vertices w, 0, —w’ (= —imw) is mapped 
onto the first quadrant in the z-plane. It follows that 

A triangle with angles 4n,4n, 40 can be mapped univalently onto the 
upper half of the z-plane by means of the function 


z= (7(w; 4,0). (10.2-62) 


Fig. 10.2-22. The mapping of a triangle onto a quadrant by means of (10.2-60) 
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The image of the diagonal connecting @ and —w’, which is also 
a line of symmetry for the square, is readily fcund if we apply the 
formula (5.5-5). Observing that this diagonal is characterized by 


w = (l-—)ow-—itw = o-t(w+io), Osrsl, 
(fig. 10.2-23) remembering the fact that the pe function is even, we have 
2 _ O(t(@t+io))+1 
O((@+tio))—1 (t(a+iw))—1 


The line w = t(w+im), however, is obtained by reflecting the diagonal 
from 0 to w—iq in the real axis and on this diagonal the pe function takes 
purely imaginary values. Hence ((t(w+ iw)) is purely imaginary and it 
follows that |¢(w)| = 1, if w describes the diagonal from w to —io. 


o(w) = 14+ 


Fig. 10.2-23. P = t(w+o’), P’ = —t(w+o’), OQ = w—-t(w+w’) 


The image is a semicircle in the z-plane. The interior of the triangle @, 
0, —iw is transformed into the upper half of the z-plane outside the 
semicircle and it is clear that 1/fo(w; 4,0) maps this triangle onto the 
lower half of the unit circle. Taking the square root we find a corre- 
spondence between the triangle and a quadrant of a circle. Applying 
again Schwarz’s symmetry principle several times we find 
The relation 
2 1 


re et 10.2-63 
G(w; 4, 0) ! 
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defines a univalent mapping of a square with diagonal length 
RES 
2,/2n 
onto the interior of the unit circle in the w-plane. 

The vertices of the square are w, iw, —w, —io, (fig. 10.2-24). 


20 = T?(4) (10.2-64) 


Fig. 10.2-24. The mapping of a square onto a circular disc by means of (10.2~63) 


In all these examples the figures in the w-plane are specially situated. 
But by the movement w > c;w+cp, |c,| = 1, we can carry them into 
any other situation. 


10.2.12 — THE INTERIOR OF AN ELLIPSE 


In the w-plane we consider an ellipse with semi axis a and b. We can 
represent the ellipse by means of the equation 

2 

u v 

3 re) = 1. (10.2-65) 


For the sake of convenience we assume that the foci are situated at the 
ponts +], ie., 
a*—b* =1, a>. (10.2-66) 


We contend that the mapping 
w = sin Z, (10.2-67) 


transforms the upper half of the interior of the ellipse into a rectangle 
in the z,-plane. If z, = x,+iy, then 


sin x, cosh y,, 
cos x, sinh y, 


: (10.2-68) 


and if y, =/h is a fixed number, then these equations represent the ellipse 
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(10.2-65) in parameter form, provided / satisfies the relations 


coshh = a, sinh h = 8, 
that is to say 
tanhh = a 
a 


or 


h= pion = log (a+b), 
a-b 


taking into account (10.2-66). 


Fig. 10.2-25, The mapping of the interior of an ellipse onto a circular disc 


From (10,2-68) we easily deduce that the segment -1S wl 
corresponds to the segment —42 < x, S42, y,; =0, the segment 
l<swsato x, =472, OS y, SA, the segment -asSws< —|1 to 
x, = —4n, 0S y, SA and the elliptical arc to the segment y, = A, 
—4n S x, S jn, (fig. 10.2-25). 

It is necessary to employ atrick now. We do not map this rectangle, for 
then afterwards the symmetry principle does not yield the whole interior 
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of the ellipse (but that of a slit region as may be seen afterwards). 
Instead we map a rectangle of the same width, its height being however, 
doubled, i.e. 2h. As in section 10.2.10 we define 

2hi 4hi 4i 1 

tata t= log(at+b), g=——. (10.269) 

nl2 oo tr (a+b) 
Then & and K of the corresponding Jacobian sine can be evaluated and 
the desired mapping is 


2K 
Z, = sn — Z,. (10.2-70) 
T 


In section 10.2.10 we proved that the segment connecting the points 
4a+ih and —4x+ih is transformed into the arc of a semicircle with 
radius 1/,/k. It is easily verified that the w-plane is mapped onto the 
Z,-plane in such a way that the rectilinear part of the semi-ellipse 
corresponds to the horizontal diameter of the circle, whilst the elliptical 
arc is carried into the circular arc. Applying the symmetry principle 
we find that the elliptical region is transformed into the interior of the 
circle with radius 1/./k, and that finally this is changed into the unit 
circle by means of z = z,,/k. Thus 
The elliptical region bounded by the ellipse 
2 

ssh el, a?—b? = 1, 
in the w-plane, is mapped onto the region |z| < 1 in the z-plane by means 
of the transformation 


z= ./ksn (= arcsin w) : (10.2-71) 


where the modulus and the quarter period are determined by (10.2-69). 


10.2.13 —- THE ANNULUS 


The method used for the mapping of the interior of an ellipse can also 
be employed to map an annulus bounded by two concentric circles. 
This is, however, not a simply connected region and therefore we cannot 
expect that an image is the interior of a circle. As we shall see it is possible 
to map the annulus onto the interior of a unit circle slit along a seg- 
ment, hence also a doubly connected region. 

In the w-plane we consider an annulus bounded by two circles around 
the origin with radii R,, R,, (R, < R,). By means of 


(10.2-72) 
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Fig. 10.2-26. The mapping of an annulus onto a slitted disc 


the upper half of the annulus is transformed into a rectangle in the z,- 
plane with height x and vertices at 4 log (R,/R,) and —4 log (R2/R,), 
(fig. 10.2-26). The semicircles correspond to the left and the right 
vertical sides respectively. Next we determine t from 
4ni 
t= —___ 
log (R2/R;) 
in order to map the rectangle with double height. This rectangle is 
mapped onto the upper half of the z, plane by means of 
2K 
= sn —______z, 
log (R2/R,) 


(10.2-73) 


(10.2-74) 


and we see that the upper half of the annulus corresponds to the interior 


142 CONFORMAL MAPPING OF SIMPLY CONNECTED REGIONS {10 


of a semicircle with radius 1/,/k as in the previous section. The rectilinear 
parts of the boundary of the semiannulus correspond to the segments 
between 1 and 1/,/k, and —1/,/k and —1 respectively. The largest arc 
corresponds with the semicircle in the z,-plane and the smallest arc 
with the segment between 1 and +1. Applying the symmetry principle 
we find that the whole annulus corresponds to the circle with radi- 
us L/k slit from ~1 to +1. Performing the final transformation 
z= Za/k we have 

An annulus bounded by the circles |w| = Ry, w = |R,|, Ry < R, in the 
w-plane can be mapped by means of 


z= jks 


fe 2 ioe te 10.2-75 
“ieceley ee) 00279 


onto the interior of the unit circle in the z-plane cut along a horizontal 
segment —Jk sx Ais Here k is determined by (10.2-73). 

It should be noticed that the length of the slit is determined by &, i.e., 
by the ratio of R, and R, . It can be proved that it is not possible to modify 
the mapping in such a way that the slit takes an arbitrary length. Hence 
two annuli are then and only then conformally equivalent if the ratio of 
their radii is the same. 

If we had taken 


3 2ni 
log (R2/R,) (10.2-76) 


a simple reasoning would have led to the result 
An annulus bounded by the circles \w| = R,, |w) = Ro, Ry < Ro, 
in the w-plane can be mapped by means of 


K 
zZ=sn ( Z log 2 ) (10.2-77) 
Mog R/R, ~~ JR, R, 


onto the whole z-plane slit along the segments 1S x S \/k and 
—I/k S x S —-1, where k is determined by (10.2-76) now, (fig. 10.2-27). 


Fig. 10.2-27. The image of an annulus as given by (10.2-77) 
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Finally we mention that the above annulus can be mapped by means of 


z= (iog ~) ; (10.2-78) 
Ry 
where the pe-function is determined by w = log (R2/R,) and w' = zi, 
onto the whole z-plane slit along the half line x < e, and the segment 
€, Sx S e,, (fig. 10.2-28), where e,, e, and e3 have the usual meaning. 
We leave the details to the reader. 


Fig. 10.2-28. The image of an annulus as given by (10.2—78) 


We conclude this section by establishing the following theorem: 

There does not exist a function f(z) which provides a bicontinuous map 
of the annulus r, S \z| S 1 onto the annulusr, S |z| S 1,r, #12, in such 
a way that f(z) is univalent on r, < |z| < 1. 

Bicontinuous means that f(z) is continuous and has a continuous inverse. 
It is understood, of course, that f(z) is holomorphic in the interior of the 
annular region. 

If such a function exists we can extend it, by symmetry to a region 
0 < |z|. The extension is called f(z) again. It has no singularity at z = 0 
and, evidently, f(0) = 0. Similarly f(z) has a pole at z = oo. Hence f(z) 
is an automorphism of the extended plane and, therefore, has the form 


az+b 
cz+d 
Since f(0) = 0, f(00) = o, |f(z)| = 1 for |z| = 1 it is easily seen that 


S(z) = ez. It follows that | f(z)| =r, for |z| = r,, in contradiction with 
the fact that by assumption |f(z)| =r, #1. 


10.3 — The mapping of a polygon 
10.3.1 — JORDAN’S THEOREM FOR A POLYGON 


Generally speaking the problem of finding a function which transforms 
a given simply connected region into the interior of the unit circle (or 
the upper half of the complex plane) is very difficult, for in advance 
we do not know sufficiently about the special properties of the function. 
In most cases we cannot find a useful analytic expression and we are 
obliged to use numerical methods. In the case of a polygon, however, 
a systematic theory exists and we can write down an explicit formula 
solving the mapping problem. 
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First we wish to prove a theorem about closed polygons which is an 
elementary counterpart of Jordan’s theorem, referred to in section 1.2.5. 
It is not our aim to expose all mathematical details which are necessary 
if we would attain satisfactory rigour, but we prefer to throw light on 
the main points which are important for the adaptation of geometric 
reasoning to obtain a solid understanding of basic function theoretic 
aspects. 


Fig. 10.3-1. Jordan’s theorem for a polygon 


A closed polygon consists of n finite points p,,...,p,, the vertices, 
and the connecting line segments p,p2, P2P3,---» PaPr, the sides. If 
we omit the last segment the polygon is called a polygonal arc connecting 
the points p, and p,. A closed polygon is called simple if all vertices are 
different, no vertex is on a side and no two sides intersect. It is our inten- 
tion to prove: 

A closed polygon divides the (open) plane into two parts such that 
1) each point which does not lie on the polygon belongs to precisely one part, 
2) it is impossible to connect a point of one part with a point of the other 
part by a polygonal arc which does not meet the given polygon; 

3) the end points of a segment which cuts one side of the polygon belong to 
different parts, (fig. 10.3-1). 

Let p denote a point not on the polygon and consider a half line issuing 
from p. We define the number of intersections of this half ray in the follow- 
ing way. If the ray crosses a side between the vertices it is counted as an 
intersection. If the ray passes through a vertex p, it is counted as an 
intersection if the adjacent sides are on different sides of the ray. If, 
finally, one or more successive sides are on the ray, then it counts as an 
intersection, provided the adjacent sides are on different sides of the ray. 

Let now L, and L, be two half rays issuing from p. We assert that the 
sum of the numbers of intersections of these rays with the polygon is 
always even. In order to prove this we divide the sides of the polygon in 
parts, such that each part meets only one of the half rays L, or L,. The 
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end points of these parts (that are the original vertices and possible newly 
introduced points) are denoted in order by q,,...,4,. To each point 
q, we relate a number x; having the value 0 or | according as q; is inside 
or outside the angle formed by L, and L,. If g; is on one of the legs of the 
angle we put g; = g;,-1 (it is understood that the enumeration is such 
that g, is not on a leg). The difference x;,,—K; is always zero, except 
when between q; and q;,, or at g; or along the side g;_ , g, an intersection 
occurs. Then «;4,—-k,; = +1. The number of terms in the identity 


(Ky —Ky) + (K3—K2)+ «2. +(Ky—Ky-1) + (kK, —K,) = 0 


equal to 1 is the same as the number of those equal to —1. Hence the 
number of intersections is even. 


Fig. 10.3-2. The interior and the exterior points of a polygon (schematic) 


Now we define: If the number of intersections of the half ray issuing 
from p (not on the polygon) is odd, then we call p a point of the first kind. 
If, however, this number is even, then p is called a point of the second kind. 
As pointed out above this distinction is independent of the choice of the 
half ray. Thus we proved 1). 

Let now p and q denote two points not on the polygon such that the 
segment pg does not meet the polygon. The half ray from p through g 
can be divided into the segment pg and its extension issuing from 4. 
It is clear that both half rays have the same number of intersections, 
ie., p and g are of the same kind. This proves 2). By the same argument 
we see that the end points of a segment pg which crosses exactly one 
side of the polygon are of different kind. Thus we proved 3). It is common 
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practice to call the points of the first kind the internal points of the poly- 
gon and those of the second kind the external points. In fig. 10.3—-2 the 
set of internal points of the polygon is shaded. In addition we have the 
lemma: 

If p and q are end points of a segment which crosses just one side of a 
closed polygon L between its vertices, then the winding numbers of L with 
respect to p and q differ by unity, i.e., 


Q,(p)—2,(9) = +1. (10.3-1) 


Let pPyPy+1 be the side of the polygon crossed by the segment. We 
assume that L is percorsed in a certain sense, e.g., in the sense py,.. +5 Dye 
There is a square Q with vertices p,, P41 Po» Yo Such that if Q is percorsed 
in the appropriate sense the orientation induced by p,p,41 is opposite 
to that induced by ZL, (fig. 10.3.-3). Hence in the chain Ly =L+Q this 


Go 


Fig. 10.3-3. Proof of (10.3-1) 


segment is missing (for it is percorsed in two opposite ways). Since the 
winding number depends continuously on the reference point we may 
assume that at least one of the points p or q, let us say gq, is inside Q. 
Then the other is outside and we have 


21(9) = 21,-0(4) = 21,(9)-20(9) = Q,,(9g)+e, & = £1, 
Q4(P) = Q1,-o(P) = Q1(P)- Qo(P) = 21,(P)- 


Since the segment pg does not meet Lp we have Q,, (p) = 2,,(g). Hence 
(10.3-1) is true. 

A consequence is 

The winding number of a closed polygon with respect to an internal 
point is odd, that with respect to an external point is even. 

This is a direct consequence of the above lemma and of the fact that 
the winding number depends continuously on the reference point. 
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10.3.2 - THE MAPPING OF THE INTERIOR OF A POLYGON 


We are sufficiently prepared now’ to establish the following basic 
theorem: 

Let w(z) be holomorphic throughout |z| < 1 and univalent and continuous 
on |z| = 1. Assume that the image of this circumference is a closed polygon. 
Then w(z) is univalent throughout the disc. 

Since w(z) is univalent on |z| = 1 the image is a simple closed polygon. 
Let wo denote a point on a side between two vertices corresponding to Z 
on the circumference and Cp a sufficiently small circle around wo (such 
that it intersects the polygon in two points only on the side through wo), 
(fig. 10.3-4); this side divides Cy into two parts. 


Fig. 10.3-4. Univalence of the mapping function 


{1 5 > Ois chosen suitably the image w(z) of a point z with |z—z,| < 6 
1s inside Cy. All these images belong to the same part, for if |p—Zo| < 4, 
\9-—Z9| < 6,|p| < 1 and |g] < 1 and w(p) and w(q) are in different parts, 
then the image of a curve connecting p and g which lies in |z|<1 is a curve 
connecting w(p) and w(q), which lies inside Cp, This curve, however, meets 
the common boundary of the parts, in contradiction with the fact that 
the mapping is univalent on |z| = 1. Hence the points of one part are not 
images of points inside |z| = 1, and, consequently, the winding number of 
the polygon with respect to these points is zero, as follows from the second 
theorem of section 10.1.1. In view of the lemma of the previous section the 
winding number with respect to any point of the other part is +1. Since 
the image of |z| < 1 is connected, the polygon has the same winding 
number with respect to every point of this image, this number being either 
+1 or —1. If the circumference |z| = 1 is percorsed in the counter 
clockwise sence this number cannot be —1, for w(z) has no poles inside 
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|z| = 1. Referring again to section 10.1.1 we may conclude that the 
function w(z)—w, where w, = w(z,), |z1|< 1, has exactly one zero, i.e., 
the function w(z) takes the value w, just once. 

It is now clear that the polygon L, the image of |z| = 1, divides the plane 
in exactly two regions. The region of the internal points is characterized 
by the fact, that the winding number of L with respect to each of its points 
is unity. They are the images of the internal points of |z| < 1. The region 
of external points is the set of all points with respect to which the winding 
number of L is 0. 

Applying a linear fractional transformation we may replace the disc 
|z} < 1 by the closed half plane Imz 2 0 (with the point oo added); 
the circumference of the circle corresponds to the real axis. Thus we have 

If a function w(z) is holomorphic in the half plane Im z > 0 and con- 
tinuous and univalent on the real axis, and if it transforms this axis into a 
closed polygon, then this function transforms the open half plane univalently 
into a region bounded by the polygon and the closed half plane into the 
closure of the polygon. 


10.3.3 — THE SCHWARZ-CHRISTOFFEL FORMULA 


It is to be expected that an appropriate generalization of the formulas 
discussed in the sections 10.2.10 and 10.2.11 will provide us with a formula 
which effects the mapping of the upper half of the z-plane onto a region 
bounded by a polygon. Let a,,..., @,-, be finite real numbers such that 


a, <A, <...<4,_,,n>1. 


We consider the integral 


=e dt 
v= hi aaa Imz20,Imz),20 
zy (t—a;)".. . (t—4,-1) (10.3-2) 
where 4,,..., 2,—, are real numbers such that the integral is continuous 
at @,,...,@,-1. This requires A; > —1,...,A,_, > —1. To investigate 


the behaviour at z = 00 we perform the substitution ¢ = 1/t' and after 
omitting the primes we find 


‘i dt 
w=- = —: 
Vijay POO OG a"... (lay 


Hence the integral is also continuous at z = oo if 4,=2—(A,+...+4,-1) 
>-—I. On geometrical grounds it will be necessary to suppose 
A, <1,...,4, <1 as we shall see presently. Hence to (10.3-2) are 
associated n real numbers /,,...,4,, such that 
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-1<A,<1,...,-Il1<4,<1, (10.3-3) 
and 
Ay... +4, = 2. (10.3-4) 


Without further comment the integral (10.3-2) is not uniquely defined; 
we must make an agreement about the argument of the integrand. We 
assume Im z= 0 and we take 6, = arg(z—a,),k =1,..., n—1, such 
that 0 < 6, S x. The number 


6 = 1,0,+ ..- SR 


will be taken as the argument of the denominator of the integrand, i.e., 
—6 is the argument of the integrand itself. The integrarid is holomorphic 
throughout Im z > 0 and continuous at every point of the real axis: 
Zp is an arbitrary point of Im z2 0 and the path of integration can be 
taken at will. For the sake of convenience we denote the integrand in 
(10.3-2) by W(t). Let x’ denote a point between a,_, and a,, (a,_, 
= —o ifk = 1), and x’ a point between a, and a,44, (Q4, = © if 
k = n-—1). Let the argument of W(x’) be g. Then the argument of 
W(x") is p+A,x. Hence 


w(a,)— w(x’) =  [im(olat 


Thus we see that w(z) describes a linear segment as long as x’ is between 
a,-, and a,. Further 


w(x"”)—w(a,) = cher |W(1)|d0 


@ 


Fig. 10.3-5. Behaviour of the integra! (10.3-2) at a point a, 
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and w(z) also describes a linear segment as long as x” describes the 
segment a,4,,,. It is clear that the angle between the vectors w(a,) 
—w(a,-1) and w(a,4;)—w(a;,) is A,2, (fig. 10.3-5). We can also say 
that the argument of the integral increases by 2,2 if z passes through the 
point a,. 

We introduce the numbers 


by = way), ..-,5,-1 = wla,-1), 6b, = woo). 


The preceding discussion leads to the result that the real axis is trans- 
formed into a closed polygon. If z moves from — 00 to +00 the argument 
of the integral increases by (Ay+...+4,-1)a = (2—A,)n = —A,n 
(mod 27). Hence the angle between b,_,5, and 5,5, is 4,7. These angles 
are called the exterior angles of the polygon. By the interior angles we 
understand the numbers 


a, = (1—A,)n,...,4,7 = (1—A,)n (10.3-5) 


and, evidently, 
Ot... +a, = 2-2. (10.3-6) 


Now we make the additional assumption that this polygon has no multiple 
points. Then we may apply the second theorem of the previous section. 
Hence 

The integral (10.3-2) transforms the region Imz > 0 into a region 
bounded by a polygon with angles (10.3-5), provided the exponents in the 
denominator are subject to the conditions (10.3-3) and (10.3-4) and the 
integral is univalent for real values of z. 

The formula (10.3-2) is called the Schwarz-Christoffel formula. It 
should be noticed that it is, in general, rather difficult to tell from this 
formula whether it transforms the real axis into a polygon without 
multiple points. In the case of a triangle there is no difficulty. 

The length of a side 5, b,,,, may be evaluated from 


ity 7 W(t)dt 


It may be happen that 2, = 0. Then the angle at 5, is z and the image 
is an (n—1)-gon. 

Given an n-gon with vertices b,,..., 5, the numbers 4,,..., 4, 
are known and we can write down the integral (10.3-7) with un- 
determinate values of a,,...,@,-1. Since also cyw+c, is a mapping 
onto a polygon we can take e.g. a, = 0, a, = 1 and evaluate c, and 
cz such that b, corresponds to a, and b, to a,. There remain n—3 
values of a, which correspond to b;, (¢ = 3,...,m—1). The evaluation 
of these constants is an extremely difficult problem and a general 


1, = |w(ax41)—w(a,)| = . (10.3-7) 
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solution is not known. In the particular case of a rectangle we are able 
to solve this problem by means of the Jacobian thetafunctions as we 
have seen in the examples of section 10.2.10 and 10.2.11. 

In particular applications it is sometimes convenient to change the 
sign of one or more monomials in the denominator of W(t). This means 
only a change in the argument. Thus, for instance, (a,—z)** contributes 
A,(O,+%) or A,(0,—2) to 8. 

By a simple transformation we can also derive a formula which effects 
the mapping of the interior of a circle onto a polygonal region. The 
linear fractional transformation (10.2-3), now written as 


142’ 
z=i ; 
1-2’ 


(10.3-8) 

maps the interior of |z’| = 1 onto the region Im z > 0. Performing the 
substitution we have, if a, corresponds to a,, 

14+? l+a, 2 t'-ay 

t-a, = i( = - +e) = : Ak 

1-t' 1-a 1-a, 1-7? 


and 
_ _2idt' 
(A=? 
Taking into account (10.3-4), omitting the multiplicative and additive 
constants and dropping the primes, we arrive at 


Ait... $4, = 2, 
(10.3-9) 


where now a,,..., 4, are on the unit circle. Thus, formally, we have an 
expression similar to (10.3-2). 


10.3.4 — ILLUSTRATIVE EXAMPLES 


i) A simple application of the use of (10.3-9) is the construction of a 
function w(z) which maps the upper half plane Im z > 0 onto the interior 
of a triangle. In this case we are sure that the boundary is a simple poly- 
gon. Let the interior angles of the triangle be a,72, %,7, a3”. Then 
%+%,+43 = | and, if we take A, = 1—ay, Az = 1-o,, Az = 1-43, 
the conditions (10.3-3) and (10.34) are satisfied. We may take a, = 0, 
a, = 1 and the desired formula will be 


w(z) = | cl = [edo de (10.3-10) 
0 


Mie 
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where we have written 1—¢ rather than t—1. In this case w(0) and w(1) 
are real. In particular 


w(1) = [eta-op ta = ae 


pat T'(«,)P'(«2) se 


T(1—a3) = Fe )P(@s) (es) sin 703. 


Hence the length of the side opposite the vertex b, is 
1 : 
I; = -I'(a,)F'(«2)F'(a3) sin na, . 
T 
It is easy to see that the length of the side opposite the vertex b, is 


re 2-1 ‘isa a2—1 dt 
= [or (t-1)” a= | “(1-1)” ave: 


0 


1 1 
-{ pT Neh de ( "(1-17 dt, 
0 Jo 
or 
1, = 4 r(a,)F(@,)F (as) sin nary. 
4 
{In almost the same way we finally have 
ly = + F(a)F (es) F (as) sin ne. 
nt 
Notice that these results are in accordance with the sine rule 


i lL, ls 


Sinmax,  sinza, sin 203 
of elementary trigonometry. 

ii) The examples of the sections 10.3.3 and 10.3.4 are particular cases 
of the Schwarz-Christoffel formula. In both cases we have Ay =4,=A3 
= A, = 4. In contrast to the Legendre case the Weierstrass integral 
transforms z = oo into a vertex of the rectangle. 

iii) An interesting application of (10.3-9) is the formula 


ML 
J, @- 


We have a, =1, a, =n,..., a, =n""1, with n = exp 2zi/n and 
A, =... = 4, = 2/n. The image of the circle |z| = 1 is a polygon with 


(10.3-11) 


10.3] THE MAPPING OF A POLYGON 153 


angles (1—2/n)a. The length of a side b,_, 5, is 


rake dt 
| (1-1)? 


(Yanna 


|w(a,) — w(a,— 1) = 


If we perform the substitution ¢’ = y¢ and drop the primes the integral 


becomes 
1 c dt 1 i dt 
1! ay—in (1—2")?”" Nay (t —1"yn : 


whence 
|w(a,—-1)—w(a,)| = |w(ay)—w(ay-1)]- 


Hence the polygon is regular. 
The radius of the circumscribed circle of this polygon is 


1 1 
R -{ eas = “| emg 1a. 
o i-2)" — nJo 


In view of (4.6-13) we have 
r(e(-2)_ (3 
n n we n T 
r(1- *) " r(1- +) sin = 
n n n 
The length of a side is / = 2Rsin x/n, hence 


r (1-2) r? (1°) 

_ 2m n/ _ 2n n 1 

SPE ale ir) a) 
n n n 


Applying (4.6-26) we find 


r (:- *) r (1- 1) _ 2p (1- *) Jn 


n/ n 


R=+ 
n 


and after some computation we find 


red 
We Lyj1-4mn Fa Nec 


‘ i (1- *) 
n 
Summing up: 


The relation (10.3-11) effects a univalent mapping of the unit circle onto 
a regular polygon whose sides have the length (10.3-12). 


(10.3-12) 
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We list some particular cases. If m = 3 we have an equilateral triangle 
whose sides have the length 
=1_F@) 
32 14)” 
This result can be simplified. From (4.6-26) follows 
FQ)r@) = AFG)/n 
and, according to (4.6-13), 


2n 
rT 4 r 4) = =" § 
(4)F(4) i 
whence 
2 
rg) = 2743 r@ (10.3-13) 
Vt 
and thus the length of the side turns out to be 
ew r(4). (10.3-14) 
2n 
In the case n = 4 we have 
mee r(4). (10.3-15) 


This is in accordance with (10.2-64). 


10.3.5 — THE MAPPING OF THE EXTERIOR OF A POLYGON 


The problem of representing the interior of the unit circle in the z-plane 
upon the exterior of a simple polygon in the w-plane can be solved by 
a formula closely resembling the Schwarz-Christoffel formula (10.3-2). 
We assume that the numbers 1,,..., 4, are the same as in section 10.3.3 
and satisfy the same relations (10.3-3) and (10.3-4). Now we consider 
the integral 


zo #0, (10.3-16) 


ws [an ...(t-a, 


where a,,..., a, are on |z| = 1. It is evident that the function (10.3-16) 
has a simple pole at z = 0. In order to prove that |z| = 1 is transformed 
into a polygon it is more convenient to apply the substitution (10.3-8) 
and by omitting the primes and irrelevant constants we find 
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‘ (t—a,)""...(t—a,)"" 
w= “— dt, (10.3-17) 
J 2 (1+27)? 
a,<a,<...<a,. If a, = 0 the corresponding factor is missing. 
1 2 n & 


We agree that now the argument of the integrand is the number 0, 
defined in (10.3-5). 

Reasoning as in section 10.3.3 we see that (10.3-16) maps the real 
axis onto a closed polygon ZL and, consequently, the relation (10.3-17) 
maps the circumference |z| = 1 on L. We must make the additional 
assumption that this polygon is simple. It should be noticed that if z 
percorses the real axis and passes through a point a,, the argument of the 
integrand in (10.3-17) decreases by A,n, (fig. 10.3-6). 


Fig. 10.3-6. Behaviour of the function (10.3~16) at a point a, 


Our further discussion is based on (10.3-16). Let z, denote a point 
inside |z|=1 and w,=w(z,) its image. Since z, can be connected with 
z = 0 by a continuous arc which does not meet the circumference we 
can join w, with o by means of a continuous curve which does not 
meet L, since w(z) is univalent on |z| = 1. Hence 2,(w,) = 0. By a 
reasoning similar to that employed in section 10.1.1 we make sure the 
fact that the argument principle of section 3.10.1 is applicable and we 
find that the sum of the numbers of zeros and poles of w(z)—w, inside 
|z|=1 is zero. Since w(z) has a simple pole it follows that w(z)—w, has a 
simple zero. Notice that (10.3-17) is finite at z= 00, by virtue of (10.3-4). 
Summing up 
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The relation (10.3-16) effects a univalent mapping of the interior of 
the unit circle onto the exterior of a polygon L, provided this polygon is 
simple, and the closed disc onto the closure of this exterior region. 

A similar theorem holds for (10.3-17). We need only replace the disc 
|z| S 1 by Imz20. 

i) It is clear that the function 


yes i Ji= =#S, W380 (10.3-18) 


maps the interior of the unit circle onto the exterior of a square. 
ii) The integral 


wml “VG =e P= We?) 4 c real, (10.319) 
te (? +1) 


represents the mapping of the exterior of a rectangle onto the upper half 
of the z-plane. The vertices correspond to +c, +1/c on the real axis. 
We assume 0 <c <1. 

In this case it is also possible to express the mapping function in 
terms of Jacobian functions. We follow a method essentially due to W.G. 
Bickley. 

First we introduce a variable y and a constant « by means of 


z = tanty, c = tan fa. (10.3-20) 


By an elementary, somewhat troublesome computation, it can be verified 
that the integral (10.3-18) can be cast into the form 


w = desc a{ Vee 20 —cos 2a)d@. (10.3-21) 
0 


Indeed, replacing ¢ by tan 40, the square of the integrand of (10.3-19) 
takes the form 


OEE tag St. Ne 
(tan* 30—tan 3a) (ian 30 tan? ) (1-+tan? 40)* 
cos® 40 


tan” 4a 


= (tan? 40—tan? 4a)(tan” 46 tan? 4a—1) 


First we have 
tan 40—tan 4a = tan 4(9—«)(1+tan 46 tan 42), 
whence 


tan? 46—tan? 4a = tan 4(0—a) tan 4(8+2)(1—tan? 46 tan” 4a). 
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Next 
tana(@~a) ea dO4e) =< cos 8—cos « as i cos 20—cos a 
cos 6+ cos « 2 (cos 8+cos «) 
From 
(aueiay ae 
cos $6 cos 4a 
follows 


cos 6+ cos « 


1—tan? 46 tan? 4¢. = ———_—___—___. 
2 cos” 40 cos? 4a 
Thus the expression we started with takes the form 


cos 20—cos 2 (cos 6+cos «)” cos® 46 
2(cos 8+ cos a)? 4 cos* 46 cos* 4a tan? 4a 


_ cos 20—cos 2a ers cos ibaa 2a 


4 
4 x 3 2 a S 40 
8 sin® 40 cos* 4a 2 sin” « 
2 


and the integrand of (10.3-19) becomes 


ra ./2(cos 20 —cos 2a) cos? 40. 
2 sin a 


Because 
1 


GS an 
2 cos” 44 


the truth of (10.3-21) follows. 
Next we put 


dn t = cos 8, dn w, = cos x, ksnw, = sin x, (10.3-22) 
where the modulus k of the elliptic functions is determined by 
k = sing. (10.3-23) 


Performing the substitution we find 
w= k | cn? tdt = | (dn? t—k’?)dt 
0 k 0 
or, in view of (5.17-2) and (5.17-14), 
= 1 (zn wit ( -k?) ws) . (10.3-24) 
k K 


The desired mapping function is obtained by eliminating y% and w,. 
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The elimination of x does not give rise to difficulties, but provides us 
with useful information. From (10.3-22) and (10.3-20) it follows that 


2z 
1l+z 


=ksnw, 


or 
2 ; 
(= _ it+ksnw, (10.3-25) 


1-z/ 1—ksn Wy ; 


From (10.2-18) and (10.2-1) it follows that this relation defines a univalent 
correspondence between a rectangle in the w,-plane and a semicircle in 
the z-plane, the radius of this circle being unity. To w,; = 0 corresponds 
z= 0 and to w, = K+iK’ corresponds z = 1. Hence the upper side of 
the rectangle is transformed into the circular arc. 

An alternative expression for the relation between z and w, can be 
obtained by starting from the first equation (10.3-22). We have 


ae t—dnw, _ (1—dn w,) _ (i-dn wi) 
ltdnw, 1-dn’w, k? sn? wy 


or 


_ _ 1—-dnw, 


(10.3-26) 
ksnw, 


By the symmetry principle we find that (10.3-26) or the equivalent 
relation (10.3-25) maps the upper half of the z-plane onto a rectangle 
with vertices +K, +K+2iK’. As a consequence (10.3-24) maps the 
exterior of a rectangle in the w-plane onto the interior of a rectangle in 
the w,-plane. 

Turning back to (10.3.23) we see that to w, = K corresponds 


Z2=— = -——_ = tanjn=c. (10.3-27) 


To wy, = K+2iK’ corresponds 


1+k’  1-k? k 
= = = = iJe, 
k k(i-k’) 1-k' 
since dn (K+ 2iK’) = —dn K, in accordance with (5.14-30) and 


sn(K+2iK’) = 1. 

Now we wish to consider a rectangle in the w-plane with vertices 
tatbi, a > 0,6 > 0, and try to find a mapping function such that the 
exterior corresponds to a half z-plane, whereby a—bi and —a—bi 
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Fig. 10.3-7. The mapping of the exterior of a rectangle 


correspond to ¢ and l/c respectively, (fig. 10.3-7). We shall prove that 
the desired mapping function is of the form 


Aw+B, 


where w is the function of z found by eliminating w, from (10.3—24) 
and (10.3-26). Since 


mK=0, zn(K+2iK’) = — “- 


by (5.17-15), we have to determine A and B such that 
Wabi #(E-K7K)+8, 


j K’—k?KK! 
“ppp eA ease (- a ot —_) 
k k K 


at 
k 


(E—k’?K) + B— = (E’— kK’), (10.3-28) 


where we have used Legendre’s relation (5.17-8). It follows that 
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2a = 24! (e_ 42k, 
k 
or 
iak 
A= - —-. 10.3-29 
E’—k?K’ ( ) 


Hence A is purely imaginary and, therefore, 
B=a., (10.330) 
From the first of the equations (10.3-28) it also follows 


—ibk 


and thus k is determined by 
_ 2 
: : a (10.3-32) 


By the aid of numerical tables k can be evaluated if b/a is known. The 
constant c is determined by (10.3-27). 

The special case of a square deserves some extra consideration. 
Now we have a = b, k =k’ = 4,/2, whence 


=/2-1,  Ie= J24+1. 


The quarter period K of the associated elliptic functions is 


K= ——— Va-B0-8) 
J Tae ) 2, (eae 
Performing the substitution x? = 2—17, we find 
K= _v2 * 47, y)7t _ v2 T'(4)PG) 
Ke. Fae 0 tae 
whence, by (10.2-59) 


K = —~r*(4). (10.3-33) 


re 
From Legendre’s relation we get 


Tu 


Se | area 
aK 


and since K is known, we can evaluate 4 if a is given. 
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10.3.6 — DEGENERATE CASES 


The scope of the Schwarz-Christoffel formula is wider than is implied 
by the theorems of section 10.3.3. Various generalizations depend on a 
particular choice of the exponents 4,; we then obtain a transformation 
of the half plane (or the unit disc) into generalized polygonal regions 
the boundaries of which may consist not only of segments, but also of 
half lines. Also the mapping onto the boundary needs not be one-to-one 
either. It should be pointed out that the use of the Schwarz-Christoffel 
formula in this degenerate cases requires special justification and very 
often it is easier to verify the result directly. If we retain the condition 
(10.3-4) we can interpret the figures as degenerate polygons. 

We wish to discuss some typical examples which may serve as an illus- 
tration. 

First we consider again the mapping 


4 


w= 2, O0<a<2 


which we shall write in the form 


w=a}] —. (10.3-34) 
ot 
In this case we satisfy (10.3-4) by taking 4, = 1—a, 4, = 1+a. The 
angular region which is the image of Im z > 0 may be considered as a 
2-gon with internal angles ax at w= 0 and —an at w = oo (compare 
section 9.2.8). In accordance with (10.3-6) the sum of the internal angles 
is zero. 
A similar example is 


w = logz, 


written as 
we | a (10.3-35) 
t 
1 


The values of J are A, = 1, 4, = 1 and the internal angles (at the vertices 
coinciding with w = 00) are both zero. This situation can be pictured in 
a more illustrative form on applying a linear fractional transformation 
which transforms the point at infinity into a finite point. The infinite 
parallel strip which is the image of Im z > 0 under (10.3-4) becomes the 
region between two circles with internal contact, (fig. 10.3-8). 

A somewhat more complicated example is the following: the function 


w= 5 (vz + =) (10.3-36) 


ve 
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Fig. 10.3-8. Linear equivalence between an infinite strip and a region 
bounded by two circles with interval contact 


is defined throughout Im z > 0. We agree that the square root is such 
that ,/1 = 1. This may be written as an integral 


ee , i Ady (10.3-37) 


The transformation z, = ,/z maps the upper half of the z-plane onto 
the first quadrant in the z,-plane. Let z, = re. Then 


W, = (r+) cos 0+ 3i(r — -) sin 0. 
r r 


If @ = 0 then w, decreases from +00 to 1 if r moves from 0 to 1 and in- 
creases from 1 to +00 if r moves from 1 to oo. If, however, 9 = 47, 
then w, moves from ooi to — coi along the imaginary axis. Thus we see 
that the image is the half plane Rew, > 0 slit along the half ray 
w, 21, (fig. 10.3-9). The integral (10.3-16) suggests the values 
A, = A, = 3,23 = —1. Hence the figure is a degenerate triangle with a 
vertex at w, = 1, corresponding to z= 1 and a doubly counted vertex 
at w; = 00 (corresponding to z = 0 and z = 00). The internal angles are 
—4n, —4n, 2x. By means of 
_ wot 
wit] 


(10.3-38) 


the half w-plane is transformed into the unit circle slit along the radius 
w = 1. Inserting (10.3-36) into (10.3-38) we obtain (10.220). 
Now let us consider the mapping defined by means of 


w = log z—z. (10.3-39) 
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Fig. 10.3-9. The mapping as provided by the combination of (10.3-36) and 
(10.3-38) 


We put z = re! and find 
u = logr—rcos 8, v = 6—rsin 0. 


To the positive real axis in the z-plane corresponds v = 0, u = logr—r. 
This function u increases from — oo to —1 as r increases from 0 to | and 
decreases from —1 to — oo as r increases from 1 upwards. The negative 
real axis corresponds to the line v = x described from oo to —oo if 
z increases from —oo to 0. Thus the image of the upper half of the 
z-plane is the half plane Imw < x slit along the half ray us —1, 
(fig. 10.3-10). Expressed as a Schwarz-Christoffel integral the function 


(10.3-18) appears as 
z _— 
w= ~1-[ ‘na! dt. 


i ¢t 


If we take Ay = —1,4, = 1,4; = 2 we can interpret the image described 
above as a triangle with the angles 2x, 0, —7z, the last two at coinciding 
vertices at infinity. Transforming this point to a finite point we find a 
figure as pictured in fig. 10.3-11. 

A similar function is 


w = log z—z?. (10.3-40) 
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Vy Mi, Lp Yon 


©. 


Fig. 10.3-10. The image of the upper half of z-plane as given by 
(10.3-39) 


A discussion, quite the same as above, reveals that the image of the upper 
half of the z-plane is the whole w-plane slit along two half rays, viz. 
us —l,v=Oandu Ss —l,v = , (fig. 10.3-12). Written as a Schwarz- 
Christoffel integral (10.340) assumes the form 


Zz 4 442 
-1+[ roel ip (10.3-41) 
t 


xt 


If we take A, = —1,4, = —1,43 = 1,4, = 3 wecan interpret the image 
as a quadrangle with internal angles 22, 2x, 0, —2z, the latter two angles 


Fig. 10.3-11. A linear equivalent of the region pictured in Fig. 10.3-10 
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Fig. 10.3-12. The image of the upper half of the z-plane as given by (10.3-40) 


corresponding to a doubly counted vertex at infinity. Bringing this to a 
finite point we obtain the figure pictured in fig. 10.3-13. 


th 


Fig. 10.3-13. A linear equivalent of Fig. 10.3-12 


10.4 ~ Functions related to the mapping of a square 


10.4.1 — THE GAUSSIAN LEMNISCATE FUNCTIONS 


We obtain an interesting pair of functions if we study more closely 
the mapping of a square onto a circular disc by means of the formula 


w =| : ah (10.4-1) 
oV1-« 
It is clear that the points corresponding to z = 1 and z = —1 are real 


and those corresponding to z =i and —i are purely imaginary. 
The inverse function z(w) is defined throughout the square and is 
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denoted by 
z=slw (10.42) 


It is called the /emniscate sine. A complementary function, the lemniscate 
cosine, is defined as the inverse of 


1 dt 


(10.4-3) 
and denoted by 
z=clw. (10.44) 


The length of the diagonal of the square in the w-plane shall be denoted 
by z. It is equal to 


i= ‘ le tf ta-artar = 4B(4, 4), 


0 
whence, by (10.2-59) and (10.3-30) 


ig 1 2 5 
i-——r = K,/2, 10.4-5 
Rr =k (10.4-5) 
where K is the real quarter period of the Jacobian elliptic functions with 
nodulus 4,/2. 


Fig. 10.4-1. The lemniscate 
The integral (10.4-1) appears in the problem of rectifying the arc of 
1e lemniscate. This curve can be represented in polar coordinates as 
r* = cos 26, (10.4-6) 


The curve consists of two loops and has a double point at the origin, 
ig. 10.4-1). The arc length is calculated from 
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2 2 
GC) a) =e 
dr dr 1—;7+* 


Hence the perimeter of the half of a loop is 

‘dr 

Mae 

It is clear that the complementary lemniscate functions are related as 
follows 


C= 


clw = slGz—w), slw = clGa#—w). (10.4-7) 


10.4.2 — LEMNISCATE FUNCTIONS AS DOUBLY PERIODIC FUNCTIONS 


If we reflect the square which is mapped onto the interior of the unit 
circle in the z-plane with respect to one of its sides we obtain another 
square which corresponds univalently to the exterior of the unit circle. 
In a figure the first square is shaded. Repeating this process indefinitely 
we obtain a regular pattern of shaded and unshaded squares, covering 
the whole w-plane without gaps or overlappings, (fig. 10.4-2). In two 
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shaded squares we can find homologous points, i.e., points which corre- 
spond to the same point inside the unit circle. A similar remark holds 
for the unshaded squares. Each point of the w-plane belongs to a lattice 
of homologous points. 

It is now clear that the lemniscate functions can be extended beyond 
the boundary of the original square by applying the symmetry principle 
repeatedly. It follows that these extended functions (also denoted by 
sl and cl) are defined throughout the w-plane and take the same values 
at homologous points. Since the pattern remains unchanged if we shift 
it horizontally or vertically through a distance 27, it follows that the 
lemniscate functions are doubly periodic with periods 2% and 2ii. 

The zeros of the lemniscate sine are at the centres of the shaded squares, 
whereas the centres of the unshaded squares are the poles of this function. 
It is clear that the order of a pole is unity. The pattern of the zeros and the 
poles of the lemniscate cosine is obtained from that of the lemniscate 
sine by the transformation w > 47—w. 

The investigation of the pattern of the zeros and the poles of the 
lemniscate functions reveals that the pattern of the zeros of the lemniscate 
sine is similar to that of the zeros of the first theta function 9,, (fig. 
5.8-1) and that of the poles is similar to that of the zeros of the third 
theta function $,. The quotient 9,/33 is doubly periodic and we may 
deduce from Liouville’s theorem (section 5.2.2) that 


9,(Aw) 
93(Aw) , 


slw = cy (10.4-8) 
where c, and 4 are constants. Since the periods of the theta quotient are 1 
and 7, we find that 4 = 1/# (the distance between two consecutive zeros 
being 7) and t =i, for the network of zeros and poles consists of squares 
with horizontal and vertical sides. Taking into account (5.8-27) and 
(5.15-8), we find 
:: by 
patie c AO Oe ye 


2 


‘9,4) '9,(0) ‘FR 


But since t =i Jacobi’s imaginary transformation (5.101) is the identity 
now and k =k’ = 4,/2. Hence c, = 1. Proceeding along the same: 
lines, and taking into account the fact that cl 0 = 1, we finally have, 


slw = 91(w/K,/2) : clw = 92(w/Ky/2) ; 
93(w/K,/2) 94(w/K./2) 


where we have replaced # by its value (10.4—5). 
It is not difficult to relate the lemniscate functions to the Jacobian 


(10.4-9) 
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elliptic functions with modulus k = 4,/2. From (5.15-10) we deduce at 


once 
1 sn w,/2 am 
slw = —= — cl w = cn w,/2 10.4-10 
/2 dn w/2” Vv ( ) 


Finally from (5.14-16), (5.14-18) and (5.13-12) we find that 
ee 
@(w; 4,0)” 
this result being in accordance with (10.2-63). 


In a wider sense ail elliptic functions related tot = i are called lemni- 
scate functions. 


2 


=sl w= (10.411) 


10.5 — Riemann’s theorem 


10.5.1 — PRELIMINARY LEMMAS 


We are going to prove one of the most important theorems in the 
theory of functions of a complex variable: the fact that any simply 
connected region whose boundary is not empty and which does not reduce 
to a single point can be mapped conformally onto the interior of the unit 
circle. As a consequence two regions of this kind are always conformally 
equivalent, that is to say there always exists a univalent and meromorphic 
function defined in one of these regions which provides a mapping of 
this region onto the other region. For the sake of brevity we shall call a 
mapping provided bya univalent and meromorphic function a conformal 
mapping. 

This theorem, although formulated by Riemann, was not completely 
proved by him. The first complete proof we owe to Koebe and Carathéo- 
dory. Since then many mathematicians have simplified the original proof 
considerably. 

It is worth noting that the situation in the case of multiply connected 
regions is not quite so simple. For instance, not every two doubly connect- 
ed regions are conformally equivalent, as we illustrated in an example 
exhibited in section 10.2.13. 

The theorem is not valid for a region which coincides with the extended 
plane or has only one boundary point. Without loss of generality we may 
assume that in this latter case the boundary point is at infinity. A map- 
ping of either region of the kind under consideration onto the interior 
of the unit circle is provided by a function f(z) holomorphic throughout 
the z-plane and bounded. Hence, by Liouville’s theorem this function 
reduces to a constant, and is, therefore, not univalent. 
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Before stating and proving Riemann’s theorem we mention some lem- 
mas which facilitate the main proof. 

First we have 

Every simply connected region St whose boundary is not empty and 
which does not reduce to a single point can be transformed conformally 
into a bounded region. 

This lemma is obvious when the complement of the region with respect 
to the extended plane contains at least one interior point. If this point 
is at infinity, then 9 is already bounded. If this point is at z = a, then 
we perform the mapping which interchanges the interior and the exterior 
of a sufficiently small circle around z = a. This mapping is provided by a 
fractional linear transformation. Therefore it is sufficient that # can be 
transformed into a region having this property. Without loss of generality 
we may assume that z = 00 does not belong to R. For if z = 0 is in R we 
can find a (finite) point z= a not in Rt, by hypothesis, and the function 
1/(z—a) provides a mapping of R onto a region not containing the point at 
infinity. From now on we assume that Jt is situated in the open z-plane. 

By hypothesis there is a finite point z= a@ not in §t. The function 
z—ais holomorphic throughout § and has no zero in t. Hence (section 
9.1.4) we can define a single-valued branch g(z) of log (z—a). The func- 
tion g(z) is evidently univalent in R. Now let z) denote a point of ®. 
From the first theorem of section 3.12.1 follows that there exists a circle 
around g(z,) such that the image of a suitable chosen circle around Zp is 
inside this circle. We translate this circle about g(zp) through the distance 
2n upwards and we assert that the circle thus obtained has no point in 
common with the image of as provided by g. For in the contrary case 
we could find two points z, and z, in Jt such that g(z,) = g(z.)+2zi, 
whence exp g(z;) = 2;-a@ = exp g(Z2) = 2,—4, i.e., Z; = Z,. This is 
a contradiction. It follows that the function 1/(g(z)—g(z9)—2zi) is 
holomorphic and univalent throughout 9t and, moreover, bounded. 
Thus we obtain the desired mapping. 

Secondly we have 

If R is a simply connected region containing the point z = 0 and con- 
tained in the open disc |z| < 1, but not coinciding with this disc, then there 
exists a holomorphic and univalent function f(z) in ® such that 


lf@i<1, f0)=0, f’0)>1. 


Let zy denote a point in the disc |z| < 1, but not in #. An automorph- 
ism (9.5-7) brings Zo into the origin and transforms ft into a region 
%1(8), @, denoting this automorphism, which does not contain z = 0. 
Hence we can define ¢,(z) as a single-valued branch of ,/z in ¢,(®). 
Finally we apply an automorphism @, of the type (9.5-7) which brings 
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2(1(0)) into the origin. The function ~(z)= 9 3(¢2(¢1(z))) is obviously 
holomorphic in §t and univalent. In particular p(0) = ¢3(¢2(¢,(0))) =0 
and ’(0) # 0. If we take 


1e’(0)| 
z)=—+— f(z 
fle) = ty 0 
then, evidently, f’(0) > 0. 

The inverse of the function ¢ is the function W(z) = W1(W2(W3(z))) 
where W,, 2, W3 are the inverses of @,, 2, M3 respectively. It is clear 
that this function is defined throughout |z| < 1. Moreover |W(z)| < 1 
as |z| < 1, whilst (0) = 0. Since W,(z) = z?, the function w is not a 
linear fractional transformation. By virtue of Schwarz’s lemma we have 
\y’(0)| < 1, and it follows that 


1 
—~ > 1 
w’(0) 
This concludes the proof of the second lemma. 

Finally we need the lemma 

Let f,(z), n = 1,2,..., be holomorphic and univalent in an open set U 
and suppose that the sequence of this function is uniformly convergent in 
every bounded and closed subset of U. If 

lim f;(0) # 0, 


n> oO 


f'(0) = 


then 
f(z) = lim f(2) 


is holomorphic and univalent throughout . 

By virtue of Weierstrass’s theorem of section 2.20.1 f,(z) tends to a 
holomorphic limiting function f(z) as n > o and f/(z) tends to f’(z). 
Hence f’(0) # 0, that is to say, f(z) is not constant. If f(z) is not univalent 
a value b exists such that f(z,) = f(z.) = 6, 2, # z, in %. Hence the 
function f(z)—6 has at least two zeros inside 2. By Hurwitz’s theorem 
(section 3.11.1) there are infinitely many functions f,(z)—b which admit 
a zero inside an arbitrarily small circle around 2,, i.e., there is a sub- 
sequence tending to f(z)—5 consisting of functions with at least one 
zero in the considered circle. By the same argument there are among 
these functions infinitely many which also admit a zero inside an arbitrar- 
ily small circle about z,. Hence among the given functions there are 
infinitely many which take the value 6 at different points. Thus we obtain 
a contradiction, 
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10.5.2 — STATEMENT AND PROOF OF RIEMANN’S THEOREM 


Now we are sufficiently prepared to establish the following fundamental 
theorem: 

Given a simply connected region Kt which is not the whole z-plane and 
a point Zp in R, there exists a unique holomorphic and univalent function 
w(z) in 8, normalized by the conditions 


w(Zo) = 0, w'(Z9) > 0 (10.5-1) 


which provides a conformal mapping of R onto the open disc |w| < 1. 

In view of the results obtained in the previous section we may assume 
that R is bounded. After a suitable translation we may suppose that 
Z = 0 and, applying a dilation with centre O, if necessary, that ®t is 
within the unit circle around the origin. 

Now we consider the family ¥ of univalent and holomorphic functions 
f(z) on K with the additional property that (0) = 0, ’(0) > 0, |f(z)| < 1. 
Let m denote the least upper bound of all numbers f’(0). We do not 
claim at this stage that m is finite. We can extract a sequence /;(z), 
f,(z),... from this family such that lim,.,,f;(0) = m. The functions of 
this sequence are bounded and by virtue of the theorem of section 2.22.2 
we can select a subsequence which converges uniformly in any closed set 
contained in 9t. This sequence tends to a holomorphic function w(z) 
and it is clear that w’(0) = m > 0. Hence mis finite. Moreover w(0) = 0, 
|w(z)| < 1. From the last lemma of section 10.5.12 it follows that w(z) 
is univalent. 

It remains to show that w(z) takes every value w with |w| < 1 as z 
is in . According to the second lemma of the previous section we can 
construct a function g(w) on w(R), such that |g(w)| < 1, o(0) = 0, 
'(0) > 1 provided w(R) does not coincide with the open disc |w] < 1. 
The function f(z) = g(w(z)) belongs to the family Y, as may be verified 
at once, whereas 

f'(0) = ¢'(0), w'(0) > m, 


This contradicts the definition of m and, consequently, w(z) fills out the 
whole disc |w| < 1, if z runs through ®. 

The uniqueness is obvious, for if w, and w, are functions with the 
property stated in the theorem then y(w) = w,(w2(w)) is univalent, 
where ¥,(w) is the inverse of w.(z), whilst y(0) = 0, ly(w)| < 1. It 
follows from Schwarz’s lemma that [y(w)| < |w|. Since y(w) is 
invertible, we also have [wl S |x(w)|, whence |y(w)| = |w|. From 
x'(0) = w{,(0)/w5(0) > 0 follows y(w) = w, i.e., x the identity mapping 
and, therefore, w,(z) = w2(z). This concludes the proof of Riemann’s 
mapping theorem. 
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10.5.3 — THE MAPPING OF THE BOUNDARY 


The mapping theorem of Riemann states that it is always possible to 
establish a one-to-one conformal mapping between two simply connected 
regions t, and 8,, whose boundaries contains at least two points. 
However, it yields no information regarding the points of the boundaries 
of these regions. In particular the mapping theorem does not say that the 
mapping is continuous in the closure of #t, and that it establishes a one-to- 


Fig. 10.5-1. Inaccessible boundary points 


one correspondence between the closures of R, and R,,. That this cannot 
be expected follows from the fact that the concept of a region with more 
than one boundary point is very general and that quite peculiar cases 
may occur. 

To illustrate what might happen consider the region indicated in 
fig. 10.5-1. The region consists of the squareO << x < 1,0<y< 1, 
from which the vertical segments 
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x O<y< 4, xs 4<y<i, 


= ayET? 
k =1,2,..., have been removed. The remaining set represents a region 
whose boundary consists of the perimeter of the square and all indicated 
segments. Obviously no point of the set x =0, OS y <1 can be 
connected with an interior point by a Jordan arc which is entirely in f. 
For if we accept the possibility of such an arc we must take for the 
ordinates of its points a continuous function y(t) which tends to 
y(to) = 6, OS 6S 1, as > to which is impossible, for it must take 
infinitely many times values greater than 3 and values less than 4. 

Points of the boundary which can be connected by a Jordan arc with 
interior points, with only one point in common with the boundary, 
are called accessible boundary points. Points without this property are 
called inaccessible boundary points of the region §t. In our example the 
points x =0, 0S y S1, are inaccessible (from the interior) and all 
other boundary points are accessible. It is clear that the conformal 
mapping of the interior of the unit circle onto # cannot be continuous 
at all points of the circumference. 

In order to obtain continuity it becomes necessary to make restrictive 
assumptions which exclude such phenomena as described above. 

Let f(z) denote a univalent conformal mapping of the open disc |z| < 1 
onto a region §t,, in the w-plane (compared with the previous section 
we have interchanged the roles of the z- and the w-plane). We consider 
a sequence Z,, Z2,..., of points in the region ¥t, described by |z| < 1 
converging to a point z,, on |z[ = 1. As regards the corresponding points 
Wy, W2,..., we can only assert that the accumulation points of this 
sequence belong to the boundary of ,,. In fact, such an accumulation 
point cannot be an exterior point of R,,, for all points w, belong to R,, 
and an exterior point possesses a neighbourhood which has no points in 
common with ft,,. Neither can it be an interior point, for a suitably 
chosen neighbourhood of an interior point is mapped by the inverse 
function fw) onto an open set within R,. This region would contain 
infinitely many points z, in contradictions with the assumption that they 
converge to a point on the circumference. 

In particular cases the sequence w,, w2,..., corresponding to Z,, Z2, 
-«-, May have one accumulation point w,,. If, however, we consider 
another sequence z,, 23,..., in Jt, which also converges to z,,, there is 
no reason to believe that also the sequence w, ,w,,..., of the correspond- 
ing points in W,, converges to w,,. It may happen that it does not 
converge, or converge to a point wi, different from w,,. 

Next we consider two points z,, and w,, having the property: to every 
Sequence Z,, Z2,... which converges to z,, corresponds a sequence 
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Wy, W2,... which converges to w,. In this case we shall say that the 
boundary point w,, corresponds sequentially to the boundary point z,, by 
the mapping w = f(z). 

Suppose that this situation is realized for every point of the circum- 
ference |z| = 1. We may extend the mapping function f(z) defined in 
\z| < 1 to a function defined on the closed dise |z| $1 if we assign 
to every point z,, on |z| = 1 the point w,, as described above. This 
function shall also be denoted by f(z). Now we assert: 

If every boundary point of %,, corresponds sequentially to a point of 
|z| = 1 then the extended mapping function f(z) is continuous throughout 
the closed disc. 

Suppose that f(z) is not continuous at a certain point z,, of |z| = 1. 
Then we can find a sequence Z;, Z2,..., tending to z,,, of points in |z} <1 
such that |f(z,)—f(z)| 2%, where « is a positive number. There are 
infinitely many points z, on |z| = 1, for, if not, then we could omit them 
and obtain a sequence in |z| < 1 tending to z,, and hence f(z,) tends to 
Wo =f(Z) according to the definition of w,. As a consequence we 
may assume that all points of the sequence z, are on |z] = 1. By 
hypothesis f(z) is defined at every point of |z| = 1. To every point z, on 
\z| = 1 we can take a point z/ in |z| < 1 such that |z,—z,| < 1/n and 
[f(2,.) -f(z,)| S 4a. Then we have |f(z,)—/(z.)| 2 4a > 0 and this is 
impossible, for the sequence z,, 23,... consists of points in |z| <1 
tending to z,,. This concludes the proof of the theorem. 

If z describes the circumference |z| = 1 then f(z) describes a contin- 
uous curve C,, consisting of boundary points of t,,. We shall prove that 
C,, exhausts the whole boundary of ft,,. Assume that w’ is a boundary 
point of ht,, which does not belong to C,,. It is always possible to find a 
sequence w|, w3,... consisting of inner points of R,, converging to w’. 
The corresponding points z;, z3,... are in |z] < 1 and the accumulation 
points of this sequence are on |z| = 1. Consider one of the accumulation 
points z,, and extract from the above sequence a subsequence z,, Z2,... 
tending to z,,. The corresponding points w,, w2,... constitute a sequence 
tending to the point w,, = f(z,,) of the curve C,,, but alsoto w’ # wa. 
This is impossible. Hence 

If by means of w = f(z) to every point of the circumference |z| = 1 
corresponds a boundary point in the above described manner, then the 
boundary of K,, is a continuous curve C,,. 

The curve C,, may have multiple points, i.e., to different points of 
|z| = 1 may correspond the same point of C,,. The last example of sec- 
tion 10.2.5 provides an illustration. 

The general problem of the boundary behaviour of the Riemann 
mapping function and its inverse is not easy and it has received consider- 
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able attention in a series of investigations since the beginning of this 
century. Special mention should be made of the important pioneer 
work of Carathéodory on the general boundary problem which he could 
solve by introducing the fundamental concept of a “‘prime end’’. 

It is not our intention to pursue the general problem, for we need only 
a rather special case. In the next section we shall formulate a criterion 
which enables us to conclude that the situation as described in this section 
is realized. The faultless verification of this criterion in concrete examples 
often requires detailed topological considerations but in most cases we 
can accept its truth without further proof. 


10.5.4 — NORMAL BOUNDARY POINTS 


It will turn out that the considerations of section 10.5.3 may be applied 
if the boundary points of i, are of a particular kind. By a cut into the 
interior of R,, is meant a Jordan curve joining an interior point of KR, 
to a point w,, of the boundary, and such that any infinite sequence of 
points of the curve either has at least one accumulation point within 
R, or else has w,, as its only accumulation point. A boundary point 
w, of KR, is called normal if every sequence w,, W2,... of points in K,, 
tending to w,, contains a subsequence of points lying on a cut ending 
in w,,. All boundary points of the region plotted in fig. 10.5-1 except 
those on the side x = 0 are normal. 

In order to be able to decide whether a given boundary point is normal 
the following lemma may render service 

A sequence W,, W2,... of points in a region R,, which converges to a 
boundary point w., lies on a cut C if to every & > 0 we can assign a number 
No such that all points w, of the sequence with n = no can be joined two by 
two by means of a polygonal arc included in the intersection of Ry, and 
the disc \w—w,,| < «. 

According to the assumption to every number «, of a sequence ¢,, 
&2,... Of positive numbers tending to zero we can assign a number n, 
such that all points w, with n > n, can be joined by a polygonal arc 
within the intersection of the region St, and the disc |w—w,,| < &. 
First we connect w,,..., W,, Within R,, in this order. Then w,,,Way+15+++s 
w,, Within the intersection of t,, and the disc |w—w,,| < @,, etc. Thus 
we obtain a half open polygon in t,, which admits the only accumulation 
point w., on the boundary of #,,. In general this polygon has multiple 
points. If we shift a little the vertices we can obtain a polygon LZ with 
only isolated self-intersections not coinciding with the points w,. 

Starting from w, we percorse the polygon in a direction which we shall 
call positive. We meet the double points which we denote in succession 
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Fig. 10.5-2. The elimination of a contact point 


> Wy 


Fig. 10.5-3. The successive eliminations of the crossing points (schematic) 
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by @,, @2,.... First we reach w,. We do not traverse the crossing but 
move along the polygon to the right or to the left in the positive direction. 
Then we reach a second crossing «,,, and proceed as before. Continuing 
we obtain a polygon Ly which has the only accumulation point w,, on the 
boundary of ®,,. The polygon Ly has no crossing points, but may have 
contact points. We remove them by means of two short segments inside 
a neighbourhood of the contact point which does not contain points of 
the original sequence, (fig. 10.5-2). 

Next we percorse L again starting from w,. Let w, denote a crossing 
point of L which was not a contact point of Ly. We can find a part L, 
of L beginning and ending at w, which bounds a simply connected 
region. This polygon contacts with Ly in w, and possibly in other points 
of Ly. By removing small segments issuing from w, we can connect L; 
to Lo by means of two other small segments, (fig. 10.5~3), and the re- 
maining contact points are removed as above in the case of Ly. Thus 
we have extended Ly to a polygonal arc Lp +L,. This being done we 
move further along LZ until we reach again a crossing point which was 
not a contact point of Ly+Z, and proceed as at w,. Thus we construct 
a polygon C=L)+L,+... without double points, containing all points 
W1, W2,... and having the only accumulation point w,, on the boundary 
of R,. 


10.5.5 — THE CENTRAL THEOREM 


The question of the behaviour of a mapping function at the boundary 
can be answered completely if we make the assumptions stated in the 
theorem 

If f(z) maps the interior of the disc \z| < 1 univalently and conformally 
onto a region R,, which has only normal boundary points, then f(z) is 
continuous throughout the closed disc |z| = |. 

By the same arguments as used for the proof of Riemann’s theorem we 
may assume that R,, is bounded and even included in the open disc 
|w| < 1. Let z9, z;,... denote a sequence of points having a point z,, on 
\2| = 1 as the only accumulation point. It is our aim to show that the 
corresponding sequence w,, w2,... tends to a boundary point w,, 
of %,, and that w,, is uniquely determined by z,,, i.e., it does not depend 
on the sequence tending to z,,. Suppose that the sequence of the points 
Ww, has at least two accumulation points w’ and w’’. Then we can find 
two subsequences wi, w,,... and wj’, wy,... tending to w’ and w” 
respectively and having the additional property that the points of the 
first sequence are on a cut C’, and those of the second sequence on a cut 
Cy, corresponding to two curves C/ and C2?’ in |z| < 1. The curve C; 
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Fig. 10.54. Proof of the central theorem 


contains infinitely many points z, corresponding to w), and C7’ contains 
infinitely many points z,’ corresponding to w%’. Both have z,, as accumu- 
lation point. 

Let d denote the positive number |w’—w”]. About w’ and w’ we 
describe two discs &’ and &” having a radius equal to 4d. On Ci, we 
determine a closed initial part Cj,, such that the remainder C},, on C,, is 
in &’, Similarly we define Cji, and C3},. The originals Cj,, Cj, of Cj,, 
Ci, respectively, are closed sets in |z| < 1 and they do not contain z,. 
Hence we can separate z, from these sets by means of a circular arc 
C, about z., of radius p within |z| < 1, (fig. 10.5-4) with end points 
aand b on the circumference |z| = 1. It is clear that Cj, and C3, meet C, 
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at points a’, b’ corresponding to points on Cj,, and C3/,; we may assume 
that we do not meet a point of C, any more if we move along C3,, Cz; 
from a’, b’ resp. to z,,. It follows that 


4d 3 |f(b')-f(@)| = 


where ¢ is on C,. Put €=z,,+ pe”. Since the angle y’ between the half 
rays issuing from z,, and passing through a’ and b’ does not exceed the 
angle @ between the half rays issuing from z,, and passing through a 
and b, we have 


[ "£0 dt 


; 
[r@ae}, 


io sCao| spl iroldasel rola. 
ce) Jo Jo 


Hence 


jd <p [ir@rae. (10.5-2) 


This inequality is valid if p remains under a certain number r. 

Now we apply Schwarz’s inequality, stating 

If f(t) and g(t) are complex continuous functions of a real variable t 
varying throughout an interval a < t S b and if we put 


(F,4) = [ seoatoat (10.5-3) 


then 


MA 9? SLANG, 9) | (10.54) 


Notice that (4 f) = 0 and (f(g) = (g,f). Further (+f, 9) 


= (fi. 9+, 9), (Bf, 9) = BS 9) if B is a constant. 
The inequality (10.5-4) is trivial if (g, g) = 0. Hence we assume that 
(9, g) > 0, i.e., g does not vanish identically. We have 


0S ($9, f—B9) = (£)-BU 9)- BU, 9) + BBG, 9)- 


Taking B = (f, g)/(g, g) we obtain the desired result. 
If we replace in Schwarz’s inequality f by f’(C), where t is replaced 
by 6, and g by 1, we find from (10.5-2) 


di = Se ({ UF 1a) “se [or ao fas 


< alt JOP a9. 


Integrating from p = ¢ to p = r, where 0 < ¢ <r, we get 
2 


d r ae tb nena 
ee. S | | If’ (OPp dp do. (10.5-5) 
é evo 
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If p varies from e tor the arc C, describes a region 8, whose image B,, 
is in KR, and hence in |w| < 1. Therefore its area is < x and we obtain 


the inequality 
i dudven. 
By 


Jee = aces : dxdy = ees 


where we have applied the Cauchy-Riemann equations (1.3-7). Combining 
this with (10.5-5) we find 


But 


r —_ 18x? 
log- Ss ra 


or 


loge = logr— 18x? 
aes 


2 
By making ¢— 0 we find a contradiction. Our conclusion must be that the 
sequence w, = f(z,), W2 = f(Z2), ..-, tends to a point w,, on the bound- 
ary of ,. 
The uniqueness is readily proved. Let z,, 25,..., and 21',z/,..., 
denote two sequences tending to z,, on |z| = 1. Their corresponding 


sequences are w},W,,..., and wi’, w,.... We form the combined 
sequence Z,, 21’, 23, 23,.-.. The corresponding sequence w}, w;’, W3, 
wy, ..., converges to a unique point w,, and so do the above subsequences. 


We are now in the situation described in section 10.5.3 and the trutn of 
the theorem has been established. 


10.5.6 — BOUNDARIES CONTAINING ANALYTIC ARCS 


A particular case which often occurs in practical application is the 
following: Assume that StF is a simply connected region in the z-plane 
which is mapped by w = f(z) onto the open disc |w| < 1 in the w-plane 
and that C, is an analytic arc (section 10.1.4) on the boundary of RF. 
In addition we assume that C, can be imbedded in a region , in which 
symmetry with respect to C, is defined. Let a denote a subset of C, 
with the property described at the end of section 10.1.4. 

We consider a sequence Zy, Z;, Z2,... of points of , which tends to a, 
i.e., all accumulation points of the sequence are on a. Then we contend 
that the images f(Z9), f(2;), f(22), ..., tend to the circumference |w| = 
If this assertion were not true we could find a subsequence f(z,,), f(Zn,)> 
{(Z,,), +++, Which converges to a point w,, belonging to |w| < 1. Since 


182 CONFORMED MAPPING OF SIMPLY CONNECTED REGIONS fio 


the mapping is one-to-one and bicontinuous the corresponding sequence 
Zno> Zn1> Znz9 ++» WOuld converge to the point z, = Ff(w,) in R,, contrary 
to the assumption. 

In view of the theorem of section 10.1.4 we may conclude that f(z) 
remains regular at every point of a and that the correspondence as given 
by f(z) between a and points on |w| = 1 is one-to-one. For, assume 
that f(z) would take the same value at two points of a. Then f(z) would 
have to map disjoint neighbourhoods onto open sets which have a point 
on |w| = 1 in common but no common points inside the unit circle. 

As a particular instance we mention the following theorem 

Let ft, denote the interior of a polygon whose boundary consists of 
circular arcs with vertices b,,...,b,. If f(z) maps |z| < 1 onto Rt,,, then 
J(2) is still continuous on |z| = 1 and there is a one-to-one correspondence 
between the circumference |z| = 1 and the boundary of R,,. At every point 
of \z| = 1 which does not correspond to a vertex the mapping function is 
regular and so is its inverse. 

This latter theorem which is of great practical value can be proved in a 
simple direct way, only with the aid of the Riemann mapping theorem 
of section 10.5.2, For the sake of convenience we make the additional 
assumption that the region is either in the interior or in the exterior of a 
circle to which a side belongs. In our practical applications this con- 
dition is always fulfilled, (fig. 10.5-5). 

There is a fractional linear transformation of the w-plane which maps 
any side a onto the line segment between —1 and +1 and maps %,, onto 
a region SR, in the upper half of the w-plane. Let 9, denote the region 
symmetric with §, with respect to the real axis. Since %t, is simply 
connected its complement with respect to the extended plane is connected 
(section 9.1.3). It is easy to see that the complement of the region R* 
consisting of R,, Rt, and the segment between — 1 and + 1is also connect- 
ed. Hence §* is simply connected and we can map it univalently onto 
the interior of a unit circle in a z,-plane by means of a function z; = p(w), 
such that @(0) = 0 9’(0) > 0. Since this mapping function is unique 
and since the same mapping is accomplished by the function gw) it 
follows that @(w) = @(W) and hence g(w) is real for real w. Thus @ 
provides a univalent mapping of §t, onto the upper half of the unit 
circle. In addition this function is univalent and continuous on the region 
®R, extended by the segment between —1 and +1, as is its inverse. A 
transformation of the type (10.2-18), viz., 


real) 
Z22= 
z,—-1 


transforms the upper half of the circle in the z,-plane onto the upper half 
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Fig. 10.5-5. Region bounded by circular arcs 


of the z,-plane, such that the segment between —1 and +1 corresponds 
to the positive real axis. Finally we can map the upper half of the z,-plane 
onto the interior of the unit disc in the z-plane by means of a suitable 
fractional linear transformation. Combining all these auxiliary transfor- 
mations and adjusting constants we can find a function g(w) mapping Ni, 
onto the unit disc |z| < 1 such that for given wo we have g(wo) = 0, 
g'(Wo) > 0. This function is unique and it is continuous and univalent 
on the side a and so is its inverse. Since this side is arbitrarily chosen 
the same statement holds for the whole boundary of 9t with the possible 
exception of the vertices. 

We investigate the behaviour of g(w) at the vertices. Let two sides meet 
at a vertex 6 and let ax ¥ 0 be the interior angle of the two arcs. Our 
assumption about ft, implies «<1 and a = 1 is impossible, unless the 
two arcs belong to the same circle. But then the continuity of g(w) at 
w = b is obvious. By a suitable linear fractional transformation of the 
w-plane we map 6 onto the origin, one side onto part of the positive axis 
and the other into part of the ray w=re™. Then R,, is carried into a part 
of the angular region 0 < arg w < ax. Now we apply the transformation 
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t* = w, (section 10.2.2). Thus we have mapped ®,, onto a part of the 
upper ft-plane such that a segment of the real t-axis, including t = 0 
is on the boundary. We can proceed as before and conclude that g(w) is 
still continuous at b. 

If « = 0, a linear fractional transformation is used to map into a strip 
with the image of one side on the real axis and the image of the other 
on the line Im w = 2, whilst b corresponds to the point — oo of the real 
axis. We apply the mapping w = log #, (section 10.2.6), and proceed as 
before. This concludes the proof of the theorem. 


CHAPTER 11 


UNIVALENT FUNCTIONS 


11.1 — Preliminary lemmas 
11.1.1 - AREA ENCLOSED BY A CONTOUR 


We consider a function f(z) which is regular at every point of the cir- 
cumference |z| = r and univalent. Then the image of this circle as given 
by the function is a closed simple curve, a contour, (section 1.2.5). The 
equation of this curve is 


w = Re'® 
and by an elementary formula, the area enclosed by it is 
A, =4] Rd, (11.1-1) 
c, 


the integration being performed along C,, the image of [z| = r, percorsed 
in the counter clockwise sense. This may also be written as 


22 
A, = | Rp? dé. (11.1-2) 
° 66 
From (9.2-16) we deduce 
p2 oF _ pp OR _ 3, GR’ 
06 or sor 
Hence 
2n 2 
A, =4r oh do. (11.1-3) 
0 or 


11.1.2 — THE INTERIOR AREA THEOREM 


We wish to apply the formula (11.1-3) to the following problem. 
Assume that f(z) is holomorphic and univalent throughout the region 
|z| < 1. What can be said about the area of the image of this region as 
given by f(z)? 

The Taylor expansion is 


f(z) = Y ay2" (11.1-4) 


[185] 
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valid throughout the interior of the unit circle. Since nothing is claimed 
about f(z) on the boundary, it is natural to consider first the image of 
|z| = r, with 0 < r < 1. The area enclosed by this curve can be evaluated, 
for we have 


R? = f(re)F(re*) = Yar?" + (exp id), 


where (exp ik6) collects all terms involving a factor of the type exp ik®, 
with k # 0. It follows that 


dR? = 2,2¥ . 
na = ¥ 2vJa,|*r?’+ (exp iké). 
r yv=0 


Hence 


A, => sla,)r?”. (11.1-5) 
Now two cases are possible. First we assume that A, is bounded for 
0<r< 1. Let M denote an upper bound. Then certainly 


x > via,|?r?” < M, (11.1-6) 
v=0 
where 7 is a fixed, but arbitrary integer. Since all terms in the series 
(11.1-5) are not negative the expression on the left of (11.1-6) does not 
decrease with r and has a limit as r > 1. Hence 


n> via)? <M. 
v=0 
If 2 > © we obtain 
A = lim A, = 2¥ vja,|. (11.1-7) 
rl v=0 


This number is called the interior area of the image. Secondly we assume 
that A, is not bounded. Then the series on the right of (11.1-6) is diver- 
gent and the interior area has an infinite value. 


11.1.3 — THE EXTERIOR AREA THEOREM 


A very interesting and important result is obtained if we consider the 
function 


OLE Opes (11.1-8) 
4 v=0 


supposed to be holomorphic and univalent throughout the region 
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0 < z| <1. It is distinguished from the preceding function by the ad- 
dition of a simple pole (with residue 1). Writing again g(z) = Re'®, 
we now have 


p= 4 + db |b,|? r?”+(exp ik6) 


r 


whence 


GR? 2 
eae Bee" 


. +2 2v|b,|?r?"+ (exp iké), O<r<t. 
r y=0 


Tt follows that 
Ale — = +n) v[b,|?7?”, (11.1-9) 


where A, denotes again the integral (11.1-3). 

In this case, however, A, is negative, i.e., —.A, is the area of the region 
complementary to the image of the interior of |z| = r. This is a conse- 
quence of the fact that C, is percorsed in the clockwise sense. This can 
be verified by the following argument. Let z) denote a point in the region 
|z| < 1 outside |z| = r. Since g(z) is univalent the function g(z)—g(zo) 
has no zero inside or on |z| =r. But it has a simple pole inside this circum- 
ference and so we have (section 3.8.2) 


1 90) ar = 
2ni J ir =r 9(6)—9(Z0) 


This means that the winding number (section 3.10.1) of C, with respect 
to the origin is —1. 
When proceeding we deduce from (11.1-9) that 


y v[b,)2r2"7? <1, (11.1-10) 


v= 


As in the previous section we see that it is allowed to let r > 1 and thus 
we obtain Gronwall’s theorem 

If g(z) is holomorphic and univalent in the region 0 < |z| < 1 and 
has the expansion 


then 
: yb, (11.1-11) 


It should be noticed that this theorem does not state anything about the 
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coefficient by. This is clear, for changing bg means a translation of the 
image of |z| < 1 and the areas considered above do not alter. 
We wish to derive an important consequence from (11.1-11) namely 


lo,)S1 (11.1-12) 


Equality occurs only if 5, =n, [n| = 1, and 6, =6,=...=0 
Then g(z) is the function 


1 
g(z) = ~ +72 
Zz 
and thus it appears that the inequality (11.1-12) is sharp. 


11.1.4 — PRAWITZ’S LEMMA 


Gronwall’s theorem is an interesting illustration of the fact that simple 
geometric considerations give rise to function theoretic results of impor- 
tance. There is another geometric approach which is based on a very 
simple idea due to Prawitz. This is embodied in the following lemma 

Let C denote a piecewise analytic simple closed curve, surrounding the 
origin, given by the equation 


z = Re®, 


Let F(R) be a non-negative monotonous function. Then 
| Fee = 0, (11.1-13) 
c 


the integration being performed along C in the counter clockwise sense. 
Consider an angular element issuing from the origin with width |44} 
and inside this element a half ray which does not touch C. This is possible, 
for C sends only a finite number of tangents through Q, (section 10.1.4). 
The number of intersections with C is odd. Denote the distances of these 


points to O successively by Ry, ..., Ro,41. The contribution of this angu- 
lar element to the Riemann sum approximating the integral (11.1-13) is 
(F(R,)—F(R2) + «.. —F(Ray) + F(Ran+1))|49| 


= FR) FRan))+FlRaes IA 


= (F(R) + YS (—FRan) + FlRoe DAB (UL-L-14) 


We have taken the +sign at the points where C intersects the half ray 
from the left to the right and the —sign in the contrary case. It is now 
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clear that the sum is = F(R,,4,) if F(R) is non-increasing and = F(R) 
if F(R) is non-decreasing. In either case the contribution to the Riemann 
sum is not negative. The truth of the statement follows easily. 

Next we assume that f(z) is holomorphic throughout [z| < 1 and 
univalent. We put 


f(re®) = Re, O<r<il. (11.1-15) 
If C = C, is the image of [z| = r as given by f(z), we have 
22 FS] 
( F(R) of dé = 0. (11.1-16) 
Jo 00 


Two particular cases are of importance. First we take 
F(R) = R’, (11.1-17) 


where A is real and different from zero. Then, on account of the Cauchy- 
Riemann equations (9.2-16) 


2 2n 
os( FR rt a= r{ Ri OR ag 
die R r ts) or 
or 
2n 
I 4 ("Rao = 0. (11.1-18) 
A drJo 


This result implies A, = 0, where A, is defined in (11.1-3), if we take 
A = 2. 
Secondly we take 
F(R) = R}-R’, (11.1-19) 


where Ry is the radius of a circle around O which includes C, in its interior. 
In view of (11.1-16) we have 


2n 22 a 
RSS ap 2{ Rio? ao. (11.1-20) 


0 rs) 60 
But 
2n 4 
[2 ao = agzee = 20 
Jo 00 
and performing the operations which lead to (11.1-18) we have 
rd 


22 
= <{ R’d0 < 2nR}. (11.1-21) 
a dr ° 
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11.1.5 — A MEAN VALUE THEOREM 


Let again f(z) be holomorphic and univalent throughout |z| < 1. 
We make the additional assumption that f(0) = 0. Let M(r) denote 
the maximum of |f(z)| if |z| =r. Next we take Ry = M(r)+e, ¢ > 0. 
Assuming that A > 0 we find from (11.1-21) 


2n a 
4 OP p(reytao < 2na MO+e) 
drJq r 
Since this is valid for every e > 0 we may let ¢ > 0. Integrating from 0 
to r we obtain 

If f(z) is univalent and holomorphic within |z| = 1 and f(0) = 0, then 


2 r rf 
| if(re”)|*d0 < af MOY ap, O<r<t,a>0, (111-22) 
2n Jo o Pp 


where M(r) denotes the maximum of |f(z)| on |z| = r, 
From this result we may derive an estimate for the coefficients of the 
Taylor series 


f(2) = ¥ cz” (11.1-23) 


which exhibits close resemblance to Cauchy’s inequality (2.18-2). 
In fact, as in section 2.18.1, we have 


ee oe eee 
2ni ac 


where C, is a circumference about the origin with radius r < 1. It follows 
that 
1 2n 
Ical Ss a 
2nr" Jo 


and taking 4 = 1 in (11.1-22) we obtain 


If (re)|d0 


jalr* s [ “Pap, (11.1-24) 
o Pp 
the desired formula. 


11.1.6 — FABER’s FUNCTIONS 


In subsequent parts of this chapter we will study functions which are 
univalent and holomorphic throughout the interior of the unit circle. 
In most cases the statements about these functions obtain their simplest 
form if we make some not essential restrictions, namely that they have a 
zero (and hence the only zero) at the origin and that the value of the 
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derivative there is equal to one. Every univalent function f(z) can be 
reduced to a function of this kind if we replace it by 


$2)-F0)_ (11.1-25) 
f'(0) 
Univalent functions, holomorphic for |z| < 1 and satisfying the above 


conditions will be referred to as univalent normalized functions. Their 
expansions in series are of the type 


f(z) = 24+4:277+...=2+ Yaz’. (11.1-26) 


Every such function gives rise to a class of associated funtions of the 
same kind, introduced by Faber. In many considerations about univalent 
functions they present themselves as very useful. 

In order to define them we observe that in 


fe) = A+ y a,z~ Yk) (11.1-27) 


k = 1,2,... the series between brackets represents a function which is 
holomorphic for |z| < 1 and has no zero. According to section 9.1.4 
we can find a holomorphic function 


h(z) = 14+ 22k+..., 
k 
such that 


hK(z) =1+a,2*+.... 


The function 


fiz) = zh(z) = 2+ ae is (11.1-28) 


is holomorphic for |z| < 1 and satisfies the equation 


f(z) = GG) (11.1-29) 


We will prove that this function is univalent. In fact, it vanishes at 
Z=0 only and from 


SidZ1) = Sx(Z2) 
follows 
F(z) =f(24) 
whence 


Z, = 22 
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and so 
21 = 22 
with 4* = 1. It remains to prove that 7 = 1. If 7 # 1 we have 
S21) A nfZ1) = filnz1) = f,(Z2) 


and this concludes the proof of the assertion. 


11.1.7 — AN INEQUALITY OF GOLUSIN 


The inequality (11.1-22) may be generalized for an integral including 
also the derivative of f(z), namely 


2x 
<i re® Ip (re) 1a. (11.1-30) 
2nJo 


It is again understood that f(z) is univalent and normalized, while A > 0 
and 0 <r <1. For our considerations we need Schwarz’s inequality 
(10.5-4). 

We consider the function 


fi.(z) = (f(2))'"* = Dor zee k = 1,2,..., (111-31) 


which is, as we know, univalent and normalized as is f(z). Differentiating 
we get 


Siz) = FFF (2), 


whence 

f(z) = ’ qalelaia 6 2) aie A ead 
Inserting this into a we find 
1/k-1 


2n 


i 


“iscey* 1- Ue ff (2'/*)|d0 


and from Schwarz’s inequality (10.5-4) follows that this integral does 
not exceed 

1 

— P?g* 

r 
with 


pail" eel ae (11.1-32) 
and 


25 
Q= = i r7/* fi(z"!*)? do. (11.1-33) 
0 


11.1] PRELIMINARY LEMMAS 193 


Now we take & such that 4+ 1—1/k > 0. Then we may apply (11.1-22) 


and we find 
ZA+2~-2/k 
Ps (2142- *) [ (Meo) ap. (11.1-34) 
0 p 


For Q we find 


Q= > (vk +1) lay, ir 2v+2/k 


2 
= ZL kt Dr MOk+ Dias, gree DIE 


Our next task will be estimating the expression 
(nk+ rr, 
This may be done as follows. If m is any positive number the function 
x™(1—x) 


takes it maximums on the interval 0 < x < 1 at x = m/(m+1). Hence 
this maximum is 


m™ _i1 i < 1 
m+ m+. 
(m+1) m (1+ *) me 
m 
whence 
mx” < i O0<x<i1, m> 0. 
e(1—x) 
If we take 
1 
m=n+-, x=r, 
k 
we get 
(nk Ayr tt ge —* (11.1-35) 
e(i—r) 
and thus 


Q< Fk Y (vk + lay, )2r*F O*, 
e(1—r) v=o 


According to (11.1-5) the sum on the right is equal to the area of the 
image of the disc |z| = r'/?* divided by as determined by the function 


J,(z). This area does not exceed that of a circle with radius the maxi- 
mum of |/,(z)| if |z] =7r!/?*. But this maximum is also that of | f(z*)|!* 
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for |z*| = ./r ie., M(/r)'/*. As a consequence 


Q< M(,/r)?"*. (11.1-36) 


te r) 
Combining this with (11.1-31) we finally have 
If f(z) is univalent and normalized, then forO <r<1,A> 0, 
1 ( > 1))A) £77 pail 
— | |f(re*)*1f'(re“)d0 
2n Jo 
(11.1-37) 


€ / / 


< : (Hetd=2)" (Mol ( [ eer alk it. 


where M(r) denotes the maximum of | f(z)| on |z| =r, provided the integer 
k is such that A4+1-—1/k > 0. This result is due to Golusin. 

There is another estimate of the expression on the left of (11.1-35) 
which deserves mention. We notice that 


k 
(neta = MFT ing ty s OK re ery 
n+l nt+1 


<kltr+t...4¢re)<k(ltr+..J= —. 
-r 
Hence 
ijk 
(nk +1)r"* 1 < kr™ 
-r 
and thus, reasoning as above, 
Q< aa -M(yr rye, (11.1-38) 
whence 
1 22 
2 ye edo < —*§— mye. (11.1-39) 


Indo aa 


In the case k = 1 this result is due to Littlewood and Payley. 


11.2 — Distortion theorems 


11.2.1 — BIEBERBACH’S THEOREM 


A map of the interior of the unit circle as given by a univalent normal- 
ized function can be regarded as a distortion of the shape of this region 
and of all subsets of it, resulting in the shape of the corresponding images. 
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Any result giving limitations for the amount of this distortion is, 
therefore, called a distortion theorem. 

As we shall see a basic theorem for deriving distortion theorem is the 
following theorem due to Bieberbach 

If the function (11.1-26) is univalent for |z| < 1 then 


ja,| <2. (11.2-1) 


In order to prove this statement we consider an associated Faber func- 
tion with k = 2: 
SAi(z) = z+hagzet+.... 
Then 


satisfies the conditions of Gronwall’s theorem of section 11.1.3. From 
(11.1-12) follows 


|4a2| S 1 
and this is equivalent to (11.2-1). 


An alternative proof of Bieberbach’s theorem may be given by using 
Prawitz’s method. We write 


f(z)=Re®, z=re® O<r<i, (11.2-2) 
and consider the function 
( = y (11.2-3) 
—] =Cotc,zt+... = 
J (z) 


which represents a holomorphic branch of the square root of z/f(z). 
It is easily verified that this branch exists throughout {z| < 1 and is uni- 
valent. A simple calculation shows that 


Co = 1, Cy = —ta,. (11.2-4) 
Next we observe that 
«© o 
Ret | | at Soe Hae 
r | f(z) ry=0 v=o 


wo 
= > |e,|?r?""* +(exp iké). 
v=0 
Hence 


2n foo) 
{ R°'d0 = an> [e,|?r7"7 4 
v=0 


oO 
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and it follows from (11.1-18) that 


fo) 


ah + > Qv—1)le,|? 72°"? < 0 
r? 1 


v= 
or 


7 ; 
¥ (2v—Dlel?r?” $1. 
vel 

By making r — 1 we find 

> Qv—-1)le,)? < 1. 
vel 


In particular |c,j| S$ 1 and in view of (11.2-4) we find again |a,| < 2. 
The estimate (11.2-1) is the best possible. Equality occurs if f(z) is 
Koebe’s function 


k(z) = (11.2-5) 


Zz 
(j-2) 
We have investigated the mapping as given by this function in section 
10.2.3 and we remarked that the expansion in series is 
oO 


k(z) = z+227+...= ) vz’, (11.2-6) 


v=1 
This led Bieberbach to the conjecture that for all n = 2 
la,| Sn, (11.2-7) 


provided the function is normalized. It is one of the deepest unsolved 
problems in the theory of univalent functions whether (11.2-7) holds 
for all n > 1. Beyond the case m = 2 only the cases n = 3 andn = 4 
have been established. The case n = 3 will be considered in section 11.5.3. 


11.2.2 — THE KOEBE~BIEBERBACH THEOREM 


A theorem due to Koebe states that the image of |z| < 1 as given by a 
normalized univalent function f(z) covers a circle whose radius is an 
universal constant. Bieberbach determined the exact value of the radius. 

First we observe that f(z) cannot take every complex value, for there 
is no one-to-one conformal mapping onto the whole z-plane. Hence 
there is a constant ec such that f(z) # c if |z| < 1. The function 


(oe OO. (a+ “) ee (11.2-8) 
Cc. 
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is again univalent and normalized. By Bieberbach’s theorem we have 


at!) 2, 
c 


or 


whence 
lc] 2 3. (11.2-9) 


Thus we have the so-called 4-theorem 

A univalent normalized function takes for |z| <1 all values c with 
e<h. 

Otherwise stated 

The image of the interior of the unit circle as given by a normalized 
univalent function covers an open disc about the origin with radius }. 

This result is sharp, for Koebe’s function does not take the value 
—tinside |z| = 1. Hence the constant } cannot be replaced by a larger 
constant. 

An easily proved consequence is the following theorem 

If two points are situated on a line through the origin and separated by 
it and are not covered by the image of the interior of the unit circle, then 
at least one has a distance from the origin not less than 3. 

Suppose that the function f(z) does not take the values a and b with 
a# b, arg a — arg b = x. Then, evidently, a # 0 and the function 


af(z) 
a—flz) 


is also univalent and normalized. Since it does not take the value ab/(a—)b) 
we have 


or 


Without loss of generality we may assume that |b| < |a|. Then 2/la| < 4 
i.e., |a] = 4. This proves the assertion. 


11.2.3 ~ A COVERING THEOREM FOR CONVEX FUNCTIONS 


In the case that the image of the unit circle as given by f(z) is convex 
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(section 2.2.1) we can improve the. 4-theorem of the previous section. 
In this case we shall say that the function f(z) is convex. 

If the normalized univalent function f(z) maps |z| < 1 onto a convex 
region, then this region covers an open disc about the origin with radius }. 

A very short and elegant proof of this theorem has recently been given 
by T. H. Mac Gregor. He showed that the theorem is a direct conse- 
quence of the }-theorem. 

Let # denote the image of |z| < 1 as given by the normalized univalent 
function f(z) and suppose that t is convex. Let c be a number not taken 
by f(z). We introduce the auxiliary functions 


ae) =(1@)-2, We) ==). 1.2410) 


It is clear that g(z) has no zero in |z| < 1. Moreover, g(z) is univalent. 
For, let z, and z, denote two distinct points of the unit disc. Then 


9(Z1)—-g9(@2) = (fl21)—¢)? -(f(z2) —¢)? 
= (f@1) #2) (fE1) +/E2) -20). 


Since f(z) is univalent we have f(z,) # f(zz). On the other hand, 4(f(z,) + 
+ f(Zz)) belongs to R, for # is convex and since c does not belong to R 
we see that also f(z,)+/(z.)—2c # 0. 

Now g(z) = (—e+z+...)? = c?—2ez+ ..., whence A(z) = z+... 
and A(z) is again univalent. It does not take the value 4c, and by the }- 
theorem we have 4{c| 24 or {c| 2 4, as asserted. 

The function 


f= 


1-z 


shows that this result is sharp, for this function maps |z| < 1 onto the 
half plane Rew > —4. 


11.2.4 — GENERAL DISTORTION THEOREMS 


In this section we shall develop an interesting further group of inequali- 
ties for univalent functions as a direct consequence of Bieberbach’s 
theorem (11.2-1). First we wish to prove the following lemma 

IfOsx <1, then 


wt _ 2x 
f(x) 1-x? 


where f(z) denotes a normalized univalent function. 


Z (11.2-11) 
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The function 
Z+x 


Ltxz’ 


considered as a function of z is univalent for |z| < 1 and its modulus is 
less than unity, for (1 +xz)(1+xz)—(z+x)(Z+x) = (l—x?)(1—22) > 0. 
Hence 


aaa = botbyz+b.2z7+... — (11.2-12) 
XZ. 


g(z) = s( 


is univalent and holomorphic for |z| < 1. By elementary computation 
we have 


vy gp (ZX) 1-x? 
ge) =f () (1+xz)*’ 
” gn Z+x (1—x?)? _f! Z+x P 1-x? 
a") =f (=) (1+xz)* f (=) ge 
Hence 
by = g'(0) = f'(x)(1-x?), (11.2-13) 


by = $9'(0) = (f(x)(1— x”)? —2xf (~)(1 -x”)). 


The function 


g(2)— bo =Zz+ b, a eee 
by by 
is again univalent and normalized. From Bieberbach’s theorem we may 
infer that 


1/470) 4 —o29y 
fer 


and (11.2-11) follows at once. 
An easily deduced consequence are the inequalities 


1 


1- 1l+r 
aac OS aoe 7 


Thus we have a limitation of the stretching of the mapping at any point 
within the unit circle. It is usually referred to as Koebe’s distortion 
theorem. 

Since f’(z) has no zeros 1/f’(z) is holomorphic. In view of the 
maximum modulus principle it is sufficient to prove (11.2-14) for |z| = 


idl} Sr<i. (112-14) 
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We may even take z = r, for the general case can be reduced to this one 
by considering the function 
Siz) | 
n 


with suitably chosen 4 such that |y] = 1. 
From the lemma we deduce, assuming 0 Sr < 1, 


llogif (| +log (1—r?)| = 


re | F@) ) dx-+log (1-r’) 


of'(x) 

FO ae— | 2* ax s{ — dx = 2Ilo git, 

o S' (x) 0 1—x? 0 1—x? l—-r 

Hence 

log If'(r)| S —log (1-1?) +2 log -*" = log 2 *%, 
ra 

logif’())| = —log (1—r?)— 2log lt! = og Jo ; 

1l-r (+r? 


and this concludes the proof of (11.2-14). 
Next we shall prove 


SIf@I Ss d= lzi} Sr<i. (11.2-15) 


a (+r)? > ry 


From the previous theorem we deduce 


< f° < [ 1t* =— — 
lf) Ss fu (x)|dx S dx dx (G7 (11.2-16) 
and as in the above proof it follows that the inequality on the right is 
valid for all z with [z| <r. 

The proof of the inequality on the left is not easy. As we remarked 
above it suffices to prove it for z= —r, 0<r< 1. Let wand z be related 
by Koebe’s function 


= ——. = k(z). 11.2-17 

aap 7 Me) (11.2-17) 
The inverse relation may be denoted by 

z= p(w). (11.2-18) 


The function @ maps the w-plane slit from —j to —o onto the 
region |z| < 1. If p is a positive constant < 1, the function 
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v(w) = o(pk(z)) (11.2-19) 


is holomorphic and univalent for [w| < 1. In fact pk(z) does not take 
values < —4p and, therefore, exceeds —}. The derivative of Koebe’s 
function is 


1+z 
k’(z) = : 
(z) a—2 
and is positive if —1 < z3 0. Hence Koebe’s function increases and 
tends to —4 as z tends to —1 from the right. Its value for z = —r, 
O<r< 1, is 
_ i? 
(1+r? , 
Now we take 
a, (11.2-20) 
(1+r) 


It follows that if z tends to —1 from the right, then W(w) tends to 
e(pk(—1)) = o(-4p) = (k(—r)) = -1. 
Continuing we introduce the function 


(zs oe. 
p 


which is univalent and holomorphic for |z| <1. If 0<r<1 then 


x(rz) 
r 


is also univalent and normalized. As a consequence of the one quarter 
theorem of section 11.2.2 y(rz) takes all values rc with |c| < 4. Hence x(z) 
takes all values c with |c| < 4r, if |z] < r. No such value can be taken on the 
circumference |z| = r, for the function is univalent. Thus we may infer 
that 


Ix(z) 2 


Let 0 < p < 1. Then 


Ix(@)| > 40 
if -1 <z< —p. If z tends to —1 from the right, then x(z) tends to 
F(—r)/p. It follows that 


- = 
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and by making p —> 1 we find 


r 
f(-N2p-—X. 
(—r) 2 dp G+n 
Thus we proved the statement on the left of (11.2-15). 
An alternative statement is 


1 
(1=r)*" 


s jz] Sr<i1. (11.2-21) 


This is clear for |z| = r and it follows for |z| <r from the maximum modu- 
lus principle since f(z)/z and z/f(z) are both holomorphic for |z| < 1. 
We wish to apply this latter statement to the function 


g(z) ~bo 
by 


where g(z) is defined in (11.2-12) in which x is replaced by r. In view 
of (11.2-21) we readily find 


Yr+z 
Ibi a) 70 < lbs 
(itr)? ~ Zz ~ d-r? 


. lz} Sr<l. 


Next we replace z by —r and insert the expression (11.2-13) for By. 
Thus we get 


“py La? < [LO] < pq LEP 
OL Ss) | 8 VOLS 
or 
f=F' 2 rf'(r) eiar. 
l+r | f(r) | 1-r 


whence, by the usual arguments 


2f'(2) 
(2) 


All these inequalities are sharp. Equality occurs for Koebe’s function. 

The inequalities (11.2-14), Koebe’s distortion theorem, are a limi- 
tation for the absolute value of f’(z) inside the unit circle. Bieberbach 
has also obtained a limitation for arg f’(z). Taking into account (11.1-16) 
we have 


< l+r 
i-r 


1—r < 
1I+r 


| I] Sr<i. (11.2-22) 
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larg f’(z)| = [Im log f’(z)| = [Im (log f’(z) +log (1-r7))| 
2 f(x) _ 2x 
S flog f'(r)+log (1—r*)| = If hi FG) - 4) dx 
< [ f(x) _ 2x 
o| f(x) tx 


where the argument is that branch which takes the value 0 at z = 0. 
It follows that 


i+ 
| larg f’(z)| < 2 log — O<|zJ=r<i. (112-23) 
—T 


This is Bieberbach’s rotation theorem. 
In contrast with Koebe’s theorem this result is not sharp. In fact, the 
function 


nsf — , dx = 2log it’, 


9 1-x? l-r 


f= 


AAs ap? ((1+i) tog =) -1) = z+(1tiz?+... 


yields a counter example, for 


exp (1+i) log — 
f(z) = ——___.— 


and along the positive real axis 


Im log f(x) = arg f’(x) = log — : 

x 

The sharp form of the rotation theorem has been obtained by Golusin, 

applying powerful methods to be dealt with in a subsequent part of 
this chapter. 


11.2.5 — KOEBE’S DISTORTION THEOREM FOR GENERAL REGIONS 


Up to now we considered functions which are univalent throughout 
a circular region. Koebe has also proved a distortion theorem valid in a 
general region in the open z-plane. It states 

Let denote a region in the open z-plane and © a closed set included in 
SR. Then there is a positive constant M depending only on R and © such 
that for every function f(z) univalent and holomorphic in Rt and for arbitrary 
values Z,, Z, belonging to & the inequalities 
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f'(21) 
f'(22) 


s 


<M (11.224) 


ae 
M 


hold. 

We may assume that © is the closure of a region. In fact, any two points 
of © can be connected by an arc included in # and the points belonging 
to all these arcs constitute a closed set @’ again included in #. Any point 
of this set is the centre of an open disc of radius p, say, included in . 
We replace it by an open disc of radius 4p. Thus ©’ is covered by open 
discs and from the Heine-Borel theorem we deduce that ©’ can be covered 
by a finite number of such discs. Their union is a region whose boundary 
is still contained in $. Hence every closed set may be imbedded in the 
closure of a region which is a subset of t and we have only to prove the 
theorem for sets of this kind. 

Let now o > 0 denote a number not exceeding the distance of © 
to the exterior of 9%. We construct a net of squares whose sides have a 
length }o. The number 7 of the closed squares which have points in 
common with © is finite, for © is bounded, and their union is the closure 
® of a region, which closure contains © and is included in $t. Next 
we take two points z, and z, in ©. We can find a sequence of points 
S; = 21, 59,-... S, = Z, such that two consecutive points of this se- 
quence are situated in adjacent squares and m does not exceed ny. The 
distance of two consecutive points is at most o/./2 < 30. The open 


discs |z—s,| < 0, k = 1,..., mare all included in . Hence the function 
S(set 05) -F(Se) mie, £: 
of '(s,) 


is holomorphic and univalent in |s| < 1 for every k. From (11.2-14) 
in |s| < 1 it follows 


if (s.+03)| < ae (11.2-25) 
If (sel (1—|s|) 
If we take 
geettti Tse 
GC 
we obtain, since |s| < 3, 
lf (Sea a)h < 1+3 = 
f(s) ~ (1-38)° 
Taking k = 1,...,—1 successively and multiplying corresponding 


members of the inequalities thus obtained we get 
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\F'Ga)l < 11277' < 112" = M, (11.2-26) 
f(z 
where M depends only on # and on ©, but not on f(z) and the selected 
points z,, 2.. Interchanging z, and z, in the inequality we obtain the 
desired result. 
In the case that §t in a circular disc we easily obtain an explicit expres- 
sion for M. Let ¥ denote the interior of the unit circle. If z, and z, are 
two points of the closed disc |z| <r <1 we have, according to (11.2-14), 


1- t+r 1+r 
aan SGN Sao: ae qa SUM Ss os 3? 
and it follows that 
1—-r\* _ If(z,)l - /1+r\* 7 
a) Be te tes aks 


the desired result. 


11.2.6 - A TEST FOR NORMAL FAMILIES 


Integrating the inequality (11.2-25), and using (11.2-24) we get, 


If (+S (sl = 6 


(sk41—Sk)/o 
[ f'(s,+95)ds 
S olf'(s0| if or dp = 12o|f'(s,)| < 12Molf'(2,)I- 


Taking k = 1,...,n—1, and adding the corresponding members of the 
inequalities thus obtained, we easily find 
| fl22)—flz1)| < 2-1) Mol f’(z1)| S (2Mangol f'Z,)I, 


where 7, is the number introduced in the previous section. Hence 


|fZ2)| S [fer + 12Magolf’(Z1)I- 


Writing K = 12Mnygo, we have 

Let % denote a region in the open z-plane and © a closed set belonging 
to R. Then there is a positive constant K, depending only on Rt and on ©, 
such that for all functions f(z) which are univalent and holomorphic 
throughout Rt and for every pair z,, Zz, belonging to © the inequality 


[flz2)1 S IFEDI+KIF' Ed)! (11.2-28) 
holds. 
This result has an interesting consequence. Consider a family of 
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functions /(z) univalent and holomorphic throughout a region # in the 
open z-plane, such that at a given point zy of the region the inequalities 


fol < My, \f’Zo)| < Me 


hold, where M, and M, do not depend on f(z). Then these functions are 
uniformly bounded throughout any closed set included in ®. 

This follows at once from (11.2-28). 

Now we make the following remark. Analyzing the proof of Vitali’s 
theorem of section 2.22.1 we see that we used only the fact that the 
sequence (2.22.1) is uniformly bounded on every closed disc included in 
9. Hence the corollary stated in section 2.22.2 is already valid if the 
sequence (2.22-18) is uniformly bounded on any closed and bounded set 
included in the region {t. It is customary to express this by saying that 
the sequence (2.22~18) is uniformly bounded in the interior of Rt. As a 
consequence of this we have 

If the family of univalent and holomorphic functions in a region ® in the 
open z-plane is such that the values of the functions as well as those of 
their derivatives are bounded at a given point of Rt, then the family is a 
normal family. 


11.3 — Estimates of coefficients 


11.3.1 — A THEOREM OF LITTLEWOOD 


As we pointed out earlier (section 11.2.1) Bieberbach conjectured that 
for a univalent and normalized function with the expansion (11.1-26) 
for |z| < 1 the sharp inequalities |a,| < n hold. Littlewood has established 
the truth of a weaker assertion stating that Bieberbach’s conjecture is 
true within order of magnitude. He proved 

If f(z) is the univalent function (11.1-26) then 


|a,| < ne, NS 23S its (11.3-1) 


Weare sufficiently prepared to establish this result in a few lines. Using 
(11.2-16) we find from (11.1-24) 


laut slap = 


Now we may take r = 1—1/n. Hence 


n" n~1 
la,| s ———— Go —__ =n (1+ +) < ne, 
as n— 


as was stated. 
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Since then this result has been improved by other authors. A first 
result in this direction is due to Landau who proved 


la,| Sn (+ *) e 


The strongest result known at present is due to Bazilevie and is 


\a,| < 4ne+1,51. 


11.3.2 ~ ODD FUNCTIONS 


Imposing certain conditions upon the functions under consideration it 
is possible to gain more detailed information. A classical result due to 


Littlewood and Payley states: 
The coefficients in the expansion of an odd univalent and normalized 


function are bounded 
la,| < A. (11.3-2) 


Here A is a constant not depending on the functions. The best possible A 
is not known, but we shall be able to evaluate a number for which 
(11.3-2) is true. 

In order to prove this statement we will apply Golusin’s inequality 
(11.1-37), taking 1 = 0, k = 4. First we notice that the coefficients 
occurring in 


f(z) = x Gigs’ (11.3-3) 
=1 
are on account of (2.16-7) determined by 
= ml ee nS 3,55 


whence 


°\1d0 


and thus 


nla,| < sys (2) (jm M(o)* 4 °) (11.3-4) 


Now we observe that f(z) may be considered as a Faber function with 
k = 2 associated with a univalent and normalized function g(z). In fact 


SF? (z) = 27 +2a3z4*+... 


208 UNIVALENT FUNCTIONS (ll 


is univalent in terms of the variable z?. Hence 
f(z) = 92(2) = (g(2”))* 
with 
g(z) = z+2a3z27+.... 


If we apply the estimate (11.2-16) to g(z) we readily find 


p 
M(p) S ; 
Oa: 
Hence 
” M(p)* pg ae 7* 
o P o(1—p*) o (l1—p*) (t—r*) 
Again 


M(yr)* . r(tar)* _ ot 
Jar ~' tr (i—r)? 


The product of the expressions obtained is 


y? ‘ r* 2 rn al 
(ir)? (t1+r)* (1-7)? 44’ 
for 


r 


—_—. < }, 0O<r<il, 
(1+r)? : 


as follows from 0 < (1—r)” = (1+r)*—4r. Inserting these results into 
(11.3-4) we get 


2#3% et 
nia,| 
"41 —r) 
Take 
2n—1 
r= 
2n+1 
Then 
n+4 
1+ ~) 
1 ce i 2n 
41-7) (2n—1)?"~* be * 
2n 


Making n— oo we find 
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1 
aes Sah ay (ps areal ag (ere 
1 n-4 4n (: 2] i 
(=) 2n 
Since 
(x+ 1)**? 
(x a 1)* = 2 
is increasing for x > 1 (its derivative being positive) we find that 
2nt+1 
pee eer 
on 1)"~ i 


Hence (11.3-2) is valid if we take 
A m 2*3%et = 3,39.... 


11.3.3 — TYPICALLY REAL FUNCTIONS 


There is an interesting case for which Bieberbach’s conjecture is true 
and can be proved by simple means. A function is called typically real if 
f(z) is holomorphic throughout |z| < 1 and is real there if and only if z 
is real. For these functions (which need not necessarily be univalent) 
the following theorem holds: 

If 

f(z) = z+a,27+... (11.3-5) 
is typically real, then 
la,| Sn, NS 2,35. ss 


Note that for real values x of z we have f(x) = Re f(x)+iIm/(x), where 
Im f(x) is a power series in terms of x which vanishes everywhere. Hence 
all coefficients of this series are zero and, consequently, the coefficients 
of f(z) are real. Next we put z = re’®. Then 


oO 
v(z) = Im f(z) = Im r(cos +i sin #)+ Im ¥* a,r'(cos v6 +i sin v8) 
v=2 
ao 
=D) a,r’ sin v0, 
if we take a, = 1. Multiplying the first and the last member by sin 70, 


observing that the series thus obtained is uniformly convergent with 
respect to 6 and taking into account the fact that 
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fe : : {0 if n¢m, 
1 eds nO sin mOd9 = lan a 


we find that 


a,r" = -{ v(re®) sinnOd0, n=1,2,.... 
To 


By induction we may prove that 
[sin n6| S nsin 0, 0<O0<z2. 


In fact, the assertion is true for m = 1 and if 7 is an integer for which the 
assertion holds we have 


|sin (n+1)6] = |sin 26 cos 8+ cos n@ sin 6| S |sin nO|+sin 0. 
Thus, since v(re) has constant sign for 0<@ <a (for f(z) is only real 
if z is real), we find 
la,r"| < =f |v(re’) sin 6|d0. 

Edo 

Notice that 
i) |v(re) sin 6|d0 = 47, 
0 

whence 

|a,r"| S nr. 


Making r > 1 we obtain the desired result. 

Koebe’s function z/(1—z)? shows that this result is sharp. 

Now let f(z) denote a univalent and normalized function which has 
the expansion (11.3-5) with real coefficients. In this case 


f@) = f@). 
If f(z) is real for some complex z) # 0 we have 
S(Zo) = fZo)- 


This is impossible, since Z7) # Zo and fis univalent. It follows that f(z) 
is typically real and thus we have 

If f(z) is univalent and normalized and if its Taylor expansion about 
the origin has only real coefficients then Bieberbach’s conjecture holds. 


11.3.4 — STARLIKE UNIVALENT FUNCTIONS 


Another important class of univalent functions for which Bieberbach’s 
conjecture holds is provided by those which map |z|<1 on a starshaped 
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region. A region § is said to be starshaped with respect to a point O in R 
if for any point P in R the straight line segment OP also lies in St (see also 
section 8.1.1). 

First we will prove 

If R is the image of \z| < 1 and starshaped with respect to the origin, 
then so is the domain R,, the image of |z| Sr <1. 

If f(z) is in R then f(z), O < ¢ < 1 is in Rt and the function 


g(z) = f(ft2)), 


where f denotes the inverse of f, is holomorphic in |z| < 1 and satisfies 
\9(z)| < 1, gO) = 0. It follows from Schwarz’s lemma that even |g(z)| 
< |z|. Suppose now that f(z,) is in R,, |2,;] S r < 1. Then 


Lefer) = gl S teil <r. 


Hence there is a number Z, with |z.| S r such that /(z,) = ¢f(z,) and so 
f(z,) is in R,, ie. MR, is also starshaped. 
A function mapping |z|<1 onto a sharshaped region is called starlike. 
If z # 0 we have 


log f(z) = log |f(z)| +i arg f(z) 
and, if z = re’, 


8 rops() — LO 


om! Aa 
~ log f(z) = fe 59 OB +! 59 et) 
whence 
_ pe 2) : 
aa arg f(z) € f2) (11.3-6) 


It is geometrically clear that for a starlike function arg f(z) does not 
decrease along |z| = r. Hence 


R250, [are 
F(z) 
and in general 
If f(z) is univalent and starlike, then 


Re 2’) > 0, |z| < 1, (11.3-7) 
F(z) 
and conversely. 
In fact, equality cannot occur, on account of the maximum principle of 
section 2.14.1. 
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If we write 


et oa 1+W(z) (11.3-8) 


then, evidently, ¥(z) maps |z| < 1 onto a region included in the half 
plane Rez > —1. 

In order to obtain more information about f(z) from this result we — 
apply the following lemma. 

Suppose that 


(z) = 5 a2 (11.3-9) 


is convex and univalent (not necessarily normalized) and maps |z| < 1 
onto a region RR. Let 


W(z) = 5 fue’ (11.3-10) 


denote a function holomorphic throughout |z| < 1 and assume there only 
values which lie in KR. Then 


Pal S lol, 2 = 1,2,.... (11.3-11) 
Consider the function 


xz) = o(W(z)) = 2 oo fads (11.3-12) 


where 9 denotes the inverse of @. It is clear that y(z) is holomorphic 
throughout |z| <1 and satisfies |y(z)| < 1, x(0) = 0. By Schwarz’s 
lemma we have |7’(0)| S$ 1, whence |f,| S |a,]. 

Let w,, 1 Sk Sn, denote the nth roots of unity. Since # is convex, 
the centre of gravity 


i . 
n XY 9(@.2"") ee BnZ+ BayZ” + one 


is also included in . We may apply the previous result and we find 


Bul Ss la, |. 
A simple corollary is 
If f(z) is univalent, normalized and convex, then 


ja,| S 1. (11.3-13) 
This is clear if we apply the lemma to g = ¥ = f. This result is sharp 
as is shown by the function 


Zz 


—— =z4+27+..., (11.3-14) 
1-z 
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which maps |z| < 1 onto the half plane Rez > —}4. 
If we take the function 


wee =. = 2242274... (11.3-15) 
—Z 


which maps |z| < 1 onto the half plane Rez > —1, we easily deduce 


if 
f(2) = ltayztazz’+... (11.3-16) 


is a univalent function with a positive real part then 
ja,| < 2, Woy Deck x8 (11.3-17) 
This result is sharp as is shown by the function 


1+0(z) = a = 142z+227+.... (11.3-18) 


—Z 

An estimate for the modulus of functions of this kind has been obtained 
in section 2.21.3. 

Finally we wish to show that the lemma yields also a second proof for 
the covering theorem of section 11.2.3. 

Let Kt be the image of |z| <1 as given by the convex, univalent and 
normalized function f(z) and let wo = re” be a point of smallest modulus 
lying outside R. Replacing, if necessary, f(z) by —n~1f(—nz), where 
|n|=1, we may suppose that wy) = —r. Then no point w with Rew S —ris 
in §t. Suppose, contrary to this, that # contains a point w, such that 
Re w,S—r. By the convexity of that part of the line through wo and 
w, which lies on the side of wo opposite to w, lies entirely outside R. 
But this part contains points of modulus less than r, which leads to a 
contradiction. 

The function 


y(z) = SE = Det. 


maps |z| < 1 onto the half plane Rez > —r. Since f(z) assumes all its 
values in this half plane, the lemma applied to W(z) = f(z) gives 2r = 1. 
This proves the assertion. 

Now we return to the case of the starlike functions. For g(z) of the 
lemma we take the function (11.3-15) which maps |z| < 1 onto the half 
plane Rez > —1. For w(z) we take the function defined by (11.3-8). 
Then the lemma states that |f,| S 2,n = 1,2,...,as we have seen above. 
If f(z) has the expansion (11.3~5) it follows from (11.3-8) that 


(> a,z”\(1+ ¥ B,2”) = : va,z". 
val vel yv=1 
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Equating coefficients, we have 


na, = @,+8,4,-1+... +B,-1. 


Thus 
(n—VDla,l = 1Bia,-1t+ --. +Ba-al S 20a.) +... +),a> 1, 
(11.3-19) 
By induction we can prove that 
la, Sn 
for, assuming that 
|@ml Sm, m=l,...,n-ln> 1, 


we also have 
(n—1)la,| < n(n—1). 

Thus we proved 

For starlike univalent and normalized functions Bieberbach’s conjucture 
holds. 

Koebe’s function shows that this result is sharp, for this function is 
starlike with respect to the origin. 

We additionally have 

For starlike, univalent, normalized odd functions the inequalities 


lan] S 1 (11.3-20) 
hold. 
In (11.3-19) we replace n by 2n+1 and notice that inside the brackets 
on the left m terms occur. Assuming |@2,,41| S 1 for m <n, we have 
2n\a,| S 2n, and the assertion has been proved by induction. 


11.3.5 — RELATION BETWEEN CONVEX AND STARLIKE FUNCTIONS 


First we need the following lemma 

If R, the image of |z| < 1 as given by a univalent normalized function 
F(z), is convex, then D,, the image of |z| S r < 1, is also convex. 

Suppose that f(z,) and f(z,) are in D,. Without loss of generality we 
may assume that |z,| S$ |[z,| 4 0. Then 


o(2) = (2) +970) 
2 
is in ® for |z| <1 and 0<r<1. Hence g(z) =f(9@) is holomorphic 


in {2z| < 1, f being the inverse of f, while g(0) = 0, |g(z)| S$ 1. By 
Schwarz’s lemma we have |g(z)| < |z|. In particular, if z = z, 


F(t.) +0 —of.)) <r. 
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But the value 
f(z,)+C—2t)f@2) 
is assumed by f(z) at z = Zo. Hence |Zp| Sr, ie., f(zo) is in D,. The 
converse is obviously true: If all D, are convex so is Kt. 
In particular the curve f(r), |z| = r is convex. The tangent through the 
point z = re” at this curve makes an angle g with the positive real 
axis. Since 


arg =f (re) = arg ir e?f'(re®) = 4n+0+argf‘(z) 


we have 
g = 0+4n+arg/f’(z). (11.3-21) 
If s denotes the arc length, the curvature is 
ga LEE fold (11.3-22) 
ds ds/d0" 
In view of (11.3-6) we have 
é of "@). 
— argf'(z) = Re (11.3-23) 
06 f'@ 
From (11.3-21) follows 
49 tre FO, (11.3-24) 
d0 “Ss zy 


The sign of dp/d@ is the same as that of x, since ds/d@ is positive. Hence 
the expression on the right of (11.3~24) has the same sign as the curvature 
and is, therefore, not negative for convex functions. Thus 

If f(z) is convex, then 


2f'"(z) 


1+R 0, |z| < 1, 11.3-25 
e fe) > Zz ( ) 


and conversely. 
Equality does not occur on account of the maximum principle. The 
converse is also true. 
Now we consider the univalent and normalized functions f,(z) and 
J2(z). Suppose that ,(z) is connected with f,(z) by the equation 
f2(z) = 2f;(z). (11.3-26) 
In view of (11.3-7) then it follows from 
Re 2f3(z) = 1+Re a (z) 
f(2) filz) 
that f(z) is starlike if and only if f,(z) is convex. 
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Let 
2 
F(z) = 2+e277+...= Vez’, Coal. 
y= 


Then 


ao «© 
f(z) = 242c,.27 +... = Yi veyz” = Yi a,z”. 
vel v= 
For convex functions we proved |c,{ S 1, (11.3-13). Hence |a,| < n, 
in accordance with results obtained before. 


11.4 ~ Lowner’s theory 
11.4.1 — INTRODUCTION 


The foregoing results, based on simple geometrical considerations, are 
limited in scope. Very deep results can be achieved by an interesting theory 
due to K. Léwner. For many years this method was the only capable of 
producing results of such depth. Recently two other methods, Schiffer’s 
variational method and Jenkin’s theory, have appeared, which are capable 
of giving comparable results. They, however, are beyond the scope of this 
book. Léwner’s theory has initiated a new development in the field of 
univalent functions and we desire to give an exposition of it which is 
justified by its many beautiful applications. 

For the sake of convenience we will henceforth denote the class of 
functions which are holomorphic, univalent and normalized in the disc 
|z|< 1 by SY. The fundamental idea in Léwner’s theory is that for many 
problems it will be sufficient to consider functions of a subclass 
which is dense in . This means that an arbitrary function f(z) of Y can 
be approximated as closely as desired by a sequence of functions 
S,(z) of SY’. More precisely stated: there is a sequence of functions 
S,(z) of F’ such that f(z) > f(z) uniformly on every closed set within 
\z| < 1. It follows from the considerations of section 2.20.1 (Weier- 
strass’s theorem) that then all derivatives at an arbitrary point of |z| < 1, 
and in particular the coefficients of the series expansion of f,(z) tend to 
those of f(z) as n - oo. Thus bounds obtained for the functions of the 
class Y’ are also valid for those of the class S. 

As we will see we can obtain approximating functions as the func- 
tions which map |z| < 1 on so-called slit-regions, i.e., regions which are 
the region |w| <|l slit along an arc inside it and ending on the circum- 
ference. A remarkable thing is that these functions are closely related 
to solutions of a certain type of differential equations, and thus much 
information about these functions can be obtained by a computational 
method. 
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11.4.2 — THE KERNEL OF A SEQUENCE OF REGIONS 


First we will introduce an important notion due to Carathéodory. 
Let an arbitrary sequence 


ees: * (11.4-1) 


of simply connected regions, each containing the origin but not the point 
at infinity, be given. We associate with the sequence a certain set of points 
R, called the kernel of the sequence. If the sequence is such that no circle 
with the origin as its centre is covered by all regions Kt,, when 7 is suffi- 
ciently large, then its kernel consists of the origin only. In all other 
cases the kernel & is the largest region having the property that every 
connected closed set, containing the origin and contained in S$ lies 
within every region §t, for sufficiently large n (or, as we shall also say, 
in almost all %,). 

The kernel of a sequence of regions is uniquely determined. 

This may be seen by means of the following construction. Suppose that 
the point zy of the complex plane has a neighbourhood which is covered 
by almost all ®t, of the sequence. Let C(zy) denote the largest circle with 
centre Z, such that all smaller concentric circles are covered by almost 
all }t,. The union of the interior of all these circles C(Z), if z9 varies 
throughout the open plane, is an open set 2, which may be either empty, 
or does not contain the origin. In this case the kernel is a single point, 
viz. the origin. If, however, 2 contains the origin, the kernel St consists 
of all points of 2{ which can be connected with the origin by a polygonal 
arc within 2{. This proves the assertion. 

Let us consider two examples. First we define St, as the region obtained 
from the z-plane by omitting all points of the real axis with Rez S —1/n. 
The set 2 of the above construction is obviously the principal region. 
This does not contain the origin. Hence the kernel is the origin. 

Secondly we define ‘i, as the open z-plane cut along an arc of the unit 
circle joining the points e'”” and e7'*/", and 2n(1—1/n) in length. The 
set Y& consists of the interior and the exterior of the unit circle; the 
kernel & is the interior of the unit circle. 

A sequence (11.4-1) is said to converge to its kernel if every subsequence 


Rar» Rags e ees My < Mg <<... (11.4-2) 
has the same kernel as the original sequence. It is clear that the sequences 


of the above examples converge to their kernels respectively. 
11.4.3 — CARATHEODORY’S CONVERGENCE THEOREM 


The following theorem, due to Carathéodory, relates the convergence 
of a sequence of functions to the convergence of a sequence of regions. 
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Let 
A@), f@),... (11.4-3) 


be a sequence of univalent functions, holomorphic and uniformly bounded 
in the region |\z| <1, with the additional property that they all vanish 
at the origin and that their first derivatives are positive there. These 
functions converge uniformly on every closed set in |z| < 1 to a holomorphic 
function f(z) or to zero if and only if the sequence (11-4-1) of the images 
of \z| < 1 in the w-plane consists of uniformly bounded regions converging 
to the kernel of the sequence. If the limiting function f(z) is not identically 
zero, then it maps the open disc |z| < 1 conformally onto the kernel & 
and the sequence of inverse functions Fi), fiw), ... converges uniformly 
on every closed set within the kernel to the inverse function Fw) of fz). 

The proof of this theorem is rather long. Let us first assume that the 
sequence f,(z) is convergent within |z| < 1, uniformly on every closed 
set of |z| < 1. Then it follows from the last lemma of section 10.5.1 
that the limiting function is either the constant 0, or a univalent holo- 
morphic function which transforms |z| < 1 into a region & in the w- 
plane containing the point w = 0. We suppose that f(z) is not identically 
Zero. 

Now we take a closed and connected set ©,, in & such that it includes 
w = 0. It corresponds by f(z) to a closed set ©, within |z| < 1. Hence 
there is a circumference |z| = r < 1 which encloses ©,. Either ©,, is 
contained in almost all 9t,, or there is an infinite sequence mn, <n, <... 
such that for each n, the function 


We SnkZ) (114-4) 


maps |z| S r onto a set of points which does not contain the whole set 
©,,. By this assumption not all points of ©,, correspond to points inside 
|z| = r on account of the function (11.44), for in the contrary case the 
winding number of the image of |z| = r with respect to each point of ©, 
would be equal to that with respect to w = 0 (for ©,, is connected) and 
consequently different from zero. But then ©,, would contain no other 
points than those of the image of |z| Sr by virtue of (11.44). Asa 
consequence ,, contains at least one point w,, which is the image of a 
point z,, on |z| =r on account of (11.4-4). The sequence of numbers 7, 
n2,..., Contains a subsequence m,,™m,..., such that the sequence of 
points z,,,, converges to a point Zp with |zo| =r. 

The following remark is now of importance. Let z, > Z) as n> ©, 
where z,,2Z,,..., are points of a closed set within |z| < 1. Since the 
sequence (11.4-3) is uniformly convergent on this set we have, if ¢ is an 
arbitrary positive number, 


|f(2)-F(Z)| < 42 
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for all points z of the set, provided n is sufficiently large. In particular 
Inn) Fn) < 46. 

But since f(z) is continuous at z = zg, we also have 
If(Z,) -SZo)| < Fe; 


provided that 7 is sufficiently large. It follows that from a certain index 
upwards 


lfi@n) Sol < € 


and this means that the sequence of the points w, = f,(Z,) is convergent. 
Now we return to our proof. Is clear that the points 


Wrage = Fr Zn) 

constitute a convergent sequence, tending to the point wo = f(z)). 
Hence ©, meets [z| = r, in contradiction to the construction of this 
circumference. Thus we see that every closed and connected set containing 
the point w = 0 and contained in § is contained in almost all regions ®,. 

Next we assume that §* is a region with the same property, i.e., it 
contains the origin and every closed and connected set of St* is covered 
by almost all regions 3i,. Then it follows that f(z) cannot be a constant. 
In order to prove this, we take an arbitrary point wo of &*. Consider a 
region ®t containing the points w = 0 and wo and such that the closure 
of ® is also in St. Since, by hypothesis, Rt is covered by almost all R,, 
the inverse functions E(w) of f,(z) are defined throughout 8, provided x 
is sufficiently large. These functions are uniformly bounded, for their 
moduli do not exceed unity. Hence they constitute a normal family and 
‘there is a subsequence of functions which converge to a function ¢(w), 
this convergence being uniform on every closed subset of ®. Applying 
again the above mentioned lemma of section 10.5.1 we may infer that 
either o(w) is the constant 0 (for 9(0) = 0) or the equation z = o(w) 
gives a mapping of ®t onto a region within |z| < 1. In both cases 
Zo = Y(Wo) is a point in the interior of the unit circle in the z-plane. 
Thus, if z,, = f,,(Wo), it follows that z,,— Zo and since Zp is within 
lz| < 1, fn) ~£(Zo) by the strength of the same argument as used 
above. Observing that f,(7,,) = Wo, it follows that wo = f(zo). But 
Wo is an arbitrary point of &* and so f(z) cannot be a constant and 
|z2| < 1 is mapped by f(z) onto a region &. 

The following consequences are obvious now: 
1) &* is a subregion of St. Hence & is the kernel of the sequence of the 
images of |z| < 1 as given by the functions (11.43). 
2) If the sequence (11.4-3) tends to a function which is identically zero, 
then there is no neighbourhood of w = 0 which is covered by almost all 
regions §R, and in this case the kernel is the point w = 0. 
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3) The function g(w) is the inverse of f(z) if f(z) is not identically 
equal to zero and consequently all subsequences of the sequence /,(w) 
tend to the same limiting function, i.e., the sequence is convergent, uni- 
formly on every closed subset of &. 
4) Any subsequence of (11.4-1) tends to f(z) and this function maps 
|z| < 1 onto the kernel of the sequence (11.4~1). It follows that this 
kernel coincides with § and so that the sequence (11.4-1) converges 
to its kernel. This concludes the necessity part of the theorem. 

In order to prove the sufficiency part, we start with the assumption 
that all regions of the sequence (11.4-1) are uniformly bounded and 
converge to their kernel &. To each ft, corresponds a function f,(z) with 


f(0)=0, fi(0)>0, n=1,2,..., (11.4-5) 


which maps |z| < 1 onto ft,. The sequence (11.4-3) is uniformly bounded 
and constitutes, therefore, a normal family. If this series were not conver- 
gent it would be possible to find two subsequences 


Suk2)SuK2); a aPey 
Sins(2)> Fina(2)s oan) 


converging in |z| < 1 to two different holomorphic functions g(z) and 
A(z) respectively. But both functions map |z| < 1 onto the kernel ® and 
from (11.4—5) it follows that they vanish at z = 0, having positive deriva- 
tives there. This entails g(z) = A(z) and this concludes the proof. 


and 


11.4.4 ~- LOWNER’S APPROXIMATION THEOREM 


Carathéodory’s theorem enables us to give a simple geometrical con- 
struction of a set of functions of SY’ which is dense in . First we will 
show that an arbitrary function f(z) can be approximated (in the sense 
of section 11.4.1) by a family of functions also belonging to Y which map 
|z| < 1 onto a region bounded by a contour. For these functions we can 
take the functions f(pz)/p, where p is between 0 and 1. It is clear that 
f(pz) maps |z| < 1 onto the image of the interior of |z| = p, which is the 
boundary, and it is also clear that f(pz)/p is in Y. We have to show that 
these functions tend to f(z) as p 1 uniformly on any closed disc 
\z] Sr <1. If f(z) has the expansion 


f(2) = 2+ Yaz" (11.4-6) 
then i 


f(pz)lp = z+ Yap" ta" 
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and ay 
if (z)—f (ez)/el = (1—p)| Xa X %2"| <(1 “Pave 1)ja,|lz1". 


The radius of convergence of this latter series is the same as that of (11.4-6) 
(as follows e.g. on applying the Cauchy-Hadamard test of section 1.6.5) 
and, therefore, the series is bounded throughout |z| S$ r < 1. The truth 
of the statement follows easily now. 

Thus it is sufficient to state an approximation theorem for the functions 
S(pzyip, 09< p <1. 

Next we introduce the so-called slitregions. Let L be a simple Jordan 
arc having one end point on the circumference |w| = 1 and lying other- 
wise in |w| < 1. We suppose that ZL does not pass through w = 0. The 
set R consisting of all points of |w]| < 1 not on L will be a simply connect- 
ed region. In fact, if P and Q are points of R near L we can pass from 
P to Q along a path near L, which, if necessary, will go round the tip of 
L and along the other side. Thus any two points of #t can be joined to 
some point near L, for instance to the tip of L. Thus & is connected. That 
it is open is evident. The complement of 8 with respect to the closed 
z-plane consists of |w| = 1 together with L and so it is closed and connected 
(last theorem of section 9.1.1). Hence # is simply connected (section 
9.1.3). 

Now we are in a position to prove an approximation theorem, which 
will turn out to be of utmost importance. First we observe that if 
is sufficiently large the function f(pz)/pM maps |z| < 1 onto a region 
within |w| < 1 bounded by a contour. Further, if Z is a slit in |w| < 1 
as described above then on account of Riemann’s mapping theorem 
there exists a unique function 


w= B(zta,z7+...), B>odO, (11.4-7) 


which maps |z| < 1 one-to-one onto |w| < 1 except for the slit L. 

Let now ¢(z) denote a function which maps [{z| < 1 onto a region 
bounded by a closed contour C within |w| < 1. We define a sequence of 
slits in the following way. Let Z, consist of a straight line segment from 
w = | to the nearest point P of C, (fig. 11.4-1) and a part of C which is 
described from P along the whole of C in the positive sense, except for an 
arc P,P of diameter 1/n. Let 9, consist of |w| < 1 except for this slit 
L,, and let 

FZ) = BAZ+42n2 +++), By > 9, (11.4-8) 


where a,,,, etc. also depend on n, of course, map |z| <1 onto %,. 
Now it is easy to see that 9t is the kernel of the sequence R,, M2,---> 
and that this sequence converges to %t. By Carathéodory’s theorem the 
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Fig. 11.4-1. Léwner’s approximation theorem 


functions (11.4-8) tend to g(z) = f(pz)/pM as n > oo and, consequently, 
J,{2)/B, to f(pz)/p, uniformly on every closed set within |z| < 1. 

Our next task is proving that the functions (11.4-7) constitute a 
family, dense in Y. Let f(z) denote an arbitrary function of Y and p, 
run through an increasing sequence of numbers between 0 and 1, such 
that p, + 1 as n> oo. The functions f(p,z)/p, form a sequence which 
tends to f(z), uniformly on every closed subset of |z| < 1. Further we take 
an increasing sequence of numbers r,, r2,..., also between 0 and 1, 
such that r, + 1 as n > o and, additionally, a decreasing sequence of 
positive numbers ¢,, &2,..., tending to 0. In view of the results obtained, 
there is a function f,(z)/B, in Y of the type described above such that 


Ai(2)/B1 -f(012)/Pil < 1, 
for all |z| S r. Again a function f,(z)/B, in SY such that 


| f2(2)/B2 —f\(o2z)/Pal < &2 


and so on. Thus we obtain a sequence 


Ji(2)/B1, Fx(z)/B2,.-- 


of functions in ¥ and it remains to show that they tend to f(z) uniformly 
for |z| S$ r < 1. Given the number r we can find a number N, such that 
r, > r for all nz > N,. Given e > 0 we can find a number N, such that 
é, < $e for all n > N,. Finally there is a number N; such that 
\f(PnZ)/Pa—F(Z)| < te for n> N35, all z satisfying |z} <r < 1. It follows 
that for all n > N = max (N,, N2, N3) and |z| <r 


|ful2)/B, S| S | fn(Z)/Bn —F(0n2)/Pal +1 FP nZ)/Pn -f(Z)| < € 


and this proves the assertion. 
Calling the functions f(z)/B, where f(z) is the function (11.47), bounded 
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slit mappings we may state Léwner’s approximation theorem in the form 
The set of bounded slit mappings is dense in F. 
In the next section we will study the slit mappings more closely. 


11.4.5 — INTRODUCTION OF A PARAMETER 
Let L be a sectionally analytic slit inside |w| < 1 given by 
w=o(t) OStSto, t>09, (11.4-9) 


where w(t) #0, |w(t)| <1, (0 St < to) and [w(t)| = 1. By L,,.. we 
denote the arc corresponding to the values ¢ which satisfy ¢’ < ¢ St” 
and by L, the arc L,,,. Let St, consist of |w| < 1 except for L,. As ¢ 
increases from 0 to fp the region #, expands from R = Ry to {wl < 1. 
In accordance with (11.4-7) we denote by 


w= g(z,t) = B(O(z+a,(1)27+...), B)>O (11.410) 


the function which maps |z| < 1 onto W,, and by gw, t) the inverse of 
this function. 

First we observe that B(t) is continuous. In fact, Rt, is a subregion of 
R,, if t’ < 2’ and it is easy to show that the sequence W,,, W,,,.-.-, 
converges to the kernel t,., if ¢;, f2,... tends to t*. Hence g(z, t) 
— g(z,t*) as ¢ runs through a sequence tending to ¢*, uniformly on 
every closed set within |z| < 1. As a consequence A(t) > B(t*). 

Now we introduce the function 


A(z, t',t") = g(gz,t’),t), OSU <t" St. (11411) 
Its expansion in series is evidently 
h(z, t,t") = Be) Zt wee (11.4-12) 
Bt’) 
The function g(z, t’) maps |z| < 1 onto i, and gw, t’’), which is the 
inverse of g(z, ¢’”’), maps Rt, onto |z| < 1. Hence |A(z, t’, t’’)| < 1, while 


A(0, t’, t”) = 0. Thus the conditions of Schwarz’s lemma are satisfied 
and we may infer that 


t £ ae 
h’'(0, t,t”) = Be) <1, v<r", 
Bt’) 
for it is clear that A(z, t’, t'’) is not the identity mapping. As a consequence 
B(t) is a strictly increasing function as is 


We may, therefore, take t for our parameter ¢, which has been left un- 
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determined so far. With this normalization wehave, replacing again t by f, 
gz, t) = Bel(ztazz7+...), OStS ty = log (1/f), (11.4-13) 
B = B(O) being a positive constant. It follows that 
A(z, t',t') =e 2+... (11.4-14) 
In view of the definition (11.4-11) we see intuitively that 
A(z, t,t") +z (11.4-15) 


as t’—t” + 0, but the formal proof is not trivial. As we will see this 
result is of paramount importance for the further development of the 
theory. 


11.4.6 — THE CONTINUITY PROPERTY 


We recall that w = g(z, t’) maps |z| < 1 onto Ry, that is |w| < 1 
cut along L,-. Also that z = gw, t’’) maps ®t, onto |z] < 1 and so R,. 
corresponds to |z| < 1, except for the image of L,.,.. by g(", t’’), for 
Ly lies in R,, except for one point w(t”) but not in R,,. The image of 
Lye by gw, t’’) will be denoted by S,,. Thus A(z, 2’, t’’) maps |z| < 1 
onto |z| < 1 cut along S,,.. 

If w = g(z, t) then the inverse function z = aw, t) is continuous at 
a(t), ie. as w— w(t) in any manner from %,, z approaches a point 
A(t) such that |A(#)| = 1. This point will play an important part in the 
theory. 

We may prove this in quite the same way as the theorem of section 
10.5.5. It is clear that the points of |z| = 1 are normal boundary points of 
|z| < 1. Let wo, w,,..., denote a sequence of points in §t, tending to 
a(t). Suppose that the sequence of points zg, z,,..., corresponding to 
these by the mapping z = g(w, f) has two subsequences tending to z’ and 
z” respectively. They are on two cuts C; and C;’ respectively, correspond- 
ing to the curves C,, and C.’. We determine closed initial parts Cj and C;’ 
such that the remainders C, and C;' are within two open discs 8’ and %” 
about z’ and z” with radius 4d = 4/z’—z’|. Now it is not difficult to see 
how to modify the discussion of section 10.5.5, (fig. 11.4-2), in order 
to be applicable to the problem under consideration. 

The first theorem of section 10.5.5 states that A(z, t’, t’’) is still continu- 
ous at all points of |z| = 1. The are on |z| = 1 which corresponds to 
Sve will be denoted by B,,., (fig. 11.4-3). 

Suppose first that 2’’ — t’, (t’ < t’’), while t’ remains fixed. Then the 
arc L,., shrinks to the fixed point w(t’). The mapping a, t’) is contin- 
uous at w(t’). Hence, given e > 0, we can find a circumference about 
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tangent 
vat L in w(t) 


L 


Fig. 11.4-2. Proof of the continuity of the function g at w = w(t) 


a(t’) with radius 6 such that all points of Rt, within this circle correspond 
to points z with |z—A(t’)| < «. If ¢” is sufficiently near t’ the arc 
Liyn is inside |w—w(t’)| < 6. If w tends to a point of this are then 
the corresponding point g, t) tends to a point the distance of which 
from A(t’) is not larger than e. Hence B,,,.. is contained in the region 
|z-A(t’)| < «. 

Secondly we suppose that t’-~ t”, while t’’ remains fixed. Since 
9(w, t”) is continuous at w(t”) it is at once clear that the tip of Spy. 
approaches A(t’) as ¢’ > t”, for then w(t’) > w(t”). 
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Fig. 11.4-3. The mapping of |z| < 1 onto the region |w| < 1 slit along the arc L 


Now we wish to prove the fundamental result of this section: 

As t'—t'"' +0, while either t = t' or t = t” remains fixed, both Sy 
and By, approach the point A(t). Moreover, A(t) is continuous. 

We give the proof for the case that ¢ = t’. The proof in the case t = ¢” 
is similar. 

Take a decreasing sequence of positive numbers ¢,, €,,... tending 
to zero and such that e, < 1. In the z-plane on the ray issuing from the 
origin and passing through A(t’) there is a point which is the centre of a 
circle C, with radius ¢,, 2 = 1, 2,..., which cuts the unit circle 
orthogonally and is within C,. This circle contains A(t’) in its interior. 
Let D, denote the region inside |z| < 1/e,and outside the circle C,,. 

Take t” so near t’ that B,,. is inside C,,. The function A(z, t’, t’”) 
can be continued analytically beyond the arc C outside C,, on the unit 
circle by means of the reflection principle. Hence its values taken at 
points symmetric with respect to |z| = 1 correspond to points also sym- 
metric with respect to the same circumference. Since e” “” remains above 
a certain constant c, taking into account (11.4-14), we find from (11.2-15) 
that 

cr 


|h(z, t’, t'’)| = ——. , zZj=r<il. 
( )I (ane l2l 
It follows from the reflection principle that on |z| = I/e, we have 
2 
|A(z, t’, tS (ite). te: 


CEq CE_ 


With reference to the maximum modulus principle we infer that A(r, t’, t’”) 
is uniformly bounded in D, and the family consisting of all these func- 
tions is normal on 9,,. 

Now let ¢” > ¢’ through any sequence of values. There is a sub- 
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sequence such that the corresponding functions 
hyi@t’), Aya, t*),.-- (11.4-16) 


constitute a sequence which converges throughout ©,, uniformly on 
every closed subset of D,. From a certain index upwards these func- 
tions are also defined throughout D, and, therefore, from the sequence 
(11.4-16) we can find a subsequence 


has(Z, 0’), —-Aza(z, t’),.-- (11.4-17) 


which converges in the same way throughout D,. And so on. Now we 
apply the diagonal method and consider the sequence 


hys(Zt’), — aa(z, 0°), --- (11.4-18) 


From a certain index upwards its members are defined throughout 
®,, where n is fixed, but arbitrary. Hence the sequence is convergent, 
uniformly on every closed subset of D, , and tends, therefore, to a function 
holomorphic throughout ®,,. It follows that this function has a meaning 
on every bounded region which does not contain A(t’). But the function 
is locally bounded at A(t’) and on account of Riemann’s theorem 
(section 2.8.3) it is still regular there. Thus we obtain a function, holo- 
morphic throughout the whole (open) z-plane, taking the value 0 at 
z= 0 and which has a positive derivative there. From (11.4—-14) it 
follows that this derivative at z = 0 is unity and hence the limiting 
function is the function z. Thus we have proved (11.4-15), the con- 
vergence being uniform on every closed set within |z| < 1. 

We already know that B,.,,. shrinks to A(t’). Now we have the more 
precise result that S,.,. also shrinks to A(t’). We conclude the proof by 
showing that A(¢) is continuous. 

If z lies on B, and s is a corresponding point on S,,,.. by A(z, t’, t’) 
we have |z—s| < ¢ finally. Now S,,-. contains A(t’) and By, contains 
A(t’). Take z = A(t’) and choose t” so near ¢’ that the diameter of Sj, 
is less than ¢. Then |s—A(t"’)| < @, |s—z| < 2, and so |A(t’”)—A(t’)| < 2e. 
Thus we see that A(t”) > A(t) as t’’ > t = t'. In a similar way we can 
prove that A(t’) > A(t) as t’ ot” = 1. 


11.4.7 — LOWNER’S DIFFERENTIAL EQUATION 


We are now in a position to relate the approximating slit mappings 
to the solutions of a certain differential equation. 

Let L denote the slit w(t), 0 S t S tg, defined in section 11.4.5 and 
let f(z), which is the function (11.4-7), map |z| <1 onto |w[ <1 except 
for L. The function g(z, t), represented by the series (11.4-13), maps 
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|z| < 1 onto |w| < 1, except for Z,. In particular g(z,0) = f(z) and 
g(z, tg) = z. Next we introduce the function 


f(z, t) = (fl), t). (11.4-19) 


Since gw, t) maps |w| < 1 cut along L, onto [z/ < 1, the function f(z, £) 
maps |z| < 1 onto a subset of |z| < 1 and is a univalent function for 
O<¢tS ty. From (11.419) it follows 


F(z) = Bzt+... = g(f(z, 0), 1) = Bef(z, + .... 


Hence 
f(z, th=e "z+... 


and so e'f(z, t) is in . In particular 
B'S (2, to) = eS (z, to) = BF (2) 


is in Y and from the above considerations it follows that the functions 
ef(z, to) form a dense subclass of /. 

Now we turn our attention to the functions f(z, t). It is clear that 
f(z, 0) = g(g(z, 0), 0) = z. 

The function 


F(z) = log mrctst) (11.4-20) 
Zz 


is such that F(0) is real and < 0. It is holomorphic throughout |z| < 1 
and continuous in |z| S 1. It takes the value zero on |z| = 1 except on the 
arc B,,., where it is negative. Let us denote the endpoints of B,.,.. by e!# 
and e® respectively. 

Applying Schwarz’s formula (2.15-13) for the case that R <1, 
where z is a point inside |z| = R, we obtain 


R 
Fe) = f* Re F(Re*) 7 ae 0. 
2% —Z 


Since the integrand is continuous on |z| S 1 (and, consequently, uni- 
formly continuous) we may let R > 1. It follows that 


log a FE + fire F(e! 
Z nly 


(11.4-21) 


Now 


Aft, t'), Uy t’’) 


9 (9( ft, t'), t'), t””) 
g(9(G(f(2), t'), t'), ”) = g(f@), t”) = fl, t”). 
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If in (11.4-21) we replace z by f(z, t’), we get 


feAC chat med [ire Fe) tite PHP #) ay, (11,4-22) 
f(z) nda *—f(z, 1’) 

Referring to the expansion (11.4-14) we see from this by taking z = 0 

that 


ee 
ioe acs = i) Re F(e*)dg. (11.4-23) 
Te a 


Now we apply a mean value theorem of integral calculus (stating: if 
f(t) and g(t) are continuous in the interval a < ¢ < B and g(t) does not 
change sign, then there is a number @ in the interval such that [4 f(r) g(t)dt 
= f(0)J2g(t)dt) and we obtain 


ft) _ 1 (pe +f(z t+) ol +f (z, t’) Z 
ven t') 4 on (Ree i04 f(z, 1’) +iIm gia “f(z 5 LEO) [Re F(e do, 


(11.4-24) 


where 6, and 0, are ina < ¢ S f. Dividing corresponding members of 
(11.4-24) and (11.4-23) we find 


ny ’ iO; , id2 ’ 
log f(z, t")—logf(z,t’) _ pee Vt) py eth 1) 
(is t’ e_f(z, t’) eif2 —f(z, 1’) 
(11.4-25) 
Making ¢” -> ¢ = t’, then, on account of the fact that e — (1), e!? > (2) 
simultaneously, the expression on the right of (11.4~25) tends to 
_ ADH.) _ Lt K()f(z, 0) 
A(t)—-f (z, t) 1—x(1)f(z, t) 
where x(t) = L1/A(t), |k(2)| = 1 and is continuous for 0 <¢S fy. Since 


we may interchange the réles of t’ and ¢’’, the expression on the left of 
(11.4-25) tends to 


(11.4-26) 


7) of of (z, t)/at ot 
a; oat, t) = f@0) 


Summing up, we may state the following fundamental theorem 
The function f(z, t), defined by (11.4-19), satisfies the differential equation 


Ow _ _y Lex 


> 11.4-27 
at 1—x(t)w ( ) 


with the initial condition f(z, 0) = z. The functions e'f(z, to) for varying 
positive to and functions x(t) form a dense subclass of Sf. The functions 
K(t) are continuous for 0 S t S ty and |x(t)| = 1. 
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The differential equation (11.4-27) will be referred to as Léwner’s 
differential equation. 


11.4.8 — THE EXISTENCE THEOREM 


We shall complete the foregoing considerations by proving the theorem 

Let «(t) be a continuous function of the real variable t throughout an 
interval OS t S to, satisfying the condition \x(t)| = 1. There exists a 
unique solution w = f(z, t) of the differential equation 


ow _w 1+x(t)w 


(11.4-28) 
at 1—x(t)w 


such that f(z, 0) =z, |z| <1. For any fixed t the function eé'f(z, t) 
belongs to the class S. 

The differential equation (11.428) with initial condition w = z at 
t = 0 is equivalent to the integral equation 


w = Z exp (- eee ar] . (11.4-29) 


o 1—K(t)w 


We may solve this equation by applying Picard’s method of successive 
approximations. To this end we construct a sequence of functions by the 
recurrent relations 


rt 
Wo = 25 Wy = west) = zexp (— f 22 Se ae), n> 0. 
o 1—x(t)Wy-1 


(11.4-30) 


An easy calculation shows that Re(1+xw)/(1—xw) > 0 if [w| < 1. Then 
it follows by induction that |w,| S |z|, as |z| < 1 and that w,(z, 2), 
n > 0 considered as a function of z is holomorphic throughout |z| < 1 
and considered as a function of t is continuous in the interval 0 < ¢ < f. 
In particular 

w,(0,t)=0, w(0,th=e", n>0. 


If ¢ = 0 all functions reduce to z. Differentiating (11.430) we get 


Ow, 1+kw,-, 


= —-W, (11.4-31) 
ot 1—Kw,-41 
and thus 
aw, Wr-1) (w —w -1) 1+Kw,_1 
ot so 1—kw,-1 


~(Wp-4 Wy) emt _ 
~ . (1—xw,_1)(1—Kw,-2) 
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All functions w, coincide at t = 0. Hence, by integrating, 


Wa —Wpen = = Fy Wra- ° Ea 


f 2kw,- 
Diaihe ee EEE 
0 (1—Kw,- i(i- KW, - ae: 
Now we use the additional assumption that |z| <r < 1. Since |xw,| 
< |z) Sr, n =0,1,..., we have evidently 


t t 
[Wa Wr-1I = AY Iq —Wa-slde+B | Ivq-1— n 2147, 


or 
t t 
ba Meal—A | |W, W,—1 [dt Ss Bl |W,—1— Way 2ldt, 
0 0 
with 
so) pe (11.4-32) 
1—r (1-r) 


This remains true if we multiply both members on the left by e~4'. We 
obtain 


t t 
| £ e7 “lw, — Wy 1ldt = Bf [Wa —W,-21dt, 
0 Ot ) 
or 


t 
e “Ww, — Wa aI =s B| |Wa—1— Wy—21at, 
0 
so that we finally have 
t 
|Wa— Waal = op [Wa 1—Wy—2/at. 
) 


By direct computation we see that |w,;—wol < K, where K is again a 
constant depending only on r. By induction we find 


(eB)! (c*Bt,)"-! 
(n—1)! (n—1)! ~ 


It follows with reference to Weierstrass’s test (section 1.5.4) that the 
series 


IA 


[Wa Wa—11 — 


Wo + (Wy — Wo) + (W2—- Wy) + oe 


is uniformly convergent as regards z in |z| <r and as regards ¢ in the 
interval 0 < ¢ S ty. Hence the partial sums w,(z, t) tend to a function 
w = f(z, t) as n > co which is holomorphic throughout |z| < 1 (section 
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2.20.1), and continuous throughout the interval 0 S ¢ S fo, since w,(z, t) 
is continuous with respect to ¢ (section 1.5.3). In particular 


f(0,t=0, f'(0,1) =e" 
and since w,(z, 0) = z, [w,(z, O| S |z], we have also 
J(z,0)=2z, — If(z, | S lel. 


Since w,(z, ¢) converges uniformly it is alllowed to let n> 00 in (11.4-30) 
and we obtain 


f(z, t) = zexp (- 


EG. a) a.) / (114-33) 


o 1—x(z)f(z, t) 
Thus it appears that f(z, ¢) is differentiable with respect to ft and it follows 
that it is a solution of (11.428), having the assigned initial value. 

Suppose that f,(z, t) is a solution of (11.4-28) such that f(z,, t,) 
= f,(Z2, t,) for some pairs z,, tf; and z,,t,, withO < ¢, Sf. 

Writing for short f = f(z,,¢),f; =/fi(22,t), we have in view of 
(11.4-28) 

1 = 


a(f—fi) —fi) me ATKS er 2Kf; 
fo ee toa: 


Let r denote a number such that |z,| < r < 1. Then |f(z,, t)| S |z,| <r. 
Since f, (22, ¢) depends continuously on ¢ we also have, if t; < to, 


If Zo, 0) <7, 


provided that t; S$ ¢S t,;+a< to, where « is a suitably chosen positive 
number. It follows from (11.4-34) that for these values of t¢ 


(11.4-34) 


fils (4+8)| —Filde = cf Ufilde, 


where A and B have the values (11.432). Let » denote the maximum of 
|f-—f;| on the interval rt; S$ tS t, +a. Then |f—f,| < Cua and if we 
take «<4C we even have |f—/,| S 4u, in contradiction with the 
meaning of yu, unless » = 0. A similar assertion is true in the case that 
t, > 0 in an interval 0 <t,-« St S t,. Thus we see that the subset of all 
values ¢ for which f = f, is an open subset of the interval 0 < t < fg. On 
the other hand, because of the continuity of f—f, the subset of all ¢, 
for which f 4 f,, is likewise an open set. Since the interval 0 < t < ty 
is a connected set this latter subset must be empty. We conclude, again 
with reference to continuity, that even for 0 < t S ty the solutions f 
and f, coincide. 

A direct consequence is the fact that f(z, t) is univalent. For if f(z,, ¢) 
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and /(z,,f) take equal values for some ¢ = ft, then f(z;, t) = f(z, t) 
throughout the whole’ interval 0 < ¢ S ty and in particular f(z,, 0) 
= f(Z2, 0), ie., Z; = Z2. Since f’(O, t) = e”* the function e'f(z, t) belongs 
to the class Sf. 

It should be noticed that the mapping of the unit circle as given by 
e'f(z, t) is not necessarily always a slit mapping. 

We conclude this section with a final remark. 
Suppose that the conditions of the above theorem are fulfilled for all. 
From (11.4-33) we deduce 


e'f(z,t) = 2 exp (1- as) dt = zexp (- [ = ar) : 


Since | f(z, ¢)| S |z| the integral in the last member is uniformly con- 
vergent as f — oo and z remains in a closed subset of |z| < 1. We may 
apply Weierstrass’s theorem of section 2.20.5 and it follows that the 
limiting function 


f(z) = lim ef(z, t) (14.4-35) 
to 
is holomorphic throughout |z| < 1. 


11.5 — Applications of Léwner’s theory 
11.5.1 - THE SHARP FORM OF BIEBERBACH’S ROTATION THEOREM 


At the end of section 11.2.4 we obtained a limitation of arg f’(z), if 
S'(z) belongs to the class Y. But the result (11.2~23) is not sharp. The 
exact form of the rotation theorem has been obtained by Golusin by 
using Léwner’s theory. We know that the class of the solutions 
of Léwner’s differential equation, by taking all possible functions x(t) 
includes the slit mappings and with them we may approximate a given 
function of the class Y as closely as desired. Hence we may confine 
ourselves to the functions e'f(z, t), where f(z, t) satisfies a differential 
equation of Léwner. 

In the case that we wish to estimate the argument we can omit the 
factor e' and it suffices to consider a function f(z, t) which satifies the 
equation 


(2, ) = ~f(z, t) PERO ) =jft f — g > 
at 1—x(t)f(z, t) kK K(1—«f) 
while f(z, 0) = z, writing f = f(z, t), « = x(t) for short. Differentiation 
with respect to z yields 


ere ae oe: 
5f@0=S@0(I- a), 
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or 
7) 2 
— log f'(z, t) = 1—- ——-__.... 
Pri tc) iow 
Equating imaginary parts we obtain 
a , 21m (1-x«f)’ 
— argf (z, t) = —_-__—_. 11.5-1 
ot ef (2,1) |1—xf|* ( ) 
On the other hand we also have 
rn oA o (1+ Kf)(L— Kf) 
at 1—«f JL—xf |? 
Equating real and imaginary parts we get 
1-1fP? 
=! =— 11.5-2 
= glfl owe ( ) 
and 
2 Im xf 
—argf= — 11.5-3 
at oe ji—xf|? ( ) 
Combining (11.5-1) and (11.5-2) we deduce 
— 2 — 
6 arg f’ = oS: eee af | ~ 
at lt—xf|"  IfI(1—-1fl)* ae 
From De Moivre’s theorem we deduce, since [x(z)| = 1, 
Im(l1-«f)_. 
———_—— = sin (2 arg (1—xf)). 
taf (2 arg (1—-xf)) 


Hence, since |x(t)| = 1, (fig. 11.5.1), 


Fig. 11.5-1. The inequalities (11.5-4) 
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: ? , 
lim (1—xf)"1 sin (2 aresin [f|) = 2/f|/1-If 2, if Vis. 
meee epee 
25 
(11.5-4) 
Because of —é]f|/dt > 0, we have 
—=4 flit ypc, 
Oey < V1-Ifl? ot 2 ¥e/2 
i. . ae 
IfIQ-If71) at = ee 


Integrating from t = Oto t = tg > 0, we obtain for |z] < 1/,/2 


to _ Iz] 
jares'l = | a= [ age 
o VI-[fl? at iste, toy V 1-2 


and for |z| = 1/,/2 


S 4arcsin |z], 


Nz \z| 2 
4dx | 2dx = S ntlog |z| a 
1v2 X(1—x*) 1-|z| 


larg fl < i 


Iy¢z, toy] V1 x? 


Thus we proved: 
If f(z) belongs to the class S then we have the inequalities 


lal S V2, 
iS i Saye |e) 


4 arcsin |z], 
larg f‘(z)| S |z|? 
a+log : 


-|2|?" 


These inequalities are sharp. To prove this we must find x(¢) such that 
if f(Zp, t) is the solution of (11.4-28) with f(zo, t) = Zo, Zo being a value 
of z within the unit circle, then equality holds in (11.5-4). The resulting 
equation enables us to calculate «f(zo,t) in terms of |f(Zo, f)|, and 
| f(Zo, t)| in terms of ¢ by means of (11.5-2) and (11.5-3). We can then 
choose x(t), so that equality holds in (11.54). When this is done for 
0 St S fy then (11.5-2) and (11.5-3) and equality in (11.5-4) will hold 
simultaneously and we shall have 


Izol 2 
{ ane if [zol S 1/2, 

, Os Bix 
arg f'(Zo, to) = ee ‘a 4dx EZ 2 
| +log : 2.2 if IZol = Ap,/2s 
[F(Zo, to} Ji-x 1—[ol 


and if | f(Zo, fo)| S 1/,/2, and so for all large to. For, f(Zo, fo) + 9 as 
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to — 0, since e'f(z, 1) remains bounded. Thus the upper bounds of the 
theorem stated above may be approached as closely as desired and so 
are sharp. By considering f(Zo, t) instead of (zp, t) we can show in the 
same way that also the lower bounds are sharp. 

By the same method we can also find sharp bounds for arg (f(z)/z) 
which we need in the next section. From (11.5-2) and (11.5-3) we deduce 
tee 7) 2If| @ 


“log lf] < —-24 = lo - 
SFP OBIS mas 5 loB 


Integrating from 0 to fg we find, by noting that f(z, 0) = z 
lz] lz 

)s{ 2dx <{ 2dx igy 1+|z| 
| 


a 
— ar. 
3 e|- 


ar < = 
a flee» 1-X* dg 1-2? 1—|z| 
Hence 
If f(z) belongs to the class Ff then the inequality 
1+ 
| arg) S log ell Jz} <1 (11.5-6) 
1—|z| 
holds. 


This result is sharp. Let z) denote a fixed value of z with |z9| < 1. 
We have to find x(r) in an assigned range 0 S ¢ S fy such that the solu- 
tion f(Zp, f) of (11.4-28) with the initial condition f(z), 0) = Zp satisfies 
xf = —ilf|. Since then because of (11.5-2) 


aff a 
fi = <0 glfl= ; 
Atif 
we see that f = f(Zo, f) satisfies 
fl _ = _ [2ol 
3 =e 2° 
1-|f| 1—|Zol 
This result may be used as a definition of | f(z, £)|. We calculate arg f(Zo, t) 
from 
0 2If] 2 @ 
—arg f= f == a aly ’ 
at 1+If| 1—|f|" o¢ 
so that 


acgllees!) _ jog LtlEal tog UHM 
Zo —lZol 1—|f| 
Finally x(t) shall be the function —i[f(Zo, t)|/f(zo, t). With these defini- 
tions (11.5-2) and (11.5-3) are satisfied and arg (f(Zo, t)/Z9) can be chosen 
as close as desired to log (1+|29|)/(1—[Zo]), since f(zo,t) +0 as 
f— oo. This completes the proof of our assertion. 
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11.5.2 ~ THE RADII OF CONVEXITY AND STARSHAPEDNESS 


In section 11.3.5 we obtained the result that a function f(z) of class Y 
maps the circumference [z| = r < 1 onto a convex curve if and only if 


14Re Z@) > 0, jz] =r<1. (11.5-7) 
f'(2) 
The inequality (11.2-11) gives for f(z) 
Re 2f'"(z) > r(2r—4) 
f(z) 1—r? 
Hence our condition (11.5-7) is satisfied for those values of r for which 


2r?—4r > r?—1 holds, or r?>—4r+1> 0, ie, r < 2—/3. 
If 


Zz 
$@)= 2, 
then 
2f'"(z) _ 227 +42 
fi 1-2 


and this is real and less than —1 for —1 <z < ./3—2. Thus this func- 
tion does not map |z| = r onto a convex curve for r = 2-./3. Summing 
up we have 

By all functions f(z) beloning to the class F the circumference 
|z| = r < 1 is mapped onto a convex curve if 


0<r<nr, 


r= 2—./3 
is called the radius of convexity. 

A similar but much more difficult problem arises if we ask for the 
radius of the largest circle |z| = r such that the image of it by f(z) (this 
being again any function of class Y) bounds a starshaped region with 
respect to the origin. The condition for this was seen in section 11.3.4 
to be (comp. (11.3-7) and (11.3-6)) 


where 


Ret ey asta hea: 
f(z) 
ie., 
£(2) e 
lar 42) < 4n. (11.5-8) 


In order to obtain sharp bounds for the expression on the left of (11.5-8) 
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we apply (11.5-6) to the function 
Z+Z, 
s (722) —9¢@) 


1+2Z) 
(1—lz0l)f'(Z0) 
this function belonging to the class ¥ if and only if f(z) belongs to F. 
At Zz = —Zy we have 


g(z) 


g(~Zo) = f (Zo) 
—Zo (1—1z0|7)z0f’(Zo) 


and thus (see (11.5-6)) 


| ate Zof'(Zo) = | arg g(—2Zo) < log 1+]Zol : 
f (Zo) Zo i—[zol 
This result is sharp, for replacing in the first member fby g at z = — Zo 


we obtain (11.5-6) agains, whence: 
By all functions f(z) belonging to the class F the circumference 
|z| = 7 <1 is mapped onto a curve which bounds a starshaped region 
with respect to the origin if 

O<r<r, 


where the radius of starshapedness r, satisfies the equation 


ltr, 


lo 
Pie 


1 
an 


ie., 7, has the sharp value 


11.5.3 — THE THIRD COEFFICIENT 


Léwner’s theory enables us to obtain an exact upper bound for |a;| 
in the Taylor expansion of f(z), this function belonging to the class /. 
We may confine ourselves to functions of the type e‘f(z, t), where 
J(z, t) is a solution of Léwner’s differential equation with f(z, 0) = z. 

Let 


foe) 
S(Z,te) = e%(z+ Yaz’), Bae’. (11.5-9) 
y=2 
It is convenient to introduce the function 


Iul2st) =f(F(2s A) te) = Bel(2+ ¥ e(02" (11.5-10) 
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where t denotes the inverse of f. Thus 
Ir f(z t), t) — S(z, to) 
and differentiation with respect to ¢ yields 


2 F , 89 _ 9, 
Oz ot at 
It follows that in a neighbourhood of z = 0 we must have (comp. 
(11.4-24)) 
29% _ "be L+n(of 
ot 1—x(t)f 
In view of (2.16-7) we have 


IrolEs t 
emma) =f a Lat, n=2,3..0 
C denoting a small circle around the origin. Differentiation with respect 
to ¢ (section 2.9.1) yields for n = 2 


eof) +e4()) = of Sal ae 


ani 7 ot (et 


1 ( G9, ,1+Kf df ee” = per vpn 16 
= | Go a 142 =e 
oni c tae t= Kl cots Qni ‘ + Di vex(tye )( te pe 4 ) on 


= e(nog() +20" (42'S: uey(te*(D), OStSt. 
Hence 
l(t) = (n—Dog() +24 4)+2.Y, pole". (115-11) 


If ¢ = 0, then f(z, 0) = z, g,,(z,0) =S(Z, to), Cn(0) = a, and if t = fo, 
then g,,(z, to) =z and so c,(t9)=0, 22. Thus we have the 
boundary conditions 


c,(0) = a> Cn(to) =0, 12 2. 


From (11.5-11) we can determine successively the coefficients, In fact 
to n-1 
c(t) = —2e" 1 | eT) + Y ye, (t)K""(t))de, (11.512) 
t #=1 
as may be verified by differentiating both members. In particular 


a eezet | 


£ 


"e7'k(2)de, c,(0) = =2 | "erated (11.5-13) 
0 
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Hence for all tg > 0 we have |a,| = |c,(0)| S ffe7*dt, whence 
ja,| $2 So e ‘dt = 2, which in Bieberbach’s result (11.2-1). 
Observing that 


4 ( I “ev‘x(a)de) = —2k(t)e7 I Perens = K(te™c,(1) 


we also have 


c,(t) = —2e”" (["er?2(e.de+2 | "x(ole* ead) 


= —2c¢7! ("e242 ({"e-«(ee) ) . (11.5~-14) 


t t 


Since the function 77 *f(yz) with |n| = 1 belongs to the class Y, if 
JS (z) does so, the maximum of |a3| with respect to the class / coincides 
with the maximum of Rea,. We take 


x(t) = oi 


and consider 


to to 2 
Rea; = -2{ e~ “(2 cos? O(t)—1)dt+4 ({ e-‘ cos aiat) + 
c?) 


0 
to 2 
—4 ({ e-‘ sin a(nat) ; 

0 


We omit the third term on the right. The first term is 
latatald fo 
=a e 7 cos? @(t)dt+1—e7 7° 
0 
and by Schwarz’s inequality (10.5-4) the second term does not exceed 


to to to 
a[ etar{ e~' cos” O(t)dt < af e~‘ cos” O(t)dt. 
0 n) ") 
Thus we obtain 
to Ce) 
Rea; S 144f (e-'—e~) cos? O(t)dt < 1+4f (e'-e"*)dt = 3, 
0 0 
i.e., 
la3| S 3. 


As we know this result is sharp. 
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11.5.4 — COEFFICIENTS OF THE INVERSE FUNCTIONS 


A very remarkable success of L6wner’s theory is the fact that it enables 
us to get sharp bounds for all coefficients of the expansions of the inverses 
of the functions belonging to the family . The theory is applicable to 
this type of functions, for the coefficients of their expansions are obtained 
from those of the expansions of the functions of Y by means of rational 
operations. Hence if a given function of Y is approximated by a certain 
class of functions, then the inverse is approximated by the inverses of the 
functions of the class. 

Let, again, f(z, t), 0 S t S ty be a solution of Lowner’s differential 
equation, subject to the initial condition f(z, 0) = z. Near w = 0 this 
function is invertible; the inverse will be denoted by ¢,(w), so that 


o(f(z, t)) = z. (11.5-15) 


We may write the expansion of g,(w) near w = 0 as 


ow) = (w+ Y, bs(w") (11.5~16) 


for, as we pointed out in section 11.4.7, the function e'f(z, f) is in Y, 
that is to say 


f(z) =e z+... 
The function 
g(w) = 9,,(e7°w) = wt ¥ byw’, (11.5-17) 
v=2 
with 
b, = b,(toe ", =n & 2, (11.5-18) 


is inverse to e f(z, tg) as follows from 


(EF (2, to)) = Pil F(Z, to)) = 2 


Since the functions e'°/(z, f9) for varying fg and functions x(t) form a 
dense subclass of S, it suffices to prove inequalities for the coefficients 5,. 

The following discussion is very similar to that of the previous section. 
Differentiating (11.5-15) yields 


Op Olzst) 2 00p.. 


=0 
ow Ot ot 
and because f(z, f) is a solution of (11.4-27) we have 
6e,(w) = 6o,(w) - 1+x(t)w ; (11.5-19) 
ot dw = 1—x(t)w 


where w stands for f(z, ¢). 
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Let C denote a small circumference about w = 0. From 


1 
cbt) = = [ SO at 
c 


cnt 


we obtain by differentiating with respect to ¢ 


1 a0,(¢) at _ 1 8o,{6) 1+x(t)¢ dv 


e(bi()+ balt)) = 5 c ot C8 anit, a 1—K(NE Cn 


=" far yoaoea+2y vor) & 
2nidJg v2 vat c” 


= e'(nb,(t) +2" *(t)+ 255 von” “()), 
whence 7 
b(t) = (n—1)b,()+2e "(42°F vb,(—"(,—_(11.5-20) 


throughout the interval 0 < ¢ S fo. 
Taking into account (11.5-18) we see that the initial conditions for the 
coefficients are 


b,(0)=0, 5, (to) = eb, on B 2. 


Thus the equations (11.5-20) are equivalent to 
t fc) 
b,(t) = zene [ e OOD tht SY vb(c)e"(z))dt. (115-21) 
0 v=2 


By induction on » we may prove that the 5,(¢) attain their maximum 
possible value for any fixed tg > Oif x(¢) = 1 identically. Then all these 
coefficients are real and positive. Moreover, b, = e~ 7 b, (to) in- 
creases with increasing fy, as follows again from (11.5-21). As a conse- 
quence of this the upper bounds for the coefficients b, are obtained in the 
limit if tg > 00. 

The extremal function may be obtained by solving Léwner’s differential 
equation with x(#) = 1 identically. In this case it takes the form 


ow w+l 
at wel’ 
or 
= ( _ =) __-{ 
ot \w w+l 


A solution w(z, f) with w(z, 0) = z satisfies the relation 


(+w)? eee), 
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where c(z) does not depend on ¢. By taking t = 0 we find 
ClZ 
y= ee 
and it appears that f(z, t) satisfies the relation 
ef(z,t) _ 2 
(1+f(z, 8)? (+z)? 


Since e'f(z, t) remains bounded as t > 00, we conclude that lim,., ,, f(z, ¢) 
= 0, whence 


Hips ef (z, t)= eS 


Thus we see that the extremal function for the problem under consid- 
eration is, therefore, the inverse kw) of this function. 

It remains to evaluate the coefficients of the expansion of k(w) near 
w = 0. Let us write 


k(w) = ¥ kw’, 
v=1 
According to (3.12-8) we have 
1 of +9)" 1 eo on vuasy Lf 2 
oe aaa) a Ga 


~ Onind (ag 2nin J ¢ v=0 n+1 
In particular, k; = 1. Thus we have proved: 
If w = f(z) is a function of the family S and if 
z = f(w) = w+ > bw 
v=2 
is the expansion of its inverse near w = 0, then 


2n 
b, ed, 2 
|b, S = eA n (11.5-22) 


Equality holds for the coefficients of the expansion of k(w), the inverse of 
the function k(z) = z/(1+z)*. It should be noticed that this function is 
essentially Koebe’s function (11.2-5). 


CHAPTER 12 


ANALYTIC FUNCTIONS — RIEMANN SURFACES 


12.1 — Analytic continuation 
12.1.1 — INTRODUCTION 


Strictly speaking the notion of a function is a pair of two things, viz. 
a set G of complex numbers (possibly including 00) and a rule f which 
assigns to every element of G a complex number or 00, called the value 
f(z) of f. Sometimes it is convenient to exhibit the set G and we denote 
the function defined on it by (f, S). It is clear that the rule f applies to 
every subset G’ of ©. The pair (f, 6’) is then called a restriction of the 
function. It may happen that another rule yields the same values of the 
restriction. Thus, for instance, the function defined by the rule 


re 
1-z 
applies to the whole z-plane, from which z = I is excluded (supposed we 


do not admit the value 00). The restriction to the region |z| < 1 can be 
obtained by means of the rule 


(12.1-1) 


(12.1-2) 


< 

uMs 
N 
3% 


It is natural to consider the inverse problem. Given a function (f, S’) 
and a set © including ©’, we may ask: is there a function (g, ©) such that 
its restriction with respect to G’ is the same as (f, 6’)? If so, this new 
function is called an extension of the given function. It is true that this 
problem can be solved in many ways, e.g., by assigning arbitrary values 
to the elements of © which are not in ©’. It is clear that the interest of 
the problem lies in the fact that the extension also belongs to a certain 
class of functions. In our case we consider only holomorphic functions 
and the process of extension is then called analytic continuation. 

Let ®, and , be overlapping regions, i.e., the intersection of these 
regions is not empty. Let f,(z) be holomorphic in {ty and f,(z) in R,. 
If now f, and f, define the same restriction in the intersection of Rt, and 
R,, that is, if f,(z) = f,(z) for all z in this intersection, then f, is said 
to be a direct analytic continuation of f, into R,. It is clear that according 
to this definition f, is a direct analytic continuation of f, into ®,. 

[244] 
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Now we can define a function f throughout the union of , and R, 
such that its restriction with respect to Mt, is f,; and that with respect 
to R, is f,. On account of the identity principle f, and also f, are 
uniquely defined by f,. 

More generally we consider a sequence of m regions ®,,..., R,, 
such that two consecutive members ®,, 9,41, k =1,..., n—l, are 
overlapping. Assume we are given n functions f,,..., f,, where f, is 
holomorphic in ft, and f,,, a direct analytic continuation of f, into 
R41. Then f, is said to be an analytic continuation of f, into Rt, along the 
sequence of regions. Is is clear that every one of the functions f, can be 
considered as an analytic continuation of every other one. 

It may happen that MR, and R,, » > 2, overlap. In that case the func- 
tions f,; and f, need not be direct analytic continuations, i.e., f(z) and 
f,(z) may be different in the intersection of R, and Ki,. This phenomenon 
is the key of a rigorous definition of multiply valued functions, as we 
shall see later on, (paragraph 12.2). 

In the next section we shall describe a method of analytic continuation, 
employing circular disks instead of more general regions. This enables 
us to describe the process of continuation in a more concrete manner. 


12.1.2 - REARRANGEMENT OF POWER SERIES 


Consider a function given by the power series 


fole) = ¥, as(e—20)' (2.1-3) 


If it is necessary to exhibit also the region %) of convergence, we shall 
write (fo, %o). The case z9 = oo may be included, for then we have 


Solz) = Yaz (12.1-4) 


Such a power series, together with its disc of convergence, will often 
be referred to as a function element with centre z). Sometimes we under- 
stand by this the pair (4 ®) of a function f holomorphic throughout ft. 

Let z,; # Z denote a point inside the disc of convergence % of the 
function element (12.1-3). 

Since f,(z) is regular at z = z, we have the Taylor expansion 


(Oa eee. (12.1-5) 
yv=0 
with 
by = fe) =¥("Jater—zy" (12-6) 
n ven\hA/ 
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It is easy to see that this new series can be obtained by rearrangement, 
that is, by means of the expansion of 


(2—2Z0)" = (2-24+2,—Zo)" 


in powers of z—z,. The series (12.1-5) is convergent at all points of an 
open disc about z, which is inside the circle of convergence of (12.1-3), 
ie., for all z satisfying 


|z—2,| < ro—|Z1—Zol, 


where ry is the radius of convergence of (12.1-3). However, and this is 
the most interesting case, it may converge in a larger disc, (fig. 12.1-1). 
It is evident that f,(z) as given by (12.1-6) is a direct analytic continua- 
tion of fg(z) into the disc of convergence of the series (12.1-5). 


Fig. 12.1-1. Direct analytic continuation 


If it is not possible to extend fo beyond its disc of convergence by means 
of this process, we call the circumference of %9 a natural boundary. 
Examples are provided by the series (8.2.-4), or (8.2-7). In that case it is 
in no way possible to extend fo beyond ®. 


12.1.3 - HyPERCONVERGENCE 


Let 8 denote a region including the origin and f a function holo- 
morphic throughout 8. We assume that there is no larger region in which 
f is holomorphic. In a neighbourhood of z =0 the function can be 
represented by the expansion 


F(z) = ¥ Cy2", (12.1-7) 


which is convergent within a circumference about z=0 with radius equal 
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to the distance of the boundary to the origin. The function fis regular at 
those points of the circumference which are not boundary points. Without 
loss of generality we may assume that the radius of convergence of 
(12.1-7) is unity. 

The sequence of partial sums 


5,(Z) = 2 yz" n=0,1,..., (12.1-8) 


is divergent at every point outside the circumference of convergence. 
In certain cases, however, we can find a subsequence of partial sums 
which is also convergent at points of a region which extends the region 
of convergence of the initial series (12.1-7). A power series with this 
property is called hyperconvergent. It is obvious that a power series can 
only be hyperconvergent in a neighbourhood of a point of the circum- 
ference of convergence where the function f(z) is regular. We call a 
point of this kind a regular point of the series (12.1-7). 

As we shall see the phenomenon of hyperconvergence can occur in the 
case of power series which possess gaps i.e., certain coefficients are zero. 
Thus we consider series of the type 


wo 
yee (12.1-9) 
y=0 
where 0 S Jy) < A, <...is an increasing sequence of integers. Now we 


shall prove the following theorem due to A. Ostrowski: 

Suppose that the power series (12.1-9) has the radius of convergence 1 
and that there exists an increasing sequence [o, Hy,..., of suffixes such 
that 


Rant i a4 = Wy,» n=0,1,2,..., (12.1-10) 
where 3 > 0 is a fixed number. Then the sequence of partial sums 
Un 
5,,(Z) = ¥) cz" (12.1-11) 
v=0 


is convergent in a region of which every regular point of (12.1-9) on the 
circumference of convergence is an interior point. 

Let f(z) denote a function coinciding with the sum of (12.1-9) for 
|z] < 1 and being holomorphic in a larger region. Without affecting the 
generality we may assume that it is regular at z= 1. If 6 > 0 is small 
enough, it is regular at the points in and on a circle with radius 4+6 
about the point z = 4. We apply Hadamard’s three circles theorem (sec- 
tion 2.13.4) to the function 


Gn(Z) = f(z)—S,,(z) (12.1-12) 


and the circles with centre z = 4.and radiir,; = 4-6,r = 4+e,r, =4+6, 
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Fig. 12.1-2. Application of Hadamard’s three circles theorem 


where 0 < ¢ < 6 < 4, (fig. 12.1-2). If M,, Mand M, are the maximum 
moduli of g,(z) on these circumferences respectively, then in view of 
(2.13-14) 
inten log 1+26 log it 2e 
M <M, 1+2e M, 1-26, (12.1-13) 

We proceed to show that we can take ¢ so small that M — 0 as pt, > 00. 
Then the sequence (12.1-11) represents an extension of (12.1-9) beyond 
its circle of convergence, for inside and on the circle of radius r this 
sequence tends to f(z). 

To this end we take a number y between 0 and 6 and denote by K the 
maximum modulus of f(z) on the circumference |z| = 1—y. By Cauchy’s 
inequality (2.18-2) we have 


le,l S = 
(1—n) 
If z is on the circumference with radius r, we have 
«0 co) 1=6 ay 
Mis > lalla ss Y lelt-aysK y (=) 
vEpntt v=pntl veau,e1 \L—1/ 
—6\" —§\44nt! —§\At9)au, 
sky (: ‘= K (; *) < K, (7 °) 
VeAu +1 1-n 2 1-6 1-n 1-n 


1 
1-4 
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where we have employed (12.1-10). The constant K, depends only on 
6 and n, but not on r. If A¢* is the maximum modulus of f(z) on the cir- 
cumference with radius r,, we have for z on this circumference 


- 4. % 1+6\* 
M,<M + ¥ tele <M +Ky ; 
—n 


< (mt4 —* G+)" ee Car 
a 7 1l-n]}] \l-n 1l—n 
1+6 


where K, is again independent of n. Inserting the estimates for M, and 
M, thus obtained into Hadamard’s inequality (12.1-13) we find 


(14+3)1 og 1428 +26 1+2e 


Mir < KK, (= =) 142e ae 
1-n 1-yn 


The expression between the braces tends to 
(1 —6)" +9) log (1 +20)(4 +6) i280 — 26) 


as € + 0, 7 > 0, and the logarithm of this last expression may be written 
as 


(+9) log (L+265) log(1—5) _ log (1—26) eel 2)) (—28%. 
26 —6 —26 6 

For sufficiently small 6 this expression is negative. As a consequence we 
may take e and 7 so small that the original expression between braces is 
less than |. Since 2, > co asm — oo it is possible to make M as small 
as desired, provided that n is large enough. This concludes the proof of 
the theorem. 

The following example may serve as an illustration. Consider the series 
of polynomials 

2\4¥ 
fay =y SHEP 


A, 


(12.1-14) 


where A, is the maximal coefficient in the polynomial (z+ z”)*”. Evidently, 
in each of the polynomials occurring in (12.1-14) the coefficients do not 
exceed unity and one of them is actually equal to 1. The highest term in 
the polynomial corresponding to n is of degree 2 x 4" and the lowest of 
the next polynomial of degree 4"**. Hence, if we expand f(z) in powers of 
z, each term is a single term of one of the polynomials occurring in 
(12.1-14). On applying the Cauchy-Hadamard test (1.6-11) we deduce 
that the radius of convergence of the power series is unity. As a conse- 
quence, the series of polynomials is convergent for |z| < 1. But since 
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z+z? = z(1+z) is symmetric with respect to z and 1+-2z, it is also con- 
vergent for |z+1| < 1. The special sequence of partial sums of the power 
series for f(z) by taking each polynomial as a whole is, therefore, conver- 
gent in a region which lies partially outside the unit circle. 

In this example we have 


Ho = 53 Mn+1 =p, +477 41, n20 


dee oka. Ayer 


and so 
A ieee 24 OTT =f. 


whence 9 = 1. 


12.1.4 - HADAMARD’S GAP THEOREM 


An interesting and famous theorem due to Hadamard is obtained from 
Ostrowski’s theorem if we take y, = n. It states 

If the sequence of exponents in the power series (12.1-9) satisfies the 
condition of Hadamard 


hes ted S Bi. (12.1-15) 


where 3 > 0 is fixed, then the circumference of convergence is a natural 
boundary. 

Assume that the series were regular at any point of the circumference. 
Then the series would be hyperconvergent at that point and the sequence 


Su(Z) = S,(2) = Yay (12.1-16) 


would be convergent outside the circle. But the sequence (12.1-16) is 
exactly the whole sequence of partial sums of the series (12.1-9). This 
leads to a contradiction and our conclusion is that each point of the 
circumference of convergence is a singularity of the series. 

A simple example is provided by the series (8.24). In this case 4, = 2”, 
whence J,4,;—-A, = 2" =4/,, ie, 9 = 1. 

Another example is provided by the series 


+z (12.1-17) 
Here 4, =n!, A,41-4, =n-n! 2 ni, whence 9 = 1. 


12.1.5 —- THE FATOU-POLYA THEOREM 


The following remarkable theorem was conjectured by Fatou and 
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proved by Pélya. It can be considered as a consequence of Hadamard’s 
gap theorem. 

if oe 
Yi e,z” (12.1-18) 
vy=0 


denotes an arbitrary power series with a finite radius of convergence, 
then we can find numbers n,, being either +1 or —1, such that the series 


Ynez” (12.1-19) 
1) 


is not continuable beyond the circumference of convergence. 

Without loss of generality we may assume that the radius of conver- 
gence is unity. From (12.1-18) we take a subseries satisfying Hadamard’s 
condition (12.1-15). This represents a series A(z) whose circumference of 
convergence is a natural boundary. We put 


Yi cz” = fo(z) + h(z) (12.1-20) 
yv=0 
and decompose A(z) into infinitely many power series 


h(z) = f(z) +f2(z)+ ..., (42.1-21) 
such that no two of these series contain terms with the same exponent, 


whereas every series contains infinitely many terms. Consider the collec- 
tion of all series 


Sol(z) +e, f(z) +82 f2(z) +--+ (12.1-22) 


where every ¢, is either +1 or —1. Suppose that all these series are con- 
tinuable beyond the circumference of convergence. We observe that the 
roots of unity form an enumerable set which is everywhere dense on the 
boundary of the unit circle. Hence there is at least one root of unity, 
say p,, at which a certain series (12.1-22) is regular. Let this series be 


folz)+ ers f(z) +812 falz)+ ---. (12.1-23) 


Next we can find a root of unity, say p,, at which a second series 
(12.1-22) is regular. Let this series be 


folz) +821 fi(Z) +822 f2(z) + --.. (12.1-24) 
After steps we have a series 
SoZ) + Ent f1(Z)+ Ena folz) t+ «+ (12.1-25) 


which is regular at the root p,. Thus we find an enumerable collection 
of series and it is easy to see that the series 


o(2)— 811 f:(Z)—e22fa(z)— +» ~emfi(Z)—- ++ — (12.1-26) 
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does not belong to this collection. In fact, it cannot coincide with 
(12.1-23), nor with (12.124), etc. There is, however, according to assump- 
tion, a root p, at which this series is regular. Hence, among the series 
(12.1-22) there are at least two which are regular at a point of the circum- 
ference of convergence (for the set of roots of unity is enumerable and 
the collection of series (12.1-22) is not) and the same is true for the 
difference of these series. In this difference, however, f(z) is cancelled, 
and it is therefore a power series satisfying Hadamard’s condition and 
being still regular at a point of the circumference of convergence. This 
means a contradiction. 

The proof reveals that the collection of the series (12.1-22) is not 
enumerable. Hence, in a certain sense, the non-continuability of a series 
beyond the circle of convergence is the most common situation. 


12.1.6 ~ ANALYTIC CONTINUATION ALONG A PATH 


Let L denote a path leading from z = a to z = b. We may assume that 
L is represented by the function z(t), 0 <¢ <1, such that z(0) = a, 
z(1) = 5 and that z(t) is continuously differentiable for 0 < ¢t < 1 and 
still continuous at the terminal points. Suppose further that to each ¢ 
we may associate a power series /,(z) whose disc of convergence 8, has 
the centre z(t). For any fo, if t has the property that z(t) lies within &,, 
for all tg S$ ¢<t,, we shall require that f,(z) be a direct analytic contin- 
uation of f,,, (fig. 12.1-3). We then say that f, has been obtained by 
analytically continuing fy along the path L, Now we state 

Analytic continuation of a given power series fy along a path L leads toa 
uniquely determined power series f,. 

Let f, and g, denote two continuations of fg = go along L. For any ty 
the power series f,, and g,, converge in a disc |z—z(fo)| < r(to), where 
r(to) is the smallest of their radii of convergence. There isa dé = 5(to) > 0 
such that |z(¢)—z(t )| < r(tg) for all |t—tp| < 6. Hence for these values 
of ¢ the series f, and g, are direct continuations of f,, and g,, respectively. 
Let now fg denote the greatest lower bound of the ¢ for which f, and g, 
disagree. Clearly tg) > 0. As a consequence there is a ¢, with |t,—to| 
<4(t9) such that f,, = g,,. But the discs of convergence of f,, and those of 
f,, and g,, overlap. In the overlapping area the power series under con- 
sideration are identical. It follows that So = Gio» i.€., the series agree 
at f and, consequently, for all ¢ satisfying |t—r)|< 6. It follows that 
t) < 1 leads to a contradiction. 

The radius of convergence of a power series is either identically infinite, 
or a continuous function of the centre of the disc of convergence, where it 
is understood that the elements (f, a) and (g, b), a and b being the centres 
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Fig. 12.1-3. Analytic continuation along a path. 


of the respective elements, are direct continuations if b is sufficiently 
near a. 

Indeed, if r(a)< 00, r(a) denoting the radius of the disc of convergence 
with centre a, and |b—a| < 4r(a), then r(b) = r(a)—|[b—al| = 4r(a). 
Hence a lies in the circle of convergence of the series about b and also 
r(a) 2 r(b)—|b—al]. It follows that 


Ir(b)—r(a)| < |b—al. (12.1-27) 


An easily proved consequence of this theorem is 

If the continuation of the power series fy along a path L is possible, 
it can always be accomplished by analytic continuation along a finite 
chain of discs. 

The radius of convergence r,=r(z(t)) of the series f, is either identically 
infinite or is a continuous function of t and possesses a positive minimum 
p. Hence in all cases we may take a positive number p and a partition of 


the interval OS tS 1:0 =t)<t;<...<4, = 1, such that 
|Z(t, 44) —2(t,)|< p fork =0,...,2—1. Then the discs %,: |z—z(t,)| < 74, 
are overlapping and the corresponding functions f,,,...,/,, form an 


analytic continuation. 

Finally we prove 

If fo is analytically continued along L from a to b, then continuation 
along a path L* connecting a and b and sufficiently near L leads to the same 
element at b. Let again p denote a positive number not exceeding the 
radii of convergence r, = r(z(t)) of the power series f,, OS ¢ S 1. 
Let L*, defined by z = z*(t),0 S ¢ S 1, be any other path with z*(0)= a, 
z*(1) = b and such that {z*(t)—z(t)| < tp. If we denote by g, the power 
series obtained by continuing fg = gp along the path L*, then the theorem 
states that f, = g,. 
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Z(to) L z(ty) 


z(t,) 


z4(t,) z*(t2) 


Fig. 12.14. Analytic continuation along different paths. 


In order to prove this we consider the partition 0 = fp <4, <... 
<1, = 1, such that for all ¢ in the interval t, < ¢ S t,4,,k=0,...,2—-1 
we have |z(t)—z(t,)| < 4p. The sequence of discs ®,: |z—z(t,)| < 14,5 
gives us the continuation of fy to f, by a finite succession of direct con- 
tinuations. Let L, represent the line segment joining z(t,) to 2*(t,). 
Continuation along any path, lying entirely within the disc of convergence 
of a power series, leads to the same series, for each direct continuation is 
merely a rearrangement of the original series. Thus continuation of fo 
from z = a to z(t,) along L and along the composite path composed of 
L* from z = ato z*(t,) and then to z(z,) along —L, (that is L, percorsed 
in the opposite direction) both lead to the same series /,,. Now we con- 
tinue f,, from z(t,) to z(t,) along the path L, followed by L* from z*(t,) 
to z*(t,) and then —L,, obtaining the same series f,,, (fig. 12.1-4). 
In this process we traced L, successively in both directions, the net 
effect being that we get the same result as we left out L,. Thus we have 
continued fy along two paths to get f,,, namely L from z = a to z(t) or 
L* from z = a to z*(t,), followed by —L,. We repeat this stepwise 
process to b in a finite number of steps and end with f; = g,. 

This theorem implies that for purposes of analytic continuation we can 
always replace a path L by a polygon approximating L and which has its 
vertices on L. We do not need to consider all elements on the broken 
line, for if the vertices are sufficiently dense it will be sufficient to use only 
the elements whose centres are vertices. Otherwise we may have to inter- 
polate intermediary points. 


12.1.7 - PERMANENCE OF FUNCTIONAL RELATIONS 
Consider a collection of function elements 
(91, St), -- 5 Gn» 8) 
defined throughout a disc &. Let 
S (Wy, - +5 Wa) (12.1-28) 


denote a function of n variables such that its first order partial derivatives 
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exist and are continuous if w,,..., w, are in regions ®,,..., Rt, respec- 
tively. Assume that g,(%) is in ,,..., g,(S%) is in R,. Then 

F(G1(2), - » + Gn(Z)) (12.1-29) 


is evidently a holomorphic function of z in &, for this function is well- 
defined there and has a unique derivative 


af _ dg, Sf day 


dz Ow, dz “"" " éw, dz 
We assume further that the function (12.1-29) vanishes identically in §. 
Let (9, &),..-; (Gn, St) be a set of direct analytic continuations of 


the given collection in a region §t. Then we contend that in #% 
also f(9,(z),..., 9,(2)) vanishes identically. This is true, for this latter 
expression vanishes identically in the intersection of ® and &. Hence 
(12.1-29) vanishes for all sets of corresponding function elements. This 
is the principle of permanence of functional relations. 


12.2 — Analytic functions 


12.2.1 — WEIERSTRASS’S DEFINITION OF AN ANALYTIC FUNCTION 


Two function elements (/,, %,) and (fz, St,) are said to be equivalent 
if the second is an analytic continuation of the first. Hence there exists 
a finite sequence of power series joining f, to fy. It is easily verified that 
this equivalence relation has the usual properties in that it is reflexive, 
symmetric and transitive. As a consequence, all power series can be divided 
into disjoint classes of equivalent elements. Each class consists of all 
power series equivalent to any one of its members. Such a member may 
be taken as a representative of its class and it determines the latter uni- 
quely. 

After these preliminary remarks we may introduce a fundamental 
notion. By an analytic function we understand an equivalence class of 
power series. This notion is due to Weierstrass. 

An analytic function is not a function in the usual sense. If z = a 
belongs to the disc of convergence of a certain power series f(z), this 
latter assigns a certain value f(a) to z = a. But there may be other power 
series about z = a equivalent to the given one which assign other values 
to z=a. All these values are called values of the analytic function at 
z =a and a function of this type is considered as a multiply valued 
function. 

A remarkable theorem due to Poincaré and Volterra states 

If F is an analytic function obtained by continuing analytically a function 
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element (fo, ®o) throughout a region RR, then every point of R is the centre 
of at most an enumerable set of function elements of F. 

Thus the set of values assigned to a given value of z is at most enum- 
erable. 

We start with (fo, %o), where &o is included in §t. The various elements 
of F with the same centre z = a as the initial element are obtained by 
analytic continuation along suitably chosen paths in %. With each such 
a path we associate a finite sequence 


(fo 5] Ro); (fi > 8), seg (Sf, ey 8) (12.2-1) 


where &, has the same centre as &). Without loss of generality we may 
assume that the centres of the intermediary discs are rational points 
The minimum number of elements in (12.1-1) performing the same con- 
tinuation be m. This number shall be called the length of the sequence. 
The number of sequences of a given length is enumerable, for we have 
for the choice of the centres certain subsets of rational points at our 
disposal. Since the lengths are natural numbers we finally obtain an at 
most enumerable set of sequences joining two function elements with a 
given centre. 

Let $t* denote a subregion of a region St on which an analytic function 
F is defined. Starting with a function element whose centre is in t* and 
performing only analytic continuation throughout 9i* it may happen 
that the analytic function F* thus obtained assigns only one value to an 
arbitrary point of i*. Then F* may be interpreted as a single-valued 
function which is referred to as a single-valued branch of F defined on R*. 


12.2.2 —' THE DERIVATIVE AND THE INVERSE OF AN ANALYTIC FUNCTION 


If the function elements (f,, #,) and (/2, &,) are direct analytic con- 
tinuations of each other, so are (f;, %,) and (f7, #2), where the prime 
denotes differentiation. Hence 

The derivatives of the elements of an analytic function F(z) are equivalent 
and constitute again an analytic function. 

This latter function is called the derivative F’(z). 

The proof of the following theorem requires more attention. We recall 
that a function element (f, &) is invertible throughout § if it possesses 
an inverse there. In section 3.12.3 we proved that fis invertible at z = zp 
if f’(zo) # 0. Otherwise stated, if f(z) assumes its value f(z9) only once. 
Now we assert 

The inverses of the invertible elements of an analytic function F are 
elements of an analytic function B > called the inverse of F. 

Excluding the trivial case that F is a constant we observe that every 
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analytic function has invertible elements, for the derivatives of the 
elements are not identically equal to zero. Let 


o 


f(e—z0) = ¥ ee— 20)" 


be a power series. Referring to section 3.12.5 we may conclude that 
f(z—Zo) assumes the value f(z, —Z9) only once if z, is sufficiently near zy. 
The point z) may be an exception. Hence the rearrangement g(z—z,) 
is invertible at z, as is shown in section 3.12.3. 

Next we consider two invertible elements (fo, %9) and (/1, &,) of the 
same analytic function F, having the centres z) and z, respectively. We 
contend that they can be joined by means of a sequence consisting 
exclusively of invertible elements. There is certainly a collection (/,, ®;), 
0 <¢ts1, where &, has its centre at the point z(s) on a path joining 
z(0) and 2(1). By & we denote the set of those values of ¢ of the interval 
0 <t <1 for which the element (/,, &,) can be joined to (fo, &o) by a 
sequence of invertible elements. Let ¢) be the least upper bound of & 
and let &* denote a sufficiently small disc around z(t,) so that the function 
Ji. assumes everywhere in ®*, with possible exception of the point z(t), 
each of its values once, i.e. with multiplicity equal to one. It is our aim 
to show that t) = 1. 

There is certainly a value ¢, in & for which z(t,) belongs to R* and for 
which f,, is a direct analytic continuation of f,,. Let C, denote a path 
along which a collection of invertible elements joins f,, to f,,. Supposing 
to < 1 we should be able to find a value ¢t, such that fy < t, < I, 
2(tz) in K* and f,, a direct continuation of f,,. Let C, denote an arbitrary 
path in §* joining z(t,) and z(t,). If z(¢,) # z(t9) we could assume that 
C, does not pass through 2(f9). Then, continuing along C, and C, succes- 
sively, we should obtain a sequence of invertible elements joining fo 
and f,,. We should therefore have that also t, belongs to T, which is 
impossible since fy is the least upper bound of &. Hence tp = 1. The 
function f,(z) assumes its values at all points of the segment joining 
z(t,) and z(1) in &* only once and the direct continuations of the element 
Ff; with centres on the segment are invertible. Hence continuing fy along 
the path consisting of C, and this segment we obtain a sequence of 
invertible elements joining fy and f,. Thus we see that there is always a 
path connecting z(0) with z(1), such that continuation along this path is 
effected by invertible elements. 

Finally we consider the function w(t) = f,(z(t)) and denote by Fw) 
the inverse of f(z) in a neighbourhood of z(t). The elements hi form | a 
collection along the path w(t), 0 S$ ¢ S 1, joining the elements fo and fi 
These elements therefore belong to an analytic function. 
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12.2.3 - THE MONODROMY THEOREM : 


An analytic function F is said to be arbitrarily continuable in a region Kt 
if each element of the function has a continuation along every path 
emanating from the centre of the element and lying in . It is clear that 
every point of this region is the centre of the same number (finite or 
infinite) of elements of the function. 

Assume further that is not the entire z-plane. Then the disc of 
convergence § of every element of the analytic function F has, inside or 
on its boundary points of the complement of the region 9. For, let us 
assume that & and also its closure is inside . Then the element, having 
R as its disc of convergence, can be continued to every point of the bound- 
ary of & and by an argument similar to that employed in section 8.2.1. 
we see that the power series under consideration converges in a disc 
larger then the disc §. This is an absurdity. If the closure of & is not 
entirely in 9 the assertion is trivial. If $% coincides with the whole z- 
plane then this latter is the disc of convergence of every element of the 
function F. 

An analytic function F which is arbitrarily continuable in a disc & is 
a single-valued function. In order to prove this, we consider an element 
fo of F with the centre of & as centre. From the above consideration 
follows that & is contained in the circle of convergence of fy and fy is 
holomorphic in &. Therefore, the function F has for each point in & 
exactly one element with centre at this point. 

These preliminary considerations enable us to prove the general 
monodromy theorem: 

An analytic function in a simply connected region and arbitrarily con- 
tinuable in this region, is single-valued in this region. 

Let & denote an open disc in the w-plane and assume that the region R 
in the z-plane has at least two boundary points. By Riemann’s mapping 
theorem we can find a univalent function w(z), holomorphic throughout 
R, which maps K onto &. If f,(z), 0 S t < 1, is a collection of elements 
along a path z = z(z) lying in # then the elements g,(w) = f,(z(w)) 
form a collection along the path w = w(z(t)). Therefore, if f,(z) is a 
continuation of f,(z) effected by the above collection, then g,(w) 
= f,(z(w)) is a continuation of g,(w) = f,(z(w)) in &. The same is true if 
we interchange the roles of St and §. Hence, if F is an analytic function 
in Rt the set of all g(w) = f(z(w)), where f(z) is an element of F, is an 
analytic function G in 8. If f(z) is arbitrarily continuable in R then g(w) 
=/f(z(w)) is arbitrarily continuable in &. The consideration in the first part 
of this section leads to the result that Gis single-valued. As a consequence, 
also Fis single-valued. The case that t has only one boundary point or is 
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the extended plane needs no comment. Then & may be taken as the z- 
plane or the extended plane. This concludes the proof of the monodromy 
theorem. 


12.2.4 — CONTINUATION BY INTEGRATION 


In many cases analytic continuation can be carried out by integrating 
a single-valued function. Let f(z) denote a function holomorphic through- 
out a region §t, with the exception of isolated singularities. Consider 
further a path z = z(t), 0 < ¢ S 1, which avoids the singular points of 
the function. Along this path we define the function 


Gt) = Po(Zo)+ [9 (z(z))z'(x)dt, (12.2-2) 


where ®,(Zo) is a certain constant. For a given ¢ there exists in a sufficient 
small disc &, with centre z(t) a single-valued function ®,(z), which takes 
the value g(t) at z = z(t), namely 


(2) = ato | sae (12.2-3) 


where the integration is performed along a rectilinear path connecting 
z(t) and z within &,. It is clear that y(zy) is the value of ©)(z) at z = Zp 
= z(0). It is also evident that the collection of functions (12.2~—3) provide 
an analytic continuation of the element 


O42) =| F(O)dl+ (20) (12.2-4) 


defined in & around zy along the path z(t). By taking all possible paths 
we have defined an analytic continuation of ®)(z) throughout 8. 

Let now i be any multiply connected region from which the singulari- 
ties of f(z) are omitted and assume that C,, C,,... constitute a basis for 
homology. For the sake of convenience we suppose that the connectivity 
is finite (section 2.2.2). Then every closed circuit is homologous to a 
linear combination of the cycles C,,..., C,, where r+1 is the connec- 
tivity. If 


On -{ f(Qdt, k=1,..,r (12.2-5) 
Cr 


and the path C defined by z(t) satisfies (2.2.-3), then evidently 
91) am 9(0)+m, @) tee +m, Q,, (12.2-6) 


where m,,..., m, are integers. Hence the various values of the analytic 
function G(z) with elements (12.2-3) differ by linear combinations of the 
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constants w,. They are called moduli of periodicity of the analytic func- 
tion G(z). A similar result can be obtained if a basis of homology consists 
of an enumerable number of cycles. 

An interesting illustrative example is provided by the function 


f(z) = vi@) (12.2-7) 
v(z) 
where w(z) has isolated singularities. Additional singularities are at the 
zeros of w(z). In the expression similar to (12.2-2) 


Gt) = Po(Zo)+ VEO) z'(z)dt (12.2-8) 
o W{(z(t)) 
we take ®)(z)) in such a way that 
exp Po(Zo) = W(Z0). (12.2-9) 
It is easy to verify that the derivative of 
w(z(t)) exp (—9(t)) (12.2-10) 


with respect to ¢ is zero. Hence this function is constant along the path 
z(t), viz., equal to 1. For a given f there exists in §t, a single-valued func- 
tion ®,(z) such that 


exp ,(z) = (z), (12.2-11) 
this function being 
Ze w'(0) 
@(z) = g(t)+ de. 12.2-12 
(2) = g(t) eo HO) C ( ) 


In view of the principle of the permanence of functional relations the 
relation (12.2-11) is valid for all analytic continuations of ®,(z). The 
corresponding analytic function is called the general logarithm of w(z) 
and is denoted by 

G(z) = Log (z). (12.2-13) 


The particular case \/(z) = z deserves mention. It refers to the general 
logarithm of z, already mentioned in section 1.11.2. This function has 
one modulus of periodicity which is equal to 2zi. This follows from the 
fact that every closed path in the z-plane punctured at z = 0 is homologous 
to a multiple of the circumference 


z=e™ OStS1, 
and 
1 1 
( dz(t) = 2ni ( dt = 2zi. 
Jo z(t) Jo 


Another elementary example is provided by the general inverse 
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tangent which may be defined in accordance with (1.12-10). Exceptional 
points arez = iandz = —i, but the corresponding moduli of periodicity 
are numerically equal to z. 

If (f,, &,) and (/2, &,) are elements of the same analytic function 
F(z), then so are (exp f,, &,) and (exp f2, &,) defining the analytic 
function exp F(z). This remark enables us to define the general power 
f(z) of f(z), viz., exp(A Log f(z)), 4 being any complex number. A fre- 
quently occurring case is that with 4 = 4 and f(z) a rational function. 
Then at each point which is neither a pole nor a zero of f(z) the general 
root takes two values whose sum is zero. 


12.2.5 — INTEGRATION OF AN ANALYTIC FUNCTION 


The theory of analytic continuation provides a means to define the 
integral of an analytic function along a path. Let z = z(t) denote a path 
in a region 8 and assume that a function element /o(z) of F(z) defined 
at z= Z 9 = 2(0) is continuable along the path. Hence we have a 
collection f,(z) of functions which are for a fixed t power series of z—2z(t) 
convergent in a disc &, with centre z(t). If z(t+A) is also in %, we have 


Frsn(2(t+ h))—f(2() = f(2(t +h) -F,(2(0) 


and it follows that f,(z(t)) is a continuous function of ¢ along the path. 
As in the preceding section we introduce the function 


a(t) = Polzo)+ | flele)e"(Oae (12.2-14) 


where @(z,) is a constant selected before. This function may serve to 
continue the element 


of2) = o(20)+ | flC)ats (12.2-15) 


and proceeding as in the previous section we obtain an analytic function 
G(z). This function may be denoted by 


G(z) = G(zo)+ | Feoae, (12.2-16) 


but this notation must be handled with care in concrete situations. 
A simple example may serve as an illustration. We wish to evaluate 
the integral 


[ Vedt (12.2-17) 
“Cc 


along the circumference of the unit circle around the origin. We shall 
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start with a function element of ./z which takes the value 1 at the point 
z = 1. The path may be represented by 


z=" OS1851. 


In accordance with (12.2-15) we have 
t 
g(t) = { e*- 2nie?™*dt = 3(e°*"—1) (12.2-18) 
0 


Hence the value of (12.2-17) is —4. Percorsing the circumference twice, 
we must take into account that after one encirclement the integrand has 
changed sign. Hence the contribution to the integral by performing the 
integration a second time, starting with the final value of the integrand 
after the first integration, is +. The sum is zero, that is to say, (12.2-17) 
takes the value zero if C is the unit circle percorsed twice. 

If in (12.2-16) C is a closed curve and imbedded in a simply connected 
region such that F(z) is arbitrarily continuable in this region, then 
the integral vanishes. In fact, starting with a given function element 
we obtain a single-valued function, as follows from the monodromy 
theorem, and now Cauchy’s theorem is applicable. This result gives 
us the possibility to modify the path of integration without affecting the 
value of the integral. 

In our illustrative example we may replace the circumference of the 
unit circle by a path consisting of a rectilinear segment from | to ¢, 
with 0 < e < 1, a circumference of radius ¢ about z = 0 and finally a 
segment from ¢ to 1. The integral along the small circle tends to zero as 
é— 0, since the integrand remains bounded (Darboux’s inequality 
(2.4-17)). On the second segment it has changed sign and so we have to 


evaluate 
0 — 
I Vxdx — { Vxdx = —4, 
1 0 


in accordance with the result obtained above. 


12.2.6 - THE MONODROMY GROUP OF AN INTEGRAL 


An extension of the integral considered in the preceding section is an 
integral of the type 


| (u—a,)"'...(u—a,)"du, (12.2-19) 
20 


the integration being performed along a path connecting zy and z, but 
avoiding the points a,,...,4,. From the z-plane we omit n half rays 
emanating from a,,..., a@,, no two of them having a point in common, 
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oe dy 
as 


R a3 


- \ 


Fig. 12.2-1. Cuts in the z-plane issuing from the singular points 


(fig. 12.2-1). There remains a simply connected region . We suppose, of 
course, that none of the rays pass through Zp. 

Consider now a simple closed curve starting at z, encircling one of the 
points a,,..., a,, Say a,, once in the counter-clockwise sense and having 
only one point in common with the half ray L,, the half ray beginning at 
a,. It arrives at a point z_ on L, and starts again from the same point, 
now denoted by z,, on the “opposite” border of Jt along L,. The distinc- 
tion between z_ and z, will be clarified presently. 

Selecting one of the possible arguments of the integrand at z) we obtain 
a certain function element 


fol) = (2-4)... @—a,)"™ 
which can be continued throughout . Continuing along the part 
connecting Z) and z_ we arrive with an element f_(z); continuing along 
the part connecting z) and z, we arrive with an element f,(z). On the 
other hand, if we start at z) with f,(z) and percorse the closed curve in its 
full extend in the counter-clockwise sense, we arrive at z) with the 
element 
Ft AKF (Zz), 

It follows that 

f(z) = f(z). (12.2-20) 
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; L 
Z+ k 
Zu 


z 
Fig. 12.2-2. Analytic continuation across a cut 


Next we consider a similar path, traversing L, at the point z_ =z), 
(fig. 12.2-2). Applying Cauchy’s theorem we find 


z= aa zo 

+{ + | =0 (12.2-21) 
and : : 
Ze Fag ZO 

[ + ( + ( =0, (12.2-22) 


z= Zz A : : : 
where | and if is are evaluated along a linear segment. Since in view of 


(12.2-20) 
i = e2tiax hi - 


(7 4 e2nidn f= [7 ez P* (12.223) 


J z0 Jz4 Vv z0 / 20 


we easily find 


that is to say that the expression 


z= Zo 
+e2mite ( (12.2-24) 
“zo vzy 
is constant along L,. In particular we may take a closed contour con- 
sisting of a segment connecting zy with a point near to a, followed by a 
small circumference around a, and completed by a segment going to Zo, 
which may coincide with the first segment. Since Re 4, > —1 the contri- 
bution to the value of the integral on the circular arc tends to zero, as 
the circle shrinks into a,. It follows that the expression (12.2-24) is 
equal to 
(1—e7*7*)a, (12.2-25) 
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Zz 


Zo 


Fig. 12.2-3. The effect on integration along a path of crossing a cut 
with 
a 
Oy -{ (u—a,)"...(u—a,)"du. (12.2-26) 
20 


In more general cases «, may be defined by equating (12.2-24) and 
(12.225), 

Consider now a point z # zp, and connect z) and z by a path which 
crosses once the half ray L, in the positive sense, (fig. 12.2-3), that is 
from the right to the left if we percorse the half ray starting at a,. Then 


Ze : z ‘ {zo . 
{ — e20ie [ _g2titx | = %(1—e2""), (12.2-27) 
Zo Vz 2 


If we continue fo(z) along the path from Zp to z_ and then from z, to z 
we have on the last part function elements which are obtained from those 
by continuing right-way from z, to z and from z to z4 on multiplying 
them by e?”/**, Hence we may interpret 


| — 7h [ (12.228) 
Zo 2+ 
as the value of the integral taken along the path connecting zy and z 
which crosses the half ray. The integrand is the continuation of /o(z) 
remaining in §R. We shall denote the integral from zg to z along a path in 
Rt by w(z) and the expression (12.2-28) by S,w(z). Then (12.2-27) 
becomes 

S,w(z) = «,(1—e77**) + 7 "*w(z). (12.2-29) 


By adding a suitable closed path lying in we may deform the original 
path into another one, namely a closed circuit beginning and ending at 
Zo, followed by a path in R connecting zp and 2, (fig. 12.2-4). 
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Zz 


Zo 
Fig. 12.2—4. Crossing a cut means encircling a singular point 


A more general situation presents itself if we consider a path emanating 
from Z, which crosses L;, once from the right to the left and then a second 
half ray L,, (fig. 12.2-5), beginning at a,. This is equivalent to two loops 
beginning and ending at zo, followed by a path in ft from Zg to z. Since 
we arrive at z) with e?"*«/,(z), if we continue f,(z) along the first loop, 


Z L, 


Zo 


Fig. 12.2-5. Crossing several cuts means encircling singular points in succession. 
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Sw. 


Fig. 12.2-6. Geometric interpretation of the equation (12.2-31) 


it is easily seen that, denoting the integral taken along the whole path by 
Sx), 
Sig W(Z) = 0 (1 — 0774") + 0077741 — 2841) 4 Pt F AD Wz). (12.2-30) 


The equations (12.2—29) and (12.2-30) can be interpreted geometrically. 
Writing the first in the form 


S,w—o, = e7™*(w—a,), (12.2-31) 


we see that S,w is obtained from w by rotating the w-plane about the 
point a, through the angle 27/,, (fig. 12.2-6). The equation (12.2~30) is 
equivalent to 


Saw = o,(1—e?***) 467 w = S. Siw. ((12.2-32) 


Hence S,,w is the result of two successive rotations about the points «, 
and a, respectively through angles 274, and 2z/,, (fig. 12.2-7). An 
alternative form of (12.2-30) is 


S,.Ww—S,a = eS, w—S,a,), (12.2-33) 


hence a rotation of S,w about S,«, through the angle 2x/,. It is clear 
that in general S,, and S,, are different operators. Further it is easily 
seen how still more general situations must be handled. The transforma- 
tions S,,...,S,, generate a group, called the monodromy group of the 
integral (12.2-19). 

We wish to consider some particular examples. First we turn our 
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Fig. 12.2-7. Geometric interpretation of the equations (12.2-32) and (12.2-33) 


attention to 
7 du 


ofl 12 


where the square root is taken such that it takes the value 1 at u = 0. 
Further we may take a, =1, a, = —1, and it is clear that nowA, =A, = —}. 
Hence, encircling the point z = 1 once in the counter-clockwise sense 
we find 


w(z) = (12.2-34) 


Siw =1-w, (12.2-35) 
since 
1 
a, = Gs tei. (12.2-36) 
o Vi—u 
Similarly 
S,w = —a—w. (12.2-37) 
Hence 
Si2w = 1—-S.w = 2n4+w. (12.2-38) 


It should be noticed that in this latter case the integrand continued 
analytically along the path of integration arrives at its starting point 
with its initial function element. We shall say that the path is closed with 
respect to the analytic continuation of the integrand. 
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The analytic function defined by (12.2-34) is the general arc sine, 
Arcsin z. Hence at a given point z its values are w(z) or 2 — w(z) (mod 2z). 
The general arc cosine may be defined by 


Arccos z = $2—Arcsin z. (12.2-39) 
Putting W = 34n—w, we have, evidently, 
S$, = —W, S,2W = 2n+W. (12.2-40) 
These results are in accordance with those of section 1.12.1. 
A slightly more complicated example is provided by Weierstrass’s 
integral 
Z d 
“20 V4(u—e,)(u—e2)(u—es) 
where ¢;, €2, €3 are complex numbers, usually taken such that ey +e, +e3 
=0. It is easy see that 


Si2w = 2(a,—a,)+w, 
S23W = 2(a,—a3)+, 
S3,w = 2(a;—a,)+w, 
where w is the function (12.2-41) defined throughout the simply con- 


nected region ft, starting with a certain function element of the inte- 
grand about zy. It is common practice to put 


du 
I, V4(u-e,(u—e2(u—es) 
and 
w' = ik Se (12.2-43) 
ex V4(u—e,)(u—e2)(u—e3) 


in accordance with (10.2-55) and (10-2-56). If follows that «,—#3,=a, 
1-4, =o’, a, -%, =w+’, for it is easily seen that 2m is equal to the 
integral taken along a closed path encircling e, and e, once, (fig. 12.2-8), 
etc. 

Finally we wish to investigate an example which is a counterpart of 
Hankel’s representation of the gamma function (4.7-35) by means of an 
integral taken along suitably chosen path. 

If Rep > 0, Reg > 0 we have by (4.7-38) 


B(p, q) = | ca \1—u) ‘du, (12.2-44) 


the integrand being such that between 0 and 1 the arguments of u and 
1—w are both zero. We consider a particular path which is closed with 
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Fig, 12.2~8. The periods of (12.2-41) evaluated along closed paths 
2m = 2(a,.—G 3), 2’ = 2(a,— oO), 20+2m’ = 2(a,—a) 


respect to analytic continuation, as depicted in fig. 12.2-9. It starts from 
a point Z) between 0 and 1, encircles the point +1 once in the positive 
sense, then 0 in the positive sense, then again + 1, but now in the negative 
sense and finally again 0 in the negative sense. It may be replaced, without 
affecting the value of the integral by four loops beginning and ending 
at Z) and percorsed in succession. Since the initial value of the integral 


(NG 
See 


(4) ; (3) 
29 


Fig. 12.2-9. The Jordan-Pochhammers contour 
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at z, will be zero we return at this point after percorsing the first loop 


with the value 
1 


(i —e?na-)) [ po (1 —e7*!1)y e 
AP 
The second loop yields 
0 
e?™9(4 a ene) | = (e247 err tM), : 
20 
The third loop gives 
1 
e2Pt ay —eyf = (e?#e+4) —e?"P\y 
Zo 
and the contribution of the final loop is 
0 
e?™P(] —. enn | = (e?*P = 1a, . 
zo 
Hence along the entire path we get 
(1 —e27P_ 92tig ert aq, — 0) 


1 
= (1—e?*?)(1 —e?*/2) { u?-*'(1—u)*™* du. 
0 


Denoting the path of integration by (1,, 04, 1_, 0_), we have found the 
Jordan-Pochhammer’s representation of the Beta function 


P(1+,0+,1-,0-) 


u?~'"(1—u)*"1du = (1—e?”?)(1 —e?""")B(p, q). | 


(12.2-45) 


Since both sides of this equation are holomorphic as regards p and q 
separately, the result is valid for all values of p and q. 


12.2.7 — SINGULAR POINTS 


The theory of singularities of analytic function is much less developed 
than in the single-valued case because of their complexities. The definition 
requires much more care than in the case of a single-valued function. 

Consider a sequence of function elements 


(fo, Ro), (fi, 81), - + (12.2-46) 


with centres aj, a,,..., and radii of convergence rp, r,,.... This 
sequence is said to be singular if (f,, ®,) is a direct continuation of 
(fr-1.8r-1),2 = 1, 2,..., lim,...4, = @ exists and finally lim,.,,,7, = 0. 
The point a is called the endpoint of the sequence. 
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A finite point z = a is a singular point of an analytic function F(z) 
if and only if it is the endpoint of a singular sequence made up of elements 
of F(z). It is then said to be a singular point for approach to z= a 
along the sequence in question. It is also said that the sequence determines 
a singular point above z = a. Two singular sequences having the same 
endpoint determine the same singular point if and only if the sequences 
are equivalent, i.e., if an element of one sequence is equivalent to an 
element of the other by continuation within a disc ®, around z = a, 
whose radius ¢ is sufficiently small. 

The point at infinity may be included by making the usual transfor- 
mation and considering F(I/z) at z = 0. 

If F(z) is a single-valued function, its singular points are among the 
boundary points of its region of holomorphism. For this to be the case 
each must be accessible (section 10.5.3). Hence the singular points of a 
single-valued analytic function are the accessible boundary points of its 
region of holomorphism. 

If F(z) is not single-valued, then it may occur that the same point 
z=acan be the carrier of several, even of infinitely many singular points, 
whereas it may also be the centre of regular elements. Consider, e.g., 
the function log log z. At z = 1 we have infinitely many regular elements 
which are obtained if we start at z = 2 with complex values of log 2. 
If, however, we take log 2 equal to its real value we find a singular se- 
quence. Above z = 0 there are infinitely many singular points. The 
simplest types of singular points are the isolated singular points. A 
singular point above z = a is called isolated if an element of a singular 
sequence with endpoint z = a with centre in a sufficiently small disc 
&, around z = a can be continued arbitrarily throughout the region 
obtained from 8, by deleting the centre z = a. 

Some frequently occurring singularities will be considered in some- 
what more detail. Let a denote such a singular point. We describe three 
circles C,, C,, C3 through a which do not contain another singular 
point in their interior, such that the regions &,, &,, %, bounded by these 
circles overlap, (fig. 12.2-10). If we start with a function element /, in 8, 
in the first disc we can find an element in the second disc which coincides 
with f, in the common region. Proceeding in this way through $8, until 
we return to &, then it may occur that we get the same function element 
Ff, but it is also possible that the process of analytic continuation leads 
to another element, let us say f,. Continuing we may find by this process 
in &, an element f,, and so on. Now it may happen that for a certain 
natural number # the function f, coincides with f,. Then we shall say 
that the function elements /,,...,/, form a cycle 


[fis ++ -sSn]- (12.2-47) 
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Fig. 12.2-10. Analytic continuation around a singular point 


These function elements are connected by analytic continuation and form 
a part of the given analytic function F. This part may be analyzed by the 
introduction of a local uniformizing variable t such that 


z=att'. (12.2-48) 


In the case that a =0o, we put z=77". Every element in the disc St; and 
related by analytic continuation to one of the functions of (12.2-47) is 
holomorphic in z (except possibly at z = a) and, therefore, also in ¢ 
(except possibly at t = 0). If t describes a circle about t = 0 in the ¢-plane 
then z describes a circle about z = ain the z-plane h: times. Since f,,..., /; 
are cyclically permutated after one encirclement, we find that they are 
reproduced after A encirclements and, consequently, they are the elements 
of a single-valued function of t in a neighbourhood of ¢ = 0. Hence 
these function elements may be expanded in a series of Laurent 


eo 
ti oe Y Cyt, 
v=—-@ 
havevSs aia tats (12.2-49) 
ao 
St, = 2 Cyne 


If ¢ percorses only an arc t = re’, 0 < 6 S 2z, then z percorses a whole 
circle once and f, changes into f,, f, into f, etc. Finally f, into f,. Hence 
every series (12.2-49) is obtained from the preceding one by replacing ¢ 
by ty, where n = e?”/*, If we put 


t = (z—a)'" 
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the power series takes the form 


(12.2-50) 


Series of this kind are called series of Puiseux. The series (12.2-50) yields 
a collection of A related developments obtained by choosing different 
initial values of (g—a)'". 

A common situation is realized if in (12.450) only a finite number of 
terms with negative exponents are present. Then the singularity is called 
an algebraic singularity, being a pole if there are terms with negative 
exponents, and ordinary if they are absent. An algebraic singularity is 
also referred to as an algebraic branch point (or ramification point) of 
order h—1. The order of a regular point is, therefore zero. 

These singularities are called algebraic because they are the only 
singularities exhibited by algebraic functions, to be investigated further 
on. 

Let us now assume that no number h with the above properties exists. 
Otherwise stated, that f, gives rise to an infinite sequence of function 
elements f,, f2,.... Then it may happen that f, = f,_,+¢, k = 1,2,..., 
where c is a constant. It is clear that this set of elements constitute a 
part of F(z) which behaves at z = a like the function 


c 
— log(z—a 
2ni B( ) 


and local uniformisation is provided by the substitution 
zeate. (12.2-51) 


A singularity of this kind is called a logarithmic branch point. 
Finally we mention the case that f, =cf,- ,. Then the function behaves 
like (z—a)* and it is also uniformized by the substitution (12.2-51). 
As already remarked in the beginning of this section a general theory 
of singularities is rather hopeless. Fortunately many important analytic 
functions behave rather well, that is to say, their singularities are of the 
type as described above. 


12.3 — Algebraic functions 


12.3.1 — THE DISCRIMINANT OF A POLYNOMIAL 
Let w,,..., w, denote the zeros of the polynomial 
f(w) = agtaywt ... +4,W", a, #0,n>0. (12.3-1) 


We intend to derive a method to determine which conditions the coeffi- 
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cients must satisfy in order that the polynomial may have repeated 
zeros. It is clear that f(w) has repeated zeros if and only if Vander- 
monde’s determinant 


Pweescwy 
a-1 
P= j ae - os |= I] (w,—w,) (12.3-2) 
A>p 
bate tcs we 
vanishes. If we put 
= Wit...twi, k=0,1,2,... (12.3-3) 


we easily find that the square of this determinant is 


lor Oy 22+ On y 


Peel aie tae, ab (12.3-4) 


On-1 Gn +++ F2n-2 


The elements of this determinant are symmetric expressions of the zeros 
of (12.3-1) and we shall describe a method for expressing them rationally 
in terms of the coefficients. 
Since 
F(w) = a,(w—w,)... (W—Wa) 
we find by logarithmic differentiation 
fw) _s _1 


f(w) 1 w—w,’ 


or 
riny=y MH, 
v=iw-w, 
Now 
f(w) _ fO~)—F(m%) _ aw" —wi) t+... +ai(w— wy) 
w—w, w—W, Ww—W, 


= a,w" '+(a,-,+4,W,)Ww 7 +...+(a,+a,w,t+...+4,we *), 
where k = 1,...,”. Hence 
f'(w) = naw" * +(na,-; +a,0,)w"~” 
+... $(nayta26, +... 44,01): 
Since also 


f'(w) = na,w""'+(n—La,_,w" 7+... ay 
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we find by equating coefficients 


Ayn-1 4,0, =o, 
24n~g+Gn-1 0, +4,02 =0, 


(n—l1)a,+a,0,+430,+...+4,0,-, = 0. 
From these equations we may solve successively o,,...,0,-, and 
it is easy to verify that 


a YalQn— 19 = +29 Ont) k = 1,. 


oO; ..n—-l, 


ay 
where y, denotes a polynomial with integral coefficients. 
Next we observe that 


Y w(w,) =0, m=0,1,... 


v=1 


and this may be written as 


ApFotQy;O,+... +4,0, = 0, 
Ap0;+a,;0z+.-. +4,0,4, = 0 


wen eee we ee 


From these equations we can evaluate o, for k = n. Summing up we 
may state 
The expression 
D(a, «+5 Gn) = a2"~?P?, (12.3-5) 


where P? is the determinant (12.3-3) is a polynomial in the coefficients 
of the polynomial (12,3-1). This latter polynomial has repeated roots if 
and only if D vanishes. 

The polynomial (12.3~5) is called the discriminant of (12.3-1). 

Let us now consider a polynomial of the type 


f(z, w) = ao(z)+a,(z)wt ... +4,(z)w", n> 0, (12,3-6) 


where ao(z), a,(z),..., @(z) are polynomials in z and, of course, a,(z) 
not identically zero. The discriminant of this polynomial in w is found 
from D(ao,...,4,) by replacing adg,..., a, by ao(z), ..., a,(z) respec- 
tively. Thus we find a function D(z), again called the discriminant. 

If zo is a zero of D(z) and a,(z)) # 0 then the polynomial f(zy, w) 
has repeated zeros. If, however a,(Z 9) = 0 then the equation w"f(z,, 1/w) 
= 0 has a root equal to zero. We then say that f(z), w) hasa root w = 00. 
Thus we see 
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If Z9 is a not a zero of D(z) then the equation f(z), w) = 0 has neither 
repeated finite roots, nor it has a root at infinity. 
The zeros of D(z) are usually called the critical points of the polynomial 


(12.3-6). 


12.3.2 — THE DIVISION TRANSFORMATION 


Many properties of polynomials are based on the fact that a process 
which reduces the degree cannot be repeated more than a finite number 
of times. By the degree of (12.3-6) we understand the degree of f(z, w) 


considered as a polynomial in w. If ao(z), ..., a,(z) are identically zero, 
then f(z, w) is not regarded as having a degree. We shall denote the degree 
by deg f. 


In the following theorem we establish the existence of a process 
referred to above, known as the division transformation. 

If f(z, w) and g(z, w) are polynomials of the type (12.3-6), with g(z, w) 
not identically zero, there exists a non-zero polynomial a(z) and two 
polynomials q(z,w) and r(z,w), with either r =0 identically, or degr 
< deg g, such that 


a(z)f(z, w) = 9(z, w)g(z, w)+r(z, w). (12.3-7) 


The assertion is trivial if f = 0 identically or deg f < deg g. For then 
we may take a(z) = 1, g(z,w) = 0, r(z, w) = f(z, w). If g does not 
involve w we take a = g, q =f, r= 0. Hence we may assume that 
deg g > 0 and, using induction, that the theorem is true if fis replaced 
by a polynomial of smaller degree or by 0. 

Let f be the polynomial (12.3-6) and let 


g(z, w) = bo(z)+b,(z)wt ... +B,_(z)w™, (12.3-8) 

with m <n, a,(z) # 0, b,,(z) # 0. Then either 
blz) Ff (2, w)—ay(z)w""g(z, w) = 0 
identically, or the degree of the expression on the left is less than deg f- 
Hence there exist polynomials a*(z), q*(z, w), r(z, w) such that 
a™(z)(bn(z)f (z, w)—a,(z)w""g(z, w)) = 9*(z, w)g(z, w)+r(z, w), 
with either r= 0 or degr < degg. It follows that (12.3-7) holds 
with 
a(z) = a*(z)b,,(z), q(z, w) = a*(z)a,(z)w""™ + q*(z, w). 

This concludes the proof of the theorem. 


In describing this process we say that g has been divided into f to give 
the quotient q and the remainder r. 
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if f(z, w) and g(z, w) are polynomials of the above considered type 
we say that g is a factor of f, or that f is divisible by g if there exists a 
polynomial g(z, w) such that 


S(z, w) = a(z, w)g(z, w). (12.3-9) 


A polynomial is called irreducible if it is not divisible by a polynomial of 
lower degree, except for a constant # 0. 

If in (12.3-9) q(z, w) does not involve w then q is a factor of each coeffi- 
cient of f. 

In fact, if g is the polynomial (12.3-8) then 

F(z, w) = bo(z)q(z)+ ... +b,(z)q(z)w". 

This proves the assertion. 

For many applications the following theorem is useful 

If g is irreducible and if r in (12.3-7) is identically zero, then f is divisible 
by g. 

We now have a relation 


a(z)f (z, w) = q(z, w)g(z, w). 


The polynomial a(z) can be decomposed in factors of the first degree. 
Let z—Zy be such a factor. Since g(z, w) is irreducible it is not a factor 
of g. Assume that it is neither a factor of q. If 


a(z, W) = qo(z)+4,(z)wt ... +9,(z)w? 


then there is at least one q,(z) not divisible by z—Z . Let k be the smallest 
value of the subscript i with this property. As a consequence q,(z) is 
not divisible by z—zy. The coefficient of w**! in gg is 


bo(Z)qieilZ) + B1(Z) deer 1(Z) +». - +e 4(Z)d0(Z) 


with 9,(z) = 6,(z) = 0 if i> p,j > m. Now q,6, is not divisible by 
Z—2Zg, whereas every other term in this coefficient is. Hence the total sum 
is not divisible by z—z,. This is a contradiction. We conclude that every 
linear factor of a(z) is a factor of g(z, w) and we therefore have 


f(z, w) = qi(z, w)g(z, Ww). 
12.3.3 - ALGEBRAIC FUNCTIONS 


An analytic function W(z) is called an algebraic function if all its func- 
tion elements (w(z), &) satisfy a relation 


f(z, w(z)) = 0 (12.3-10) 


in St, where the left member is obtained from a polynomial (12.3-6) 
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by replacing w by w(z). Because of the permanence of functional relations 
it is sufficient to assume that (12.3-10) be satisfied by one function 
element of W(z). 

Let @(z, w) denote a polynomial of the lowest degree for which the 
equation (z, w(z)) = 0 is valid throughout St. Then ¢ is not divisible 
by a polynomial involving w of lower degree. In fact, if » = 9, @, 
then (z, w(z)) = 9,(z, w(z))@.2(z, w(z)) vanishes for all values of z in 
&. Hence at least one of the factors @, or ~, vanishes for infinitely many 
values of z in 8, i.e., either o,(z, w(z)) = 0 or ¢,(z, w(z)) = 0. If the first 
case occurs then the degree of ,(z, w) is equal to the degree of » and ¢, 
does not involve w. As a consequence we can always find an irreducible 
polynomial g(z, w) such that g(z, w(z)) = 0 for all zin 8. 

It is easy to see that the irreducible polynomial » determined by an 
algebraic function is unique up to a constant factor. 

For let y denote another such polynomial. By the division transforma- 
tion we can find polynomials a(z), g(z, w), r(z, w) such that 


a(z)W(z, w) = 9(z, w)e(z, w)+r(z, w). 


Since g and w vanish if we replace w by w(z) we find that r(z, w(z)) = 0 
in &%. Hence r(z, w) = 0 identically, for in the contrary case degr < deg p 
and this is not possible. From the last theorem of the previous section 
follows that / is divisible by g. By the same arguments we find that » 
is divisible by i and this proves the assertion. 


12.3.4 — EXISTENCE OF ALGEBRAIC FUNCTIONS 


Suppose that the polynomial (12.3-6) is irreducible. Since then the 
function D(z) is not identically zero it has only a finite number of zeros, 
the critical points. Let z = a denote a point which is not critical. Then 
the equation 

f(a, w) =0 (12.3-11) 


has n different roots b,,...,5,. The main result of this section will be 
the following theorem 

There exist positive constants 6 and & such that to every z in the disc 
R: |z—al <6 there correspond n values w,, ..., W, in discs 8 ;: |w—5j] < €, 
i=1,...,n, satisfying f(z, w;) =0. Every w; is a holomorphic function 
of z in 8, taking the value b; at z = a. If w(z) is a holomorphic function 
of z in & such that f(z, w) = 0, then w = w; for some i. 

We determine « such that the discs |w—b,| < edo not overlap and we 
denote the circle |w—b,| = ¢ by C;. Clearly f(a, w) # 0 on C, and by 
the theorem of the logarithmic derivative (section 3.8.2) 
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ee i Fula») ayy, (12.3-12) 
2ni Jc, f(a, w) 

where f,,(a, w) stands for 8f(a, w)/dw. If z varies throughout 8, 5 being 

sufficiently small, then 


c, f(z, ) 

is a holomorphic and a fortiori a continuous function of z (section 2.9.1) 
and, therefore, the right-hand member of (12.3-12) remains equal to 1 
if a is replaced by z. Hence f(z, w) = 0 has exactly one root in the disc 
|w—J5,| < e, this root being denoted by w,(z). It follows from (3.8-12) 
that 

We) = Ap Ee a (12.3-13) 

2nidc, f(z, w) 

and referring again to section 2.9.1, we infer that w,(z) is holomorphic 
throughout St. In particular 


wia)= Ae b 


2nidc, f(a, w) 
The last part of the theorem follows from the fact that we have found n 
different roots for each value of z in € and that there cannot be more 
roots. 

Let w(z) be a function holomorphic in a region #t and let f(z, w(z)) = 0 
throughout ft. There is certainly a point z = a in Rt such that D(a) ¥ 0. 
In a sufficiently small disc & about a belonging to ® the function w(z) 
coincides with w,(z) for some i. Hence w(z) belongs to the analytic func- 
tion W, generated by w,. 

A function element w(z) which satisfies f(z, w(z)) = 0 can be continued 
along any arc which does not pass through a critical point. For assume 
there were an arc z = z(t), 0 << 1, such that a given initial element 
can be continued along all subarcs 0 < t S a < 1, but not along the 
whole arc. Let a = z(1) and determine & according to the above theorem 
and take « such that z(t) is in &, whenever « < t < 1. Now the element w 
obtained by continuation in a neighbourhood of z(«) must coincide 
with one of the function elements (w,, &). But then it can be continued 
all the way to z(1) and thus we arrive at a contradiction. 

It remains to prove that the analytic functions W,,..., W, gener- 
ated by w,,..., w, respectively coincide, i.e., that the irreducible poly- 
nomial (12.3-6) defines only one algebraic function. This will be done 
in section 12.3.6. First we have to investigate the behaviour at the critical 
points, 


ie 
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12.3.5 — BEHAVIOR AT THE CRITICAL POINTS 


In a neighbourhood of a non-critical point z = a (or z = «) the ele- 

ments w,(z) are regular and may be expanded in power series 

W; = CoptCyjylt+ ..., i=1,..,n 
with ¢ = z—a (or t = 1/z). They converge in each circle which does 
not contain a critical point. 

In the case of a critical point the situation is more complicated. Let 
now z = adenote a critical point. We consider the same circles as describ- 
ed in section 12.2.7, (fig. 12.2-10). Since there are in each disc ®;, i= 1, 
2, 3 only n function elements we must get back an initial function element 
in one of the discs after 4 <n encirclements about the point z = a, 
Thus we see that the set of m function elements is divided into a certain 
number of cycles. Suppose that w is defined in & and belongs to a cycle 
of A elements. Introducing the uniformizing variable t by z = a+t", 
we see that w is holomorphic in a disc about t = 0 in the t-plane, except 
possibly at ¢ = 0. If a,(a) # 0 then w is also regular at t = 0. This may 
be seen as follows. Let w denote a root of the equation 

Agta,;wt...+a,w" =0 
and let 


a a,- 
M = max (ie, .,, Matt) 
lanl lanl 


Then |w| < 1+. For we have 


=fe 


and if |w| = 1+MM we should have 


Ag. Mec g Moy 


wit fag el Md 

Hence the functions w, remain bounded as t > 0 and by the Riemann’s 
theorem (section 2.8.3) they are regular at t = 0. In this case the point 
z =a is an ordinary branch point. 

There is only the need of a slight modification of the reasoning if 
a,(a) = 0. Then we consider the function a,(z)w instead of w. The values 
of this function remain bounded as z-~0 and it follows that z= 4 
is an algebraic pole. 

Summing up we may state 

The singularities of an algebraic function are algebraic and they occur 
at the critical points. 

In the next section we shall prove that a converse of this theorem also 
holds. 


ao 


a, 
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12.3.6 — UNIQUENESS OF AN ALGEBRAIC FUNCTION 


We are now sufficiently prepared to settle the point which was left 
open in section 12.3.4, namely the fact that an irreducible polynomial 
defines exactly one analytic function. To this end we consider a somewhat 
more general problem. 

Let F be an analytic function. For each point a we assume the existence 
of a disc & with centre a such that all elements of F which are defined 
at a point z) of ® can be continued along arcs in & avoiding the 
centre and show algebraic character at this point. This means that an 
initial element is reproduced after performing a finite (perhaps one) 
number of encirclements of the point a and tends to a definite limit 
(which may be o) as z >a along an arbitrary arc. Additionally we 
assume that the number of elements at 2 is finite. The assumptions 
shall be satisfied also at z = 0, 

The extended plane can be covered by a finite number of discs §. 
It follows that only a finite number of points a, can be effective singulari- 
ties. Next we prove that the number of elements having a regular point 
as centre is constant throughout the plane, from which the singular 
points a, are deleted. Indeed, every such point has a neighbourhood in 
which all elements of F are single-valued and can be continued throughout 
the neighbourhood. Therefore the set of all points z with exactly n elements 
is open (n may be infinite). Since the entire plane minus the points a, 
is connected, one of these sets is not empty. Hence » is constant and by 
assumption it cannot be infinite. It cannot be zero, neither, since in that 
case F would be an empty collection of function elements. 

The elements at any point z # a, may be denoted as wy,(z),..., 
w,(z). The elementary symmetric functions of the w,(z) are the coefficients 
of the polynomial 

(w—w,(z))...(w—w,(z)). 
These coefficients represent single-valued holomorphic functions, since 
analytic continuation merely permutes the n elements involved and leaves 
their symmetric functions unchanged. The coefficients have only a finite 
number of singular points and these must be located at the points 
z = a,. Consequently they are either poles or essential singular points. 
The latter possibility is easily excluded. For at a point a, the function 
elements become infinite as fractional powers of (z—a,)~', hence the 
symmetric functions as powers of (z—a,)~'. Since there are only a 
finite number of terms with negative exponents the point z = a, is either 
a pole or possibly a regular point of the coefficients. Thus the coefficients 
are holomorphic in the extended plane except for poles, that is, each 
coefficient is a rational function of z. If their common denominator is 
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denoted by a,(z) we find that all function elements w;,(z) must satisfy a 
polynomial equation f(z, w) = 0, where f(z, w) is an expression of the 
type (12.3-6). Thus it is proved that F is algebraic. 

Suppose now that the function element (w, St) satisfies the equation 
S(z, w) = 0, where f is an irreducible polynomial of degree n in w. 
The corresponding analytic function has only algebraic singularities and 
at each point a finite number of elements. We have just shown that the 
elements of F will satisfy a polynomial equation whose degree is equal to 
this number of function elements. It will hence satisfy an irreducible 
equation whose degree is not higher. But the only irreducible equation 
it can satisfy is f(z, w) = 0 and its degree is n. Therefore the number 
of function elements centred around a non-critical point is exactly n 
and it follows that all solutions of f(z, w) belong to the same analytic 
function|| 

Summing up we have established 

An analytic function is an algebraic function if at each point it has a 
finite number of elements centred at this point and no other than algebraic 
singularities. Every algebraic function satisfies an irreducible polynomial 
equation f(z,w) = 0, unique up to a constant factor and every such 
equation determines a corresponding algebraic function uniquely. 


12.3.7 - NEWTON’S DIAGRAM 


The problem of determining the expansion of an algebraic function 
at critical points can be handled with the aid of a device known variously 
as Newton’s diagram or as the method of Puiseux. Newton introduced the 
device as an aid in curve tracing. It was adapted to the discussion of 
algebraic functions by Puiseux. 

Without loss of generality we may assume that the point under con- 
sideration is at z = 0. The equation f(z, w) = 0 is written as 


f(z, w) = ao(z)+ ... +a,(z)w" = 0, (12.3-14) 


where the a)(z),..., 4,(z) are polynomials of z. Let the initial term of 
a,(z), arranged in ascending order of the power of z, be c,z**. Hence 
we may write our equation as 


f(z, w) = (coz + ...)+ 22. +(enZ+ -..)w" = 0. (12.3-15) 


We insert into this equation a series with indeterminate coefficients and 
exponents 
w= b, 245,284 .., (12.3-16) 


assuming that B, < B, <... and the coefficients b,, b,,... differ from 
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zero. We obtain 
(coz oe Jee H(z oo bIZ™ 4+ ...)=0, (12.3-17) 


where within each pair of brackets only the term of lowest degree has been 
written. The series (12.3-16) is a solution if the expression on the left of 
(12.3-17) is identidally zero. Performing the multiplication and arranging 
the terms in ascending order, the powers with equal exponents must 
cancel. In particular those terms must cancel with the lowest exponents. 
This is only possible if at least two such terms occur. We shall see that 
this condition yields a finite number of exponents f;. The condition that 
the terms of lowest order cancel provides us with the coefficient b,. 

The terms of lowest order in (12.3-17) are certainly present among 
those which we obtain if we take only the initial terms into consideration. 
Hence among the terms 


692%, ¢, by 27 7F, cb am tnt (12.3-18) 
we have to determine £,, such that among the exponents 


Oo +081, %, +18 1,6. +5 Mm tmp, (12.3-19) 


the smallest occurs at least twice. 
Now we introduce the geometrice device of Newton-Puiseux. In 
a rectangular coordinate system we plot the n+ 1 points with coordinates, 
(fig. 12.3-1), 
(0, oo), (1, &1), «+5 (12, a). (12.3-20) 


Fig. 12.3-1. The Newton-Puiseuxfdiagram 
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Let us denote the point (x, «,) by A,, k =0,...,”. If in f(z, w) one or 
more powers of w are absent the corresponding points A, are omitted. 
Next we determine an angle 6 by the equation 


tan0 = By. (12.3-21) 


The exponents (12.3-19) can be represented geometrically if we draw 
straight lines through the points A, which enclose the angle @ with the 
negative horizontal axis. The line through A, cuts the vertical axis at B,. 
Then OB, = «,+k tan @ = «,+kB,. Hence the inclination @ of the 
lines must be chosen in such a way that at least two of the segments 
OB,, are equal and that none of the other segments OB, are smaller. If, 
for instance, B, and B, coincide, then A, and A, are on the same line 
and 6 is the angle between 4, A, and the negative horizontal axis. More- 
over, 9 taken in this way, none of the other points A, is allowed to be 
situated below the line 4,A,. All lines of this kind may be found as 
follows. We take a straight line through A, and rotate it about A, in the 
counter-clockwise sense until a second point 4, is on the line, say A,. 
Tf there are more points A, on this line we denote by A, the point, which 
is the farthest to the right. The line 4, A, is then one of the desired lines. 
We rotate again this line in the same sense, but now about 4,, until a 
point A, is encountered. If there are other points A, on this line 4,A, 
we denote by A, the point which is the farthest to the right. The line 4, A, 
is again one of the desired lines. It is now clear how we can continue this 
process. Finally we obtain a line which contains 4,,. 

For every 8, which we found in the above manner we find the corre- 
sponding value of b, if we select among the terms (12.3-18) those which 
have for this 8, the same power of z as factor. For this value of f, all 
those exponents «,+f, are equal whose corresponding points A, are 
on a line A,A,, in particular «,+pB, and «,+9f,. This leads to an 
equation 

c,bi +... +c¢,bf =0, 


or, since b; #0, p<... <4, 
Cpt... +c,b4°? = 0, 


which is an equation of degree g—p. Thus we find a finite number 
of possible exponents 8, and to every 8, corresponds a finite number 
of coefficients b,. 

The determination of more terms of the series expansions may be 
effected in a similar way. Is b,z"* one of the initial terms, we insert 


w= bz! +w, 
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into the relation between z and w. We obtain an equation 
(coz*°+ .. Je... H(c,z*"+ .. wi = 0, (12.322) 


in which possibly fractional exponents of z are involved, but which is 
similar to (12.3-19). We insert 


= b,z?? 


into this equation and determine f, and 5, as before. It should be noticed 
that only those values of 8, are accepted which are greater than f,. 
If 8, and 5, are corresponding values we insert 


w, = bz? +w, 


into (12.3-22) and we obtain an equation in terms of w, which can be 
handled in the same way as the equations (12.3-19) and (12.322). 
In this way we obtain a finite number of series which satisfy (12.3-14), 
at least formally. Our method, however, yields all expansions of this 
kind and among them occur the » convergent series whose existence 
has been proved previously. It might occur, however, that our method 
produces other developments which satisfy (12.3-14) only formally. 
It is not difficult to prove that this case does not occur. The reasoning 
rests on the following remark. If the formal product of two power series 
is zero, i.e., if all its coefficients obtained formally vanish, then at least 
one of the series is identically zero. Let w,, ..., w, denote Puiseux-series 
corresponding to the roots of the equation f(z, w) = 0; we have identically 


f(z, w) = ¢,(w—w,)...(w—w,). 


If now wo is a formal Puiseux series satisfying f(z, w) = 0 we have 
identically in z 


(WoW)... (Wo—w,) = 0. 


Hence, for at least one k follows that Wo = w,. 


12.4 — Riemann surfaces 
12.4.1 - INTRODUCTORY EXAMPLES 


The definition of an analytic function as an equivalence class of power 
series is satisfactory from a logical view-point, but does not visualize the 
function in concrete cases. Riemann introduced a certain geometric 
intuitive model of the behaviour of an analytic function which can also 
be defined in a more abstract way. It is our aim to construct such models 
in a few simple cases in order to prepare the way for more general 
considerations. 
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(i) The function 


w = logz 


maps the upper half of the z-plane onto an infinite strip 0 <_Imw<z 
of the w-plane and the lower half on the strip —z < Imw < 0. Since 
the positive real axis in the z-plane corresponds to the real axis in the 
w-plane, the z-plane cut along the negative real axis (including the origin) 
is mapped onto the strip —xz <Imw <7. Applying the Schwarz 
symmetry principle we see that the same region in the z-plane can be 
mapped onto the strip x < Im w < 3z and so on. Thus to every point 
Zo in the z-plane correspond the points w 9 +2nmni, where n is an arbitrary 
integer. This is in accordance with the fact that log z is a single-valued 
branch of the general logarithm Log z, which assigns the values log zy 
+2nni to each value zy # 0. 

Let us now take a sequence {ft,}, k =0, +1, +2,..., infinite in both 
directions, of identical replicas of the cut z-plane. The first region Rtg 
is related as described above to the strip Gy: —x < Imw < 17, the region 
R, is related to the strip ©,: x < Im w < 3z, the region R_., to the strip 
G_,: —3x < Imw < —n. In general the region R, is related to S,: 
—a+2kn <Imw < 21+2kn. Next we give Rt, two boundaries. If we 
approach the negative real axis in the z-plane from below its correspond- 
ing point in the w-plane tends to a point whose imaginary part is 
(—2x+2kn)i. The points of the negative real axis in correspondence with 
the line w = (—2z+2kx)i constitute the lower boundary of ®,. Similarly 
the points of the negative real axis in correspondence with the line 
(x+ 2kn)i — and those points are obtained if we approach the negative 
real axis from above — constitute the upper boundary of Ry. 

Now we may identify the lower boundary of 9t,,, with the upper 
boundary of ,, for all integral values of k. Then we obtain a connected 
surface consisting of an infinity of sheets covering the z-plane. If we 
describe a circle about z = 0 we arrive at a point above the intitial point 
and in the w-plane we move from a point in a certain strip to a point in 
an adjacent strip along a vertical line, (fig. 12.4-1). Thus we see that to a 
point of the surface as constructed above corresponds precisely one point 
in the w-plane. Otherwise stated: the general logarithmic function is 
single-valued on the surface. This configuration is called the Riemann 
surface of the logarithmic function. 

Every point of the Riemann surface is above a certain point of the 
z-plane and above each point of the z-plane (with exception of the 
points z = 0 and z = oo) there are infinitely many points of the surface. 
Any point of the Riemann surface will be called a place, denoted by 3 
and the multiply-valued function log z turns out to be a single-valued 
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Fig. 12.4-1. The Riemann surface of the logarithm 


function of 3. If 4 is above z, we shall say that z is the trace of 4. 

Let wo correspond to the place 39. We consider a small disc with centre 
Wo. The set of all places corresponding to the points of the disc may be 
called a neighbourhood of 39 on the surface. It is now rather evident that 
the Riemann surface is in one-to-one and bicontinuous correspondence 
with the w-plane (without w = oo) or with the complex sphere from 
which one point is omitted. We are also able to define a continuous curve 
on the Riemann surface, being a continuous image of a straight line 
segment. Moving along such a curve is the pictural representation of 
analytic continuation in the z-plane. 

A region on a Riemann surface is again an open and connected set. 
A region such that the set of its traces is a region in the z-plane and 
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such that different points have different traces is called a sheet if it 
cannot be enlarged to a region with the same property. It visualizes a 
branch of the logarithm above §. 

(ii) The function 


w= */Z, 

where n is an integer >1, maps the upper half of the z-plane onto the 
angular region 0 < arg w < z/n in the w-plane and the lower half onto 
the region —a/n < argw <0. The positive real axis in the z-plane 
corresponds to the positive real axis in the w-plane such that z = 0 
corresponds to w = 0. By the symmetry principle the z-plane cut along 
the negative real axis also corresponds to the region m/n < arg w < 3n/n, 
etc., (fig. 12.42). 

Again we consider a sequence {ft,}, k=0,...,2—1, of n identical 
replicas of the cut z-plane, such that ftp is mapped onto Gg: —2/n < argw 
< ajn, R, onto ©: a/n < argw < 3aj/n, R,-, onto ©, 4: (Qn—3)njn 
< arg w < (2n—1)z/n. If we approach the negative real axis in the z- 
plane from below its corresponding point in the w-plane tends to a point 
on the line arg w = (2k—1)a/n (or —z/n if k =n). The points of the 
negative real axis in correspondence with this half ray constitute the 
lower boundary in the z-plane. Similarly the points of the negative real 
axis in correspondence with the line arg w = (2k+1)n/n constitute the 
upper boundary. 

Next we identify the lower boundary of #t,,, with the upper boundary 
of Ri, for all values of k, OS k S$ n—1, where Rt, means Ry. If we try to 
make a material model of the surface thus obtained we see that it must 
penetrate itself. From a logical point of view this is not of importance. 
There appears a surface which covers the z-plane with n sheets and 
above every point of the z-plane (except above z = 0 and z = o) 
there are n places of the Riemann surface. Above z = 0 and z = 0 
there is only one place. These places also belong to the surface and are 
called ramification points or branch points of order n—1. In the case 
of the logarithm the points z = 0 and z = © are not traces of corre- 
sponding places, i.e., the Riemann surface of the logarithmic function 
has two boundary points. In the example under consideration the 
Riemann surface is closed. 

If 39 is a place on the surface, where the trace is not z = 0 orz = ©, 
then it is clear that a sufficiently small part containing 3) can be mapped 
one-to-one onto a disc in the w-plane around the corresponding point 
Wo. It is also in one-to-one correspondence with the set of traces of all 
places belonging to this part. 

Consider now the place above the origin. The part of the Riemann 
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Fig. 12.4-2. The Riemann surface of the function z® 


surface above a small disc around the origin corresponds to a disc in the 
w-plane. This can be shown explicitly by introducing a parameter ¢ such 
that z = 2". To the values ¢, yt,...,y"~'t with y = exp(2zi/n) correspond 
places above the same point z. This part of the Riemann surface is called 
a neighbourhood of z = 0. Similar considerations are valid for z = o. 

(iii) The function Arcsin z can be defined by means of the integral 


(7 dt 

0 Yi 1-? 

The mapping properties were studied in section 10.2.7. We observe that 
a shaded half strip and an unshaded half-strip, (fig. 10.2-13), together 


a 


12.4] RIEMANN SURFACES 291 


a6 


Fig. 12.4-3. Cutting the z-plane to prepare the construction of the Riemann surface 
for an algebraic function 


correspond to the z-plane cut along from 1 to +00 and from —1 to 
—0oo, Again we take a sequence of identical replicas and identify the 
various boundaries in accordance with the situation of the images in 
the w-plane. Thus we see that above z = 1 as well as above z = —1 
there are infinitely many branch points of order one. At z = © the 
function behaves like the logarithm. Hence there is no place above 
z = oo. We express this by saying that at z = o the function presents 
a logarithmic branch point. 

In a similar way Riemann surfaces can be constructed for the functions 
of Schwarz to be studied in Chapter 14. Their mapping properties give a 
clear insight into the structure of these surfaces and the character of their 
branch points. 

(iv) Finally we wish to describe the Riemann surface of an algebraic 
function defined by an irreducible polynomial 


F(z, ») 


whose degree in w is n> 1. 

We now imagine the finite critical points a,,..., a, to be joined in 
any order, and then joined to the point 00, by a simple line L composed 
of rectilinear segments and a half-line, (fig. 12.4-3). If z) is not on L 
we can find v function elements satisfying f(z, w) = 0 which can be con- 
tinued throughout the cut plane so that, according to the monodromy 
theorem, each gives rise to a single-valued holomorphic function. We 
shall denote the resulting functions by w,(z),..., w,(z). Corresponding 
to these functions we take n replicas of the cut plane, whose points 
bear the values of the functions w,(z),..., w,(z), respectively. If we con- 
tinue these functions one at a time across one of the segments of the cut L, 
connecting two successive critical points, each of these goes over again 
into a definite one of these. We join the 7 replicas to one another in 
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the manner hereby fully uniquely required, whereupon the cut-segment 
disappears. If we imagine the corresponding process to be carried out for 
all segments of the cut, including that which extends to oo all boundaries 
disappear and the Riemann surface for the algebraic function is complete. 

The critical points are to be made traces of points of the surface by the 
following method: By continuing around a critical point z = a (which 
may also be oo) the n functions w,(z),..., w,(z) undergo a definite 
permutation which can be decomposed into a certain number of cyclical 
permutations. The sheets corresponding to the functions of one cycle 
are connected in one and the same place above z = a. They are represent- 
ed by a Puiseux series and we assign the initial coefficient cg to this 
place if the series has no terms with negative exponents and the value 
o otherwise. 

We wish to discuss in some detail a numerical example. Consider the 
function defined by 


w= Vz4V2-1. (12.4-1) 


Since Vz is 3-valued and Vz-1 is 2-valued we find by combining the 
values that w is 6-valued. Hence w is defined by an equation of the sixth 
degree. After some computation we find 
w® —3(z—1)w* —2zw? + 3(z—1)?w? —62(z—1)w—(2? —4z? +3z—-1) = 0. 
(12.4-2) 
Critical values are z = 0, z = 1, z = o, for at all other points (12.41) 
is regular and can, therefore, be expanded in an ordinary power series 
at any of these points. 

Now we make the following agreement. The functions w,(z),..., 
w,(z) are uniquely defined by their values at a given point not on L, 
where L is now the segment connecting 0 and +1 and the half-ray from 
0 to oo along the negative real axis, (fig. 12.44). We may take z = 2. 
Then we agree 


w,(2) = 3/241, w (2) = 25/241, w3(2) = A? 3/241, 
wa(2) = 3/2-1, ws(2) = 22-1, we(2) = 4? 3/2-1 


where 
A = exp (27i/3). 


In a neighbourhood of z = 0 we have 
w, = itz?—hiz—hiz?+... 


which can be obtained by expanding Vz-1 by means of the binomial 
theorem. We obtain w, and w, by replacing z by Az and 17z successively. 
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Fig. 12.4-4. Schematic representation of the connection of the sheets of the Riemann 
surface of (12.4—2) between 0 and 1 (cross cut AA) and between —oo and 0 
(cross cut BB) 


Additionally we have the expansion 
W, = —it+z*+hizt+hiz?+... 
which is obtained from the series for w,, if we take the other value of 
J z—1. In the same way as above we get the expansions for w, and we. 
Thus we see that above z = 0 there are two branch points of order two. 
In a neighbourhood of z = 1 we have, if we expand 82 in powers 

of z—1, 

w, = 14+(z—1)?+4(z-1)-H(z-1)* + ..., 

WwW, = At+(z—1)? +4A(z—1)-4A(z-1) +... 

ws = A74+(z—1)?+447(z-1)-47(z-1)? +... 


and w4, Ws, We are obtained by replacing (z—1)* by —(z—1)*. Thus 


294 ANALYTIC FUNCTIONS- RIEMANN SURFACES {12 


we see that above z = 1 there are three branch points each of order one. 
In a neighbourhood of z = 00 we have 


ws a+2Vi-1 = zt4zt—4z-t-jz 77+... 
= zi4zt—4z-t_-fo-84 ., 


an expansion in terms of z+, The others are obtained by multiplying by 
pH, p?,..., 4°, where now 


pe = exp (27i/6). 


Thus we see that above z = oo there is a single branch point of order 5. 
The values of the function at z = 0 are i and —i respectively, at z = 1 
the values are 1, A, 4? and at z= oo the function takes the value oo. 
Hence the branch point at z = oo is an algebraic pole. 

If we encircle z = | once in a positive sense, leaving z = 0 on the left, 


the functions w;,..., Ws are permutated according to 
(14)(25)(36). 
Encircling z = 0, leaving z = 1 outside, yields the permutation 
(123)(456). 


Hence the encirclement of both critical points gives rise to the product 
of these permutations, viz., 
eae 
564231} ° 


Now we take 6 sheets 9,,..., %, corresponding to w,,..., We. 
Along the segment between z = 0 and z= 1 we join Ri, and ®t, 
crosswise, Jt, and Jt, crosswise and Ht, and Rt, crosswise. Along the 
segment between z = 0 and z = 00 we identify the upper boundary of 
Rt, with the lower boundary of Ji,, the upper boundary of 9, with the 
lower boundary of 93, etc. A schematic picture is shown in fig. 12.4-4. 


12.4.2 — DEFINITION OF A RIEMANN SURFACE 


For the construction of a Riemann surface of an analytic function 
F(z) the following general method suggests itself: We start with a 
function element which may be assumed to be a power series. We imagine 
its circle of convergence to be cut out of paper and to its points are 
assigned the values of the element. If we continue the initial element 
directly by means of a second power series, we also think of its circle of 
convergence as being cut out and pasted in the proper position on the 
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first disc. The parts pasted together are counted as a single sheet covered 
once with values. If we succeed in carrying out another continuation, 
we paste the new disc on it an entirely similar manner, and so on. Each 
new disc is pasted on the preceding one from which it was obtained by 
means of direct continuation in the manner described. 

Suppose that, after repeated continuation, we arrive with one of the 
new circles over a circular disc not immediately preceding. Then the new 
disc shall be pasted together with the old one if and only if in the over- 
lapping part the function elements take the same values. If, however, 
this is not the case, then they remain disconnected, Obeying this rule we 
imagine our procedure to be continued as long as possible. Then there 
results a surface-like configuration which covers the z-plane with several 
sheets which can have the most varied forms, and can be joined together 
in the most varied manners. In the course of pasting sheets together, 
it is sometimes necessary to join two sheets which are separated by others 
lying between them. We must imagine this to take place without cutting 
the intermediary sheets. This is impossible for concrete execution but 
causes no difficulty for the purely mental construction. As we shall see 
further on the more rigorous definition of a Riemann surface avoids 
this difficulty. 

It should be noticed that it is immaterial whether we continue by means 
of circular discs or by means of any other regions, provided only that we 
adhere to the agreements we have made. The examples dealt with in the 
previous section may serve as an illustration. 

In general the way in which the sheets are joined together may become 
very complicated. For our purposes the Riemann surface lays no claim 
to being an end in itself, but is in most cases intended as an aid to the 
imagination. As far as the general case is concerned, it is sufficient to 
know that for a given function a Riemann surface can be constructed 
at all events, on which its values form a single-valued function of position. 
Every point is covered by as many sheets as there are different elements 
for a neighbourhood of this point, and these sheets hang together in a 
perfectly definite manner. This means that if we begin at a certain point 
30 of a particular sheet and describe any definite path (that is a path 
whose projection on the z-plane is given), its course on the surface is 
fully unique, and consequently leads us to a perfectly definite point. 

It is possible to give a definition of a Riemann surface which meets all 
requirements of rigour. But then we must employ a lot of topology and 
the study of Riemann surface from this point of view is a separate branch 
of mathematics. 

We proceed to give a definition of a Riemann surface in a more abstract 
way which is quite satisfactory for our purposes. We recall that an ana- 
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lytic function is an equivalence class of function elements, being power 
series in a variable z—a, where a ranges over a region Ry of the finite 
plane. To this set of elements we adjoin the following classes of elements 
in the case that they exist: 

1) polar elements of the form 


(e-ay* ofe—ay, kB; 
2) algebraic elements of the form 
(a). e2—a)"™, k20,h>0; 
3) infinitary elements of the form 


a 
ES ee Ye, k20,h>0, 
v=0 

corresponding to the point at infinity. In section 12.2.7 we have seen how 
these elements can appear. We add these elements to the regular function 
elements of the analytic function under consideration. The centres of 
these elements adjoined to Ry yield a set R, the domain of definition 
of the analytic function F (z). The collection of regular elements completed 
by polar, algebraic and infinitary elements is called an analytic configura- 
tion. It is clear that the values of F(z) are precisely the values which take 
its elements at its respective centres. 

Now we consider the set of pairs (a; f(z)), where f(z) is an element 
with centre a of the analytic configuration associated with the analytic 
function F(z). The case a = 0 is included. Such a pair is called a place 
and the set of all places constitute the Riemann surface of the analytic 
function. We shall often denote a place by a small gothic type, if con- 
venient. 

We shall say that the place p = (a; f(z)) is above z = aand that z = @ 
is the trace of p in ¥ (or the projection of p onto the z-plane). Starting 
with f(z) we may consider all analytic continuations such that the set of 
elements obtained in this way represents a single-valued function. This 
set is maximal in the sense that further continuation yields a function 
which is no more single-valued. The corresponding places constitute a 
sheet of the Riemann surface. Thus the surface can be decomposed into 
sheets, but it should be noticed that this decomposition is in no way 
unique. 

It is clear that the abstract definition avoids the difficulty of inter- 
penetration of sheets. However, it might seem to be more natural to 
define a place as a pair of numbers (a, 5), where b is one of the values of 
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F(z) at z = a. But then we should obtain a mathematical entity which 
does not present adequately the structure of an analytic configuration. 
For it may happen that different elements take the same value as their 
common centre and thus essential properties would be obscured. 

Our next task is in showing that the abstractly introduced notion of 
Riemann surface has essential properties in common with a surface in 
the usual sense. First we shall define a notion of nearness, showing that a 
Riemann surface has a topological structure. 

A neighbourhood of the place Po = (49; fo(z)) is the set of all places 
p =(a; f(z)), such that a is in a neighbourhood WU (ap) of ag (and of course 
in ®) and f(z) is a rearrangement of f/o(z), (section 12.1.2), 

This definition does not require comment in the case that , is a regular 
place (i.e., a place defined by a regular element) and U(a)) does not 
contain singular points (i.e., f(z) is arbitrarily continuable throughout 
W(ao)). The rearrangement procedure also applies for algebraic elements. 
Consider an expansion 


foo) 
yi c(z _ dy) * te, 
v=0 


where c, # 0 for at least one value of n such that A is relatively prime to 
k-+n. The series represents a collection of h power series of (z—a,)'"", 
obtained by choosing different initial values of (z—a,)'*". Let now z = a 
denote a point inside the circle of convergence of the series. We have 


evidently 
(z—ag)**""" = (a—ay)**”" (: + ay 
a—Ao/ 

and a value of (a—ay)'" fixes a function element above z = a, if the 
binomial on the right is understood as a principal value and expanded 
by the binomial theorem as an ordinary power series in z—a. In view of 
Weierstras’s double series theorem (section 2.20.4) we obtain an expan- 
sion f(z) of fo(z) in a neighbourhood of z=a, being the rearrangement of 
Jo(z) in the extended sense. Thus we can find / different series about 
z = a. The case of a polar element is included for then we have k < 0 
and fh = 1. With obvious modifications we can also handle the case of 
infinitary elements. 

Consider a place Pg which is a branch point of order A—1. If A = 1 
the place is ordinary (or regular). Let ag be the trace of p,. If p is positive 
and sufficiently small then above any point z = a of the disc |z—ay| < p 
we have A distinct elements 


(a; fi), -- -» (as falz)), 


defining / places p,,..., ),. Let now ¢ be a point of the unit disc & 
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about ¢ = 0 in the ¢t-plane. If 


(k-1) 2 sanmgisk=, k= 1.05%, 


z 


we assign to ¢ the place p, = (a; f,(z)), with 
a = ay+(pt)" 
and 


fe) = ¥ elon" Y ("] ( =) 


p=0 ( t) BY} 
© a (= 
= ae | h Jor (12.4-3) 
m 


This correspondence is one-to-one and continuous in both directions, 
hence a homeomorphism. This means that the mapping t— p is contin- 
uous, for all places p which are images of points of a sufficiently small 
neighbourhood l(t) belong to a neighbourhood U(p,) of p,. In the oppo- 
site sense we have that for any given U(t) there is a U(p,) such that the ¢ 
corresponding to all p in U1(p,) belong to l(t). These statements follow 
from the definition of neighbourhoods on the Riemann surface. Thus 

Every place p of the Riemann surface has at least one neighbourhood 
Up) which is the homeomorphic image of an open disc of the complex 
t-plane about the origin. 

Formula (12.4-3) gives a parametric representation of the places p 
in a neighbourhood of pg and ¢ is known as a locally uniformizing 
parameter. In many cases it is desirable to consider more general represen- 
tations where the first coordinate is also given by an infinite series in a 
parameter ¢. The choice of the parameter is highly arbitrary as long as it 
gives the homeomorphic representation of 8: |[t| < 1 onto a neighbour- 
hood of the place py. Thus if ¢ is a locally uniformizing parameter, so is 
t* = y(t), y(t) 4 0, where (zt) is a power series convergent and univalent 
in |¢| < 1. 

Continuing our considerations we turn our attention to two places 
p, and p, with corresponding neighbourhoods U(p,) and U(p,), each 
of them being homeomorphic representations of an open disc St in the 
t-plane. We denote the mapping function by g, and @, respectively, i.e., 


U(p,) = o.(), U(p2) = 92(&). 
The inverse mappings are 


= %,(U(p,)), RK = @(U(p2)). 
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It follows that 
U(p2) = 92$,(U(p,))), 


that is, we can map W(p,) onto U(p,) in a one-to-one and bicontinuous 
manner. Suppose that 1(p,) and U(p,) intersect and that 9 is a place of 
the intersection. Then there are values ¢, and ¢, of the parameter ¢ such 
that 

Po = Pilti) = Pa(t2) 
and, evidently, 


tr = 9(~,(t))), t, = ,(@2(t,)). 


Assume now that the traces of the places, belonging to U(p,) and U(p,) 
respectively, are circular discs U(a,) and W(a,) in the z-plane. The inter- 
section of N(p,) and U(p,) is a region R. We put 


R= 0:(¥), R= $2(%). 
Then i, and , are subregions of @ and 


HR, = 62(¢,(K,)), w= 1(2(%2)). 


If now U(p,) and UW(p,) have parametric representations of the type 
(12.43) then 
ay = a, +(pt;)" = a,+(pt,)”, 


where hh, and h, are positive integers. It follows that t, is a holomorphic 
function of t, and conversely, hence the mapping @,@, is directly con- 
formal as is @,9,. Thus 

If the homeomorphisms o, and @, map the unit disc & in the t-plane 
onto neighbourhoods U(p,) and U(p,) which have a nonempty connected 
intersection then the composite transformation @,0, maps a subregion 
R, of K onto another subregion R, in a one-to-one manner. 

The above definitions and properties describe adequately a mathema- 
tical entity which can be individualized by a surface as introduced before. 
Since the notion of continuity is available we can define the notions of 
continuous path, region, etc. It is again clear that the function F(z) to 
which the Riemann surface is associated is a single-valued function on this 
surface, i.e., to a given place there corresponds precisely one value of the 
function. 


12.5 — Classification of algebraic Riemann surfaces 


12.5.1 — TRIANGULATION 


We shall be interested in those properties of Riemann surfaces which 
can be used to distinguish different surfaces. The most basic of these 


300 ANALYTIC FUNCTIONS- RIEMANN SURFACES [12 


properties are the ones which determine whether two surfaces are topo- 
logically equivalent, i.e., whether there exists a homeomorphism of one 
of the surfaces onto the other. In the case of surfaces associated to 
algebraic functions the theory is comparatively simple and brings to light 
a fundamental invariant, the genus of the surface. 

A basic property is the triangulability of a Riemann surface which we 
shall explain in more detail. By a triangle s* on a Riemann surface § 
is understood a closed euclidean triangle e? and a one-to-one bicontin- 
uous mapping ¢ of e? into §. We shall write s? = (e?, g) and call s? 
the image of e” under ~. The images of the sides and vertices of e? are 
called sides and vertices of s*. Each side or vertex appears when we 
restrict g to a side or vertex of e”. A place p of § belongs to s? if p is in 
the image of e? under @. 

A surface % is called triangulated if on § are chosen a finite or enumer- 
ably infinite system of triangles such that 

(i) every place of % is in at least one triangle of the system; 

(ii) two triangles have either no point in common, or only one vertex, 
or only one side; 

(iii) a side belongs to precisely two triangles; 

(iv) the triangles meeting at the same vertex constitute a finite cycle, 
in which every triangle has a side in common with the adjacent triangle, 
(fig. 12.5-1). 

It can be proved that every Riemann surface is triangulable, but we 
shall only prove this theorem in the case of a Riemann surface with a 
finite number of branch points. 

Let a,,..., a, denote the traces of the branch points; some of them 
may be logarithmic branch points. These are then boundary points of 


Fig. 12.5-1. Triangulation (schematic) 
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Fig. 12.5-2. Triangulability of the Riemann surface of an algebraic function 


the surface. Next we take in the z-plane a point z) which is not on a 
segment connecting two points a,. We connect 29 with all these critical 
points and extend these connecting segments beyond these points to the 
point co (which may or may not be under a branch point), (fig. 12.5~2). 
The half-rays are used as cuts in the z-plane. Starting with a function 
element above z) we may continue it analytically throughout the cut 
plane (which is simply connected) and the function elements thus obtained 
define the places of a sheet of the Riemann surface. By suitable identifica- 
tion of the various sheets which can be obtained in this way along the 
half-rays emanating from the final critical points we get the whole 
Riemann surface. On every sheet we may define segments whose points 
are places above the segments zya,,k = 1,...,r in the z-plane. In 
addition we connect a,,..., 4, in cyclic order and draw corresponding, 
segments in either sheet. In the case that there are only algebraic branch 
points (and no boundary points at all) every sheet and consequenty also 
the whole Riemann surface is divided into triangles, i.e. the surface is 
triangulated. The total number of triangles is finite and the surface is 
said to be closed. 

In the case that there are also logarithmic branch points we may assume, 
after eventual subdividing triangles, that no more than one vertex is a 
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Fig. 12.5-3. Triangulation near a logarithmic singularity 


logarithmic branch point. A triangle having one vertex as logarithmic 
branch point may be subdivided further as depicted in fig. 12.5-3. 
The adjacent triangles with the same critical vertex are triangulated 
in such a way that the triangles of the subdivisions are collected into 
cycles with a finite number of members. The number of subtriangles is 
now infinite. The whole surface is subdivided into an enumerably infinite 
number of triangles and a surface of this type is called open. 


12.5.2 - NORMAL FORMS OF ALGEBRAIC RIEMANN SURFACES 


In dealing with topological questions about surfaces, it is convenient 
to be able to visualize a model which is homeomorphic to the surface 
in question, rather than to proceed abstractly. Such models help our 
intuitive understanding of the problems we consider and give a fuller 
meaning to the results. For Riemann surfaces of algebraic functions such 
models are easily found. By deforming a triangle we understand a 
one-to-one and bicontinuous mapping of the one triangle onto another. 
It is clear that by deformation we can transform a sheet into a convex 
polygon which is divided into triangles. The sides of such a polygon 
correspond to cuts on the original surface. If we connect two sheets 
along such a cut in accordance with the identification on the surface, 
we can connect two polygons in a corresponding manner along a side 
such that the polygons have no other points in common. It is allowed 
to suppose that the join of these polygons is again convex, (fig. 12.5-4). 
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Fig. 12.54. The joining of two sheets of a Riemann surface 


Continuing in this way we may combine all sheets deformed into convex 
polygons into a single polygon by identifying appropriate sides. Then we 
have transformed the original surface into a convex polygon. In general 
not all identifications along the cuts on the Riemann surface are repro- 
duced by joining the polygons. Every transfer from one sheet to another 
which is not realized by joining the corresponding polygons corresponds 
to two sides of the polygon which must be considered as identical if we 
will get a topological model of the surface. Hence the number of sides of 
the polygon is even. We shall denote the sides of a pair which must be 
identified by the same type, from which one is primed. 

The classification of Riemann surfaces of algebraic functions will be 
simplified considerably after the construction of so-called normal forms 
of the polygons representing the surfaces. They are obtained by applying 
some elementary transformations. 

Going around the boundary in the positive sense of the polygon as 
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Fig. 12.5-5. Representation of a surface by means of a polygon with sides identified 
in pairs 


constructed previously and associating a letter to each side, such that 
sides which are to be identified are labelled by the same letter, we obtain a 
symbol of the polygon by writing these letters in the order in which they 
are encountered. The symbol of fig. 12.5-5 is 


abca’b'dd’c’. 
It is allowed to perform a cyclic permutation of the letters. If the polygon 
is now cut into two polygons along a line joining two of its vertices, and 
if the parts are then again attached along a pair of identified sides, and if 
the two sides of the cut are identified, we obtain a new polygon with pairs 
of sides identified. The two polygons both represent the same surface, 


for the identification of points was not changed in this process. Our 
main task will be the simplification of a given polygon. 


Fig. 12.5-6. The cancelling of two adjacent identified sides 
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If the letters aa’ appear in the symbol as adjacent sides of the polygon 
and if the symbol has at least one other letter (hence at least four letters 
altogether) then the letters can be removed from the symbol to obtain 
a new symbol for the polygon. Fig. 12.5-6 illustrates this process and 
suffices as a proof. The polygon aa’ which we could not handle in this 
way is one of our normal forms. From now on we may assume that the 
polygon has at least four sides and that pairs as aa’ are suppressed. 

The next step will be the transformation of the polygon into a polygon 
in which all the vertices correspond to the same point on the Riemann 
surface. We designate a certain vertex of the polygon by P and also label P 
all other vertices which correspond to the same point as P. If there is a 
side a of the polygon with one vertex unlabelled, we label it Q together 
with all other vertices which correspond to the same point on the Riemann 
surface. Now we show how to reduce the number of vertices labelled 
Q by one and thereby increase the number of vertices labelled P by one. 
Let a = PQ and let b denote the side which has the vertex Q in common 


Fig. 12.5-7. Reduction of the number of unidentified vertices 
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Fig. 12.5~8. Reduction to the normal form 


with a. We know that b is not a’, for if it were, we would have had aa’ 
which was already suppressed. We join the vertex R of b (R may be P 
or Q) to the vertex P of a by a diagonal to form a triangle with sides 
a, band c. We cut out this triangle of the polygon along c and then attach 
it to the rest of the polygon along the side b of the triangle and the 
remaining side of the polygon to form a new polygon having the same 
number of sides as the former one. Whereas the triangle was previously 
attached to PR exposing the vertex Q it is now attached along RQ, 
exposing the vertex P, (fig. 12.5-7). Thus the new polygon has one more 
vertex P and one less vertex Q as did the former polygon. Continuing 
in this way we obtain a polygon in which all vertices are equivalent (i.e., 
correspond to the same point on the Riemann surface) and labelled P. 

Finally we effect a rearrangement of the sides. A pair of sides are 
called linked if they appear in the symbol in the following order 


JQsevbiasales BY (12.5-1) 


We now show that each side is linked with some other side. If this is not 
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Fig. 12.5-9. Norma! form of an algebraic Riemann surface 


true, there must be a side c such that all letters between c and c’ are 
identified among themselves, so that none of the corresponding sides lie 
outside the letters c...c. Then we may select a point on the side c, 
not the vertex P and join it by a line segment d in the polygon to an equiv- 
alent point on the other side c’. This line divides the polygon into two 
parts which have P and the points on d identified. But one vertex of c lies 
in the first part and the other vertex P in the second part, which is impos- 
sible since P would not have a euclidean neighbourhood in the surface. 
Thus each side of the polygon is linked with another. By the process 
shown in fig. 12.5-8 the polygon can be transformed so that the linked 
pair (12.5-1) is brought together in the sequence cde’d’. The further 
combination of linked pairs does not destroy those already combined, so 
that we finally have: 

The normal form of an algebraic Riemann surface is a polygon with 
symbol 


(i) aa’, 


ae tue tw rus 
(ii) a,b, a,b,a,b,a3b2...a,b,a,b). 


(12.5-2) 


In case (i) we say that the normal form has the genus zero, while in case 
(ii) the normal form has the genus p, (fig. 12.5-9). 


12.5.3 — VISUALIZATION OF THE NORMAL FORMS 


We now wish to discover what the normal forms look like when we 
actually paste together the identified sides. 
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Fig. 12.5-10. Topological model of a Riemann surface of genus zero 


Pasting together the sides a and a’ of a surface of genus zero, we get a 
surface which is topologically a sphere. It is convenient to imagine the 
sphere made of an elastic flexible material; then cutting it open along the 
line a as shown in fig. 12.5-10 and flattening it out gives us the polygon 
which we have taken to be normal form of genus zero. 


a 


Fig. 12.5-11. Topological model of a Riemann surface of genus one 
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Fig. 12.5-12. The handle 


The normal form of genus one is a quadrilateral aba’b’ which is homeo- 
morphic to a quadrangle, (fig. 12.5-11). If we paste together the identi- 
fied sides a and a’ we obtain a cylinder with its two ends b and b’ identi- 
fied. Now pasting together these ends, we get a torus as a model for 
the normal form of genus one. 

The torus may be viewed topologically in yet another way. If we cut a 
disc out of the torus as shown in fig. 12.5-12, we obtain a handle. The 
hole left after cutting out the disc is bounded by a curve h which may be 
made to pass through the point corresponding to the vertex P. If we now 
separate this curve at P, the rectangle with a hole opens into a pentagon 
with the symbol 

aba’b’h 


which is the symbol of a handle. The disc which we cut out of the torus 
can be deformed into a sphere with a disc removed. Thus the torus may 
be conceived as a sphere with a handle attached to it, (fig. (12.5-13)). 

This leads us to the normal forms of higher genus. Out of a sphere let 
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Fig. 12.5-13. Deformation of a torus into a sphere with a handle attached to it 


us cut p discs bounded by curves h,,...,h,, having only the point P 
in common. By flattening out the resulting surface we obtain a p-sided 
polygon with the symbol h, ...h,. If we attach to each h, the handle 
a,b, a,b, bh, by pasting together the curves h,, we obtain the normal 
form of genus p, (fig. 12.5-14). Thus 

The normal form of genus p is topologically equivalent to a sphere 
with p handles attached. 


b a 
! ay b3 


Fig. 12.5-14. Construction of a normal form by means of handles 


12.5.4. - THe INVARIANCE OF THE GENUS 


We have established that every algebraic Riemann surface is homeo- 
morphic to a normal form of genus p and hence to a sphere with p 
handles, The genus completely determines the normal form, so that two 
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triangulated surfaces are homeomorphic if their normal forms have the 
same genus. On the other hand, to find the normal form we used a specific 
triangulation of the surface. And the question arises, if we would get the 
normal form of the same genus if we had taken a different triangulation 
of the same surface. The answer on this question is embodied in the fact 
that the genus of a normal form depends only upon the surface and not 
upon the triangulation used, so that homeomorphic normal forms have 
the same genus. To prove this assertion we shall relate the genus to a 
topological invariant of the surface, the so-called Euler characteristic. 

On a Riemann surface §§ we consider a system of finitely many closed 
curves, such that each pair of them meet in a finite number of points. 
These curves may decompose % in a finite number of pieces such that 
each piece is homeomorphic to a region in the z-plane bounded by a 
simple closed polygon. Such a piece is called a polygon on %; the images 
of the sides of the polygon in the z-plane are called the sides of the 
polygon on %, their end points are the vertices of the polygon. A poly- 
gonal decomposition of the surface is effected if: 

1) Each point of % is in at least one polygon. 

2) Two polygons are either disjoint, or have precisely one vertex, 
or one side in common. 

3) Every side belongs to exactly two polygons. 

Every algebraic Riemann surface possesses a polygonal decomposition, 
e.g., a triangulation. 

Consider now two homeomorphic surfaces % and %* and denote a 
polygonal decomposition on the first surface by { and a similar decom- 
position on the other by T*. The number of vertices, sides and polygons 
(which we suppose to be finite) may be denoted by %, «1, @ resp.; 
let «}, x}, «3 denote the corresponding numbers on %*. Then we assert 


Ag tO, ~-o, = —ag+ay—az. (12.5-3) 


The alternating sum 


Y= —At+a,—a, (12.5-4) 


expresses, therefore, a topological invariant of the surface, the so-called 
Euler characteristic. 

In order to prove the statement we map %* topologically onto %. 
The decomposition X* is carried into a decomposition of % with exactly 
the same scheme of vertices, sides and polygons as %*. We may denote 
it again by J*. It remains to prove that for two decompositions of a 
surface %} the alternating sum (12.5-4) is the same. 
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Consider first a polygon with n vertices in the plane. The alternating 
sum is here 


Yo = —ntn—-1 = —1. 


Let Z, denote a decomposition of the polygon in subpolygons, y the 
corresponding alternating sum. We assert that y = zo. In fact, if we 
delete an interior side of the decomposition the number a does not 
change, while «, and «, are diminished by 1. Hence y remains constant 
after performing this process. If we delete a whole interior system of k 
sides which is common to the boundaries of two polygons of T, then a is 
diminished by k—1, 2, by k and «, by 1. Again y remains unchanged. In 
this way we may delete all interior sides of the polygons. If there remain 
superfluous vertices on the boundary sides, we omit them. Then every 
time % and «, are diminished by 1, while «, remains unchanged. Hence 
X = Xo- 

We now consider two decompositions ¥ and T*. By shifting eventually 
a little the sides of T we may suppose that T and X* present only a finite 
number of common points, without changing the alternating sum of T. 
The decompositions T and &* together define a polygonal decomposition 
D’ which we get by decomposing every polygon of T. On account of the 
homeomorphy between the polygons of E and plane polygons we may 
conclude from the above considerations that the number x for the decom- 
positions ¥ and &’ are the same. Since Z’ may also be considered as a 
decomposition of {*, we see that y is also the same for ZT’ and T*. 
But this proves that x as calculated from & is the same as calculated from 
x. 

The characteristic of a sphere with p handles is easily found. A normal 
polygon can be decomposed into polygons. If we delete as in the above 
proof all interior sides this number does not change. Hence the decom- 
posed polygon has the same characteristic as the original polygon. In 
the case of genus zero we have %) = 2, a, = 1, a, =1 and in the case 
of genus p > 0 we have ¢) = 1, «, = 2p, a, = 1. In all cases we have 


x = 2p-2. (12.5-5) 


It follows that two spheres with different numbers of handles have differ- 
ent Euler characteristics and, therefore, they are not homeomorphic. 
12.5.5 - EVALUATION OF THE GENUS OF AN ALGEBRAIC FUNCTION 


We shall say that the genus of an algebraic function defined by the 
polynomial f(z, w) of degree 7 in w is the genus of the associated Riemann 
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surface. Assume that there are s ramification points of orderr,;—1,..., 
r,—1, (section 12.2.7), respectively. The number 


m= YW) (12.5-6) 


is the ramification number of the surface. We triangulate in such a way 
that the branch points become vertices. First we consider a triangulation 
for the extended plane (or the sphere). Then 


Xo = -2. 
Since we have x sheets above the plane we have for the Riemann surface 
B, == no, By = ney, 
B, the number of sides and 8, the number of triangles of the triangu- 


lation. The number fo of vertices is, however, in general less than nay, 
for at every branch point r,; points coincide. Hence 


Bo = n&y—(r,-1+... tr,—-1) = nay—m. 
Thus 
2p-2 = 4 = —BotBi—B2 = nyotm = —2n+m, 


In the last example of section 12.4.1 we have 


or 


n=6,s=24341=6, 7, = 7, =3, 73 = 7g = 1s = 2, re = 6. 
Hence 
m=2x(3—-1)+3x@2-1)+6-1 = 12. 


It follows that p = 1. 
It is easy to show that p can have any integral value = 0. Consider the 
algebraic function defined by 


w? = (z—a,)... (2-44), (12.5-8) 
where the a; are different. If some a; is 00 the corresponding factor is 
omitted. Now we have n = 2, s = 2k, m = 2k, hence p = k—1. 

12.6 = Uniformization 
12.6.1 ~ THE CONCEPT OF UNIFORMIZATION 


On a Riemann surface %, each point has a neighbourhood which is a 
topological image of a plane disc. This gives us a system of local coordi- 
nates in the neighbourhood of the point. In general this local system 
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cannot be extended to a coordinate system over the whole surface, 
assigning in a one-to-one fashion a number to each point of the surface. 

Simple examples may serve to illustrate the idea of uniformization in 
the large. Consider e.g. the function 


w= Vz344/28, (12.6-1) 
If we introduce the variable s such that z = s'5 we have evidently 
z=s, w= 55457, (12.6-2) 


Another example is the following 


woe z) (12.6-3) 
This is uniformized by putting 
z=e, week, (12.6-4) 
Finally we consider the algebraic function defined by 
wetz? =f. (12.6-5) 
A uniformization is effected by means of 
2 
z= ae w= i (12.6-6) 


The problem of finding a representation of an arbitrary analytic func- 
tion w = F(z) at all places of the associated Riemann surface § by means 
of two single-valued meromorphic functions 


z= g(s), w= ws), (12.6-7) 


where s runs through a simply connected region f in the s-plane, such 
that to each s in §R there corresponds one place p of % in the follow- 
ing fashion: g(s) is the trace of p and w(s) coincides with the element 
defining p, is called the problem of uniformization. The correspondence 
between » and s needs not to be one-to-one. Only to a given s there 
must correspond precisely one place p. 

The fundamental theorem of the theory of uniformization states that 
every analytic function can be uniformized. A first proof of this theorem 
has been given by H. Poincaré and P. Koebe. 

We shall not prove this theorem in its full extend. The subsequent 
considerations imply, however, a very important special case, viz. the 
uniformization of algebraic functions. They are based on some elementary 
results of combinatiorial topology and classical theorems of the theory 
of functions. 

The idea is the following. Instead of the original Riemann surface we 
Construct a simpler surface which can be mapped onto the Riemann 
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surface. This new surface, the universal covering surface, turns out to be 
a one-to-one image of a region of the s-plane and provides the uni- 
formizing function. 


12.6.2 — COVERING SURFACES 


First we give a combinatiorial definition of a surface. A surface is a 
system of a finite or enumerably infinite number of euclidean triangles 
whose sides are pasted together according to a certain rule. This pasting 
consists in identifying corresponding points on two sides which are topo- 
logically (e.g., affinely) related. The end points of one side must be iden- 
tified with the end points of the other side. After pasting, every side must 
belong to exactly two triangles and the finitely many triangles meeting 
at a vertex must form a closed cycle in which each two adjacent triangles 
have one side in common. 

We suppose further that the surface is connected in the combinatorial 
sense i.e., one can reach every triangle from another by traversing a 
finite sequence of adjacent triangles. The surface is called closed if the 
number of triangles is finite. A Riemann surface of an algebraic function 
is closed. The surface is called open if the number of triangles is enumerably 
infinite. An example is provided by a Riemann surface associated to the 
logarithmic function. 

A very important notion is that of a covering surface of a given surface. 
Let % denote a surface which can be mapped onto another surface $ 
such that every triangle of ¥ corresponds affinely to precisly one triangle 
of § and that two triangles of ¥ meeting at a side correspond to triangles 
on % with the same property. We shall say that % is a covering surface 
of %. It is easy to see that a Riemann surface of an analytic function is a 
covering surface of the sphere which is itself a surface in the combina- 
torial sense. 

The covering is called smooth (or unramified) if the cycle of triangles 
meeting at a poing p of % corresponds to a cycle of triangles meeting at 
the corresponding point » on %} and is percorsed once if we percorse 
the initial cycle. It is not difficult to verify that the mapping of ¥ onto ¥ 
is locally topological. That means: the mapping is a homeomorphism 
in a suitable neighbourhood of an arbitrary point p of %. 


12.6.3 —- AN ILLUSTRATIVE EXAMPLE 


The following example may serve as an introduction to subsequent 
developments. Consider the algebraic function defined by 


2 = (1-2?)\1—k?2”), O<k <1. (12.6-8) 
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Fig. 12.6-1. The Riemann surface of the function (12.6-8)(schematic) 


It has four branch points at z= +1, z= +1/k respectively, of order one. 
Hence, according to the last remark in section 12.5.4 its genus is unity. 
A Riemann suface may be contructed in the following way: We take 
two congruent z-planes cut along from z = +1 to +00 and from z = —1 
to —0o. On the first, denoted by J, the function w = V(1—z?)(1 —k?z?) 
such that w(0) = 1, is single-valued; on the second JJ, the function 
having the opposite values is also single-valued. We assume that JI is 
placed above J, such that points bearing opposite values have the 
same projection on the z-plane. Now we past the parts of the borders 
between +1 and +1/k cross-wise together: the same is done for the 
borders between —1 and —1/k. Finally we past the upper and lower 
borders of the sheet J beyond 1/k and —1/k and do the same for sheet J7. 
Hence beyond these points the surface does not penetrate itself, (fig. 
12.6-1). Thus we have constructed a two-sheeted Riemann surface of 
the function (12.6-8). 
The topological character of the surface may be visualized by means of 
the mapping 
z=sns. (12.6-9) 


The sheet J can be mapped onto a rectangle with the vertices +K+iK’ 
(section 10.2.10). The same function can be employed to map the sheet J/ 
onto a rectangle which is obtained from the first one by means of the 
translation 


s’ = s+2K. (12.6-10) 


The join of these rectangles yields a model of the Riemann surface if 
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Fig. 12.6-2. A possible enumeration of the images of the sheets of the covering surface 
of the Riemann surface of (12.6-8) 


we identify the opposite sides and thus we see that it is topologically a 
torus, in accordance with the fact that its genus is unity. 

However, we can proceed in another way. We take doubly infinite 
sequences of sheets 


I,,1I,,n = 0, +1, +2,. omy 


each sheet being a cut z-plane as considered above. It is assumed that the 
sheets are superposed alternately, ie., [,,, lies above IJ, and II,4; 
above I,.,. By means of (12-6-10) we map these sheets onto rectangles 
in the s-plane which we enumerate as shown in fig. 12.6-2. The free 
boundaries of the sheets are pasted together in accordance with the 
situation in the s-plane. That is to say: if two rectangles have a side in 
common, the corresponding borders in the z-plane are identified and 
pasted together. Thus we obtain a Riemann surface of the inverse func- 
tion of sns, viz. the integral 


s= i fo iE ee ’ (12.6-11) 
» V-A\1-#) 
which covers the surface of (12.6-8). It has an infinity of algebraic 
branch points of order 3 and a logarithmic branch point at infinity. 
To every point of this new surface ¥ corresponds a point of § with 
the same projection on the z-plane such that if p is in JJ, then p is in Zp 
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and if $ is in J, then p is in Jj. There is no ambiguity as regards the 
points on the identified borders, for they can be reached from points 
near any such point along a continuous path. The surface % is in one- 
to-one correspondence with the open s-plane (s=oo is excluded) and the 
covering map appears as a map of this plane upon the rectangle consisting 
of the rectangles Jj, [7y in such a fashion that points equivalent under 
the set of translations (7 and n’ being integers) 


s’ = s+ 4nK+2n'iK’ (12.6-12) 


have the same image. This may also be expressed by saying that the 
points of the s-plane are reduced modulo (4K, 2iK’). 

The function sn s is single-valued throughout the s-plane and mero- 
morphic. It is easy to see that s is a uniformizing variable, the uniformi- 
zation of the function (12.6-8) being performed by the functions 


z= sns, w= sn’s = cnsdns, (12.6-13) 


in accordance with (5.14-12). 

The surface %, which is in our case homeomorphic with a punctured 
sphere, is an example of a universal covering surface. As we shall see 
the existence of a universal covering surface is the key for the solution 
of the uniformization problem. 


12.6.4-— THE UNIVERSAL COVERING SURFACE 


We shall now use the notion of “path” in a rather restricted sense. 
By a path we understand a sequence of sides 


Qyigncs gy Gy 


of the triangulation, such that a, and a,,,,k <r, have a vertex in com- 
mon. Two paths a and 6 connecting the points » and q, are called (com- 
binatorially) homotopic if we can transform a into b by applying a finite 
number of the following steps: 

(i) Replacing one side of a triangle by the two others, percorsed in 
order, and conversely. 

(ii) Adding or removing a side which is percorsed in a certain direction 
and immediately back, (fig. 12.6-3). 

All paths homotopic to a path pq are the elements of a class {pq}. If to 
an arbitrary pair of points p, q there corresponds only one class, the 
surface is called simply connected (in the combinatorial sense). 

Now we are prepared to construct a universal covering surface. Every 
triangle A of the given surface % is covered by as many triangles as there 
are classes of paths which connect a fixed point » and a vertex of A. 
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Fig. 12.6-3. Combinatorial deformation of a path 


Which of the three vertices is selected is of no importance, for to every 
path op of the class {op} we can add the side pq and so we see that to 
this class corresponds uniquely the class {oq}. If two triangles of § 
meet along pq and if we are given to either of them the same class 
{op} or {oq} then the corresponding triangles are pasted together along 
this side. It is clear that we obtain a smooth covering surface >. Every 
vertex on $i is defined by a vertex p on % and a class {op} on %. We 
shall say that ) is above p and that p is the trace of p. 

The surface % has the following fundamental property: 

The universal covering surface is simply connected. 

Given a side pq on § and to p a covering point p then by definition 
precisely one side pq is determined which covers pq. If we proceed 
beyond q along an arbitrary side then the same is true. Thus, if a path b 
is given, issuing from ), then it is covered by a uniquely determind path 6. 
Assume that is defined by the path a = op. Then the end point t of 5 
is defined by the path ab which appears if we first percorse a and then b. 

Let now é denote a second path from p to t whose trace on % is ¢. 
Then, evidently, ¢ is also defined by ac. Since ab is homotopic to ac, 
so is b homotopic to c, for we may multiply on the left by a~*, which 
is the path a percorsed in the opposite direction. The transformation (i) 
and (ii) which carry 5 into c can be effected on §. Hence also 6 is homo- 
topic to @ Since 6 and @ are arbitrary paths connecting p and q, the 
proof of the theorem is completed. 


12.6.5 — CHAINS 


A path becomes a 1-chain if we omit all segments which occurs twice. 
It is, therefore, a formal sum of segments which may be added modulo 2. 
Similarly we define a 2-chain as a formal sum of a finite number of 
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distinct triangles A,,...,4,, on % (this sum may be empty) which we 
denote as 
A=A,+...+4, (12.6-14) 


Two 2-chains are again added modulo 2, by collecting them to one sum, 
but omitting all triangles which occur twice. 

The boundary G4 of a triangle A is the sum of its sides. The boundary 
0A of a 2-chain is the sum modulo 2 of the boundaries of all its triangles. 
This amounts to: the boundary 0A consists of those sides which belong 
to only one of the triangles 4,,..., 4,. This is in accordance with the 
elementary geometric meaning of boundary. 

Two 1-chains are called homologous (in the combinatorial sense) 
if one can be transformed into the other by performing the steps (i) and 
(ii) of the previous section. Another characterization of this relation is 
the following: 

If a is homologous to b then the sum a+b (mod 2) is the boundary of a 
2-chain. 

In fact, by effecting the transformation (i) the chain a goes over into 
a+0A (mod 2). By (ii) the chain does not undergo any change. After 
performing a finite number of these steps the path a is replaced by 


a+0A4,+04,+... = A+0A(mod 2), 
where A is the sum 4,+4,+ ... (mod 2). If b is homologous to a then 


b = a+0A (mod 2), 
or 
a+b=0A (mod 2). 


An immediate consequence is 

On a simply connected surface every closed \-chain is homologous 
to zero. 

We shall say that a 1-chain is homologous to zero if it bounds a 2-chain. 
Every closed 1-chain (being a 1-chain such that every vertex is the end 
point of an even number of sides) can be decomposed into two chains 
a and 4 which, considered as paths are homotopic and hence the one can 
be transformed into the other by the steps (i) and (ii). 

Assume now that A and B have the same boundary 


0A = OB. 


Then 0(4 + B)=0, where A +B is the sum modulo 2. Since % is connected 
A+ B(mod 2) coincides with %. Since 4+ 8B contains only a finite number 
of different triangles the surface % is closed. Conversely, if % is closed and 
A is any 2-chain on it then we may put § = A+B, where A and B have 
the same boundary. Thus we see 
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On an open simply connected surface a closed \-chain is the boundary 
of only one 2-chain. On a closed simply connected surface such a 1-chain 
bounds exactly two 2-chains which fill the surface entirely. 


12.6.6 — VAN DER WAERDEN’S LEMMA 


The following lemma due to Van der Waerden simplifies considerably 
the topological part of the theory of uniformization. 

Assume that %& is an open connected surface of such a kind that every 
closed \-chain is homologous to zero. Then we can enumerate its triangles 
in such a way that every A, , has one side or two sides in common with 
the sum of the preceding triangles 


E, = Ay+...4+A4,, 


but not a side and the opposite vertex. 

The proof is by induction. Assume that 4,,..., 4, are already selected 
in the prescribed manner. It follows from the fashion in which it is 
generated that the boundary O£, is a simple closed polygon. Let A 
denote an adjacent triangle. Now three cases are possible: 

1) A has exactly two sides with £, in common. 

2) A has in common with £, a side, but not the opposite vertex. 

3) A has in common with £, a side p and the opposite vertex p. 

Since the surface is open it is not possible that 4 has three sides in 
common with E,. 

In the first two cases we can take A,,, = A. In the third case the ver- 
tices p, q, t of A decompose the boundary of £, into pieces qt = p, 
tp = a, pq = b. If we denote the sides pr and pq of A by qg and r then 
q+a and r+b are two closed 1-chains which bound, therefore, two 
2-chains A and B, ie., (fig. 12.64). 


dA = qta, OoB=r+b. 


The sum A+B(mod 2) has the same boundary as E,+A. Indeed, 
O(A+B) = 0A+ 0B =a+qtb+r=atb+pt+ptaqtr = 0E,+04 
= 0(£, +4). Hence 


A+B = E,+A (mod 2). (12.6-15) 


In the sum on the right occurs the triangle 4,, hence either A or B, 
say B, must contain A,. But then B must also contain 4,, for the common 
side of A, and A, does not belong to 0B. Proceeding in this way we see 
that B contains all triangles 4,,..., 4, and finally also A. On account of 
(12.6-15) the chain 4 cannot contain any of these triangles. As a conse- 
quence 4 and E, +A have no triangles in common and instead of (12.6-15) 
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Fig. 12.6-4. Van der Waerden’s lemma 


we may write 
B= E,+4+A. (12.6-16) 


We shall take A,,, from A. Let A’ denote any triangle adjacent to a. If 
for A’ case 1) or case 2) is realized we take A,,, = A’. In the case 3) the 
vertices of A’ decompose GF, again into three parts p’, a’ and b’. Since 
these three vertices belong to a, two of these three parts say p’ and a’ 
are entirely contained in a. If we take, similarly, in A a triangle A’ adjacent 
to a’, then A” determines in the case 3) a 1-chain a’’ which is contained 
in a’, etc. This process must terminate after a finite number of steps, for 
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Fig. 12.6-5. Triangulation of a punctured triangle 


a, a’, a’’,... become smaller after each step. Hence for a certain triangle 
A’” case 1) or case 2) occurs. Thus we always find a suitable triangle 
An,+1 in A, 

If we take 4,, from A and add it to E, then the number of triangles 
of A has diminished by one. We may repeat the process and take 4,42 
again from A, etc., until A has been exhausted. Then we have 


En+m = E,+ Anti t ores +Antm mes E,+A. 


Next we may choose 4,,4,+; = 4. By means of this method the triangle 
A will get its turn. 

Starting from an arbitrary triangle 4,, annexing by the described 
method in turn all adjacent triangles, then all triangles adjacent to these, 
etc., then every triangle of the surface will get its turn. This concludes 
the proof. 

For a closed surface the same considerations are valid, but now the 
process terminates, because the last triangle 4* is bounded by the last 
three sides of £,. Now we puncture the surface by omitting an inner 
point of A*. Then appears an open surface which may be triangulated by 
means of infinite many triangles. We take 4,,..., 4, as in the former 
way and construct in A* a sequence of triangles which shrink into the 
selected point. The annular parts may be divided into triangles as depicted 
in fig. 12.6-5. 
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12.6.7 — GENERAL RIEMANN SURFACES 


By associating a new structure to a surface as defined in section 12.6.4 
we get a general Riemann surface. This means that for a neighbourhood 
of every point we are given a topological map into the plane of a locally 
uniformizing parameter ¢ which is univalent on %. It is required that 
always, when two such neighbourhoods have a region in common, the 
parameter defined in one neighbourhood depends regularly upon the 
parameter in the other region throughout the common region. 

A function defined throughout a region on the general Riemann surface 
is said to be holomorphic if it is holomorphic in the locally uniformizing 
parameters of the points belonging to the region. The mapping as given 
by such a function is called conformal if it is one-to-one. 

It is possible to subdivide the triangles of a general Riemann surface 
such that every one is included in a neighbourhood in which the locally 
uniformizing parameter has been defined. These parameters map the 
triangles as well as the neighbourhoods in which they are contained 
conformally on regions in a plane. The universal covering surface of a 
general Riemann surface is again a general Riemann surface. The locally 
uniformizing parameters of the points of the covering surface % are the 
same as those of their traces on §. 


12.6.8 — SOLUTION OF THE FUNDAMENTAL UNIFORMIZATION PROBLEM 


Every single-valued analytic function on the covering surface ¥ of 
a general Riemann surface ¥ defines a multiple-valued analytic function 
on %} which is unramified. We have solved the fundamental uniformiza- 
tion problem if we succeed in finding such a function which maps $ 
conformally onto a region in the s-plane. Since there is a lot of freedom 
in selecting the region, the variable s is not uniquely defined. We do not 
destroy the generality of the solution if we take the region as a canonical 
region, being either the extended s-plane, the open s-plane or the interior 
of a circle. 

We shall suppose that 3} is a Riemann surface of a function having 
only a finite number of branch points as considered in section 12.5.1. We 
introduce locally uniformizing parameters t as described in section 12.6.7. 
These may also be taken as locally uniformizing parameters on 5. If we 
triangulate %} as described in section 12.5.1 the triangles on § appear 
in the ¢-plane as simply connected regions bounded by three analytic arcs. 

We consider first the case that $ is open and we assume that the trian- 
gles A,, A,,..., of its triangulation are ordered in accordance with 
Van der Waerden’s lemma. 

Let 4, be included in a neighbourhood UW in which the local parameter 
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Fig. 12.6-6. The mapping of E, in a neighbourhood of 4 


tis defined. This triangle corresponds to a simply connected region A’ 
in the ¢-plane, bounded by analytic arcs. Hence A’ can be mapped 
onto the interior of a circle in the s-plane such that there is a one-to-one 
correspondence between the boundaries (section 10.5.6). 

We proceed by induction and assume that E, = 4;+... +4, (whose 
boundary is stripped) is mapped onto an open disc &, in the s-plane, 
such that there is a one-to-one correspondence between the boundaries. 
Let s = ¢,(p) denote the mapping function. In order to obtain a map of 
E,+, we employ a device due to Carathéodory. The region E, ,, consists 
of £, and a triangle A = A,,, which has one or two sides with E, in 
common, (fig. 12.6-6). Since A is in the interior of a neighbourhood Ul 
which corresponds one-to-one to a neighbourhood 1’ in the r-plane, 
the triangle A is mapped onto a region 4’ in Wl’. A common side a of 4 
and £, is continuously and in a one-to-one manner related to a circular 
arc a,, on the boundary of 8, and by means of the local parameter to an 
arc a’ of A’. A part & of E, with a on its boundary is in UW. The image 
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, of Win the s-plane is a part of the circle @,, with a, on its boundary. 
In the ¢-plane the image of Y is a part 2’ of 1’. Hence AW’ and %, are 
related by a function which we shall denote by s = g,(t), being the 
mapping 9,()) restricted to UM, where p is replaced by its image in the 
t-plane. Now we erect on a, in 8, a circular two-gon %, with second 
boundary arc a, with such a small angle 2/2" that %, is still in Y,. Then 
the image 6 of 8, on} is in 11 and the image 8’ of B, in the ¢-plane is 
in Ul’. This mapping is given by ¢,(t). Now we shall prove that there are 
holomorphic functions 


s* = g(s),  s* = G(t) (12.6-17) 


such that the first maps the circle &, onto a region $*+@G* and the 
second 4+%’ onto a region 4*+%* such that 

1) A*+8*+G* constitutes an open disc &,.,3 

2) s* = g(s) maps %,, onto B* and G, = K,—¥B, onto &*; 

3) s* = G(t) maps ¥’ onto B* and A’ onto A*; 

4) in %’ holds the relation 


G(t) = g(¢,(t)). (12.6-18) 


This construction is visualized in the schematic figure (12.6-7). 

First we map by means of t, = A,(t) the simply connected region 
A’ +8’ onto a circular disc A’ +1, such that the centre of the disc is 
in the interior of A’’. Then the mapping as given by 


t, = A,(%,(s)) = 91(s) (12.6-19) 


relates 6, conformally to Bi’. This mapping may be extended by em- 
ploying the symmetry-principle of section 10.1.4 to 8,, which is the 
reflected image of 6, with respect to a,. The image of 8, in the r,-plane 
is By, the mirror-image of ¥{ with respect to a’’, the image of a. The 
region A’ + Bi’ + BY is simply connected and can be mapped by means of 
t, = A,(t,) onto a circular disc 4’ + Bj’’ +84” such that the centre of 
the disc in A’”’. Then the mapping 


tz = A2(9,(s)) (12.6-20) 


relates the two-gon §,+%, with angle z/2”~* and the sides a, and a, 
to %i''+%y". Applying again the symmetry principle the mapping 
can be extended to 83, the mirror-image of 6, -+%8, with respect to a; 
and the image is 83’, the mirror-image of 64’ +84’ with respect to a’”. 
The region A’” + 81 + 83’ +84’ is simply connected and may be mapped 
onto a circular disc. We proceed in the described way and after r steps the 
disc St, is wholly covered by two-gons. As a consequence we have two 


mappings 
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U, 


Fig. 12.6-7. The construction of the functions (12.6-17) 


s* = A,,,A,...A,A,(t) = G(2), 
s* = Ari Ay sere A, A: §,(S) = g(s), 
with the properties: 

G(t) maps A’ and 8’ onto A* and $* = BY*”; g(s) maps B, and 
G, = 8, +83, +...+ 8,4, onto BF = BY” and G* = BY*” + 
BYtDa 4+ BCr”; A*+B*+G* is an open disc. Thus the properties 
3), 2) and 1) listed above are verified. 

From (12.6-21) follows 


9(9,(t)) = Ary, 4,-.- Az A, OC 9x(t)) = A,,,4,---Ai(t) = G(t) 


(12.6-21) 
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in 8’. This is the property 4). 
The function 


s* = g(s) = 9(9,(P)) = 9*(P) (12.6-22) 
maps £, onto 8*+@* and the function 
s* = G(t) = g**(p) (12.6-23) 


maps 4+ 8 onto 4*+%*. If p is in G then g*(p) and g**(p) are defined 
and we have 


g*(p) = g(s) = 9{9,(t)) = G(t) = g**(). 


Now g*(p) is defined throughout £,, g**(p) throughout 4+%. Hence 
the one is an analytic continuation of the other and they combine to 
a function 


se = Pn+1(P) 


which maps E,,, = E,+4A onto the disc &%,,,. Thus we proved 

The interior of every of the infinitely many of the parts E, = Ay+... 
+A, of an open covering surface § can be mapped one-to-one and confor- 
mally onto an open disc &,. The boundary of E, corresponds one-to-one 
and continuously to the circumference of &,. 

The mapping functions of £,, E,,... were denoted by @,()), 92(p), 
..., respectively. If we take a point 0 in the interior of 4, we can nor- 
malize them by 

9,(0) = 0, 9,(0) = 1, (12.6-24) 


where the prime denotes differentiation with respect to the locally uni- 
formizing parameter. 
Now we form the functions 


1,n(8) = 9(,(s)), n=1,2,.... (12.6-25) 


They are holomorphic in 8&,, univalent and normalized at s = 0. By 
virtue of a theorem of section 11.2.6 (consequence of (11.2-28)) they 
constitute a normal family. Hence we may extract from (12.6~25) a 
subsequence which converges in the interior of 8, to a univalent function. 
The same may be asserted for the sequence 


Pi(P)s P2(P)s ++» (12.2-26) 
containing a subsequence 
Pi(P), 92(P), + - - (12.6-27) 


which converges in the interior of E, to a univalent holomorphic function 
@o(p). Since we may suppose that &, is again in the s-plane we can 
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construct the functions 


2,8) = PAP2(s)), n= 1,2,.... (12.6-28) 


As above we may extract a convergent subsequence which yields a 
sequence 


Pi(P)s P2(P)s + 5 (12.6-29) 


converging throughout £, to a function whose restriction with respect 
to E, is @9. Accordingly we denote it also by @. 
By repeating the process we obtain by applying the diagonal principle 
the sequence 
Pi(P), P2(P),-- « (12.6-30) 


where oi (p) is defined throughout £, if k = n and converges to Qo there. 
Since the £, exhaust the surface §§ we see that @(p) is univalent on Ay 
and maps % onto a region § in the s-plane. It is easy to see that St must 
be simply connected and is, therefore, conformally equivalent to a 
normal region. However, the extended plane must be excluded, since a 
is not a closed surface. 

It remains to consider the case that % is closed. Then § consists of 
£,, and a closing triangle A which has three sides in common with E,. 
We puncture 4 by an interior point q. The remaining part of $ is a simply 
connected open surface Ko which can be mapped onto the finite plane 
or onto an open disc. We wish to show that the latter case cannot occur. 

Suppose that § is composed of E+ A, where E contains the point o and 
A the point q. Let E’ be the image of £ and A’ that of A minus q; we 
assume that s = 0 corresponds to 0. By St’ we denote a disc about 
s = 0 which is included in E’. Then 4’ is outside this disc. The function 
w = 1/s maps A’ on a bounded region of the w-plane. It follows from 
Riemann’s theorem (section 2.8.3) that the singularity of a function 
regular near q is removable, for the function is bounded. Let q” denote 
the image of q in the w-plane. Suppose now that the image of the punc- 
tured surface were the interior of a disc St in the s-plane, hence the 
exterior of a disc %”’ in the w-plane. A sequence of points pj’, py, ..- 
outside 8” and having an accumulation point on the circumference 
corresponds to a sequence ,, )2,...on % and it has also an accumulation 
point, since % is closed. This can only be the point q, for any other 
accumulation point on ¥ would lead to an accumulation point in the 
interior of &”’, because the mapping is continuous. Hence q = lim, Pn 
and, as a consequence, g” = lim,.,.p,. The accumulation point of the 
sequence pi’, p},... can be selected arbitrarily on the circumference of 
&’’. Hence to q must correspond infinitely many points q’’ and this is 
impossible. There is no contradiction if the radius of &” is zero and q” 


330 ANALYTIC FUNCTIONS- RIEMANN SURFACES (12 


the origin. Returning to the s-plane we find that the radius of & is infinite 
and thus $} corresponds to the extended plane. This concludes the proof 
of the fundamental uniformization problem. 

Consider now a triangulated Riemann surface % of an analytic function 
w = F(z) covering the z-plane. This function is a collection of function 
elements w = f(z) such that w and z may be interpreted as meromorphic 
functions 


w=w(p), z= 2(p) 


on the surface, meromorphic in terms of a locally uniformizing parameter. 
Next we consider the universal covering surface $} and the projection 
mapping a 
p = x(p). 
This mapping is conformal. Finally we can find a variable s in a canonical 
region Jt such that p = Po(s) is a conformal mapping of N onto . 
Hence we can find two functions 


(s) = 2(n(Go(s))), Ws) = w(n(Go(s))) 


which are related by w = F(z). Since an algebraic Riemannian surface is 
triangulable, we see that every algebraic function can be uniformized. 


12.7 - Deformation of paths 
12.7.1 — THE PARAMETRIZED PATH 


The last theorem of section 12.1.6 states that the result of analytic 
continuation along a curve is not affected by a small deformation of this 
path. The question rises what happens when an arbitrary deformation is 
performed. In order to give a satisfactory answer to this question, it is 
necessary to formulate a precise definition of the conception of deforma- 
tion, notwithstanding the fact that this conception is intuitively extremely 
simple. But it should be noticed that a continuous map of a line segment 
does not always resemble the naive impression of a curve. Indeed, it is 
possible, for instance, to map a segment continuously onto a square 
(curve of Peano-Hilbert) and thus caution is needed. It is, however, a 
pleasant experience that assertions about deformation of curves which 
are intuitively quite clear, turn out to be true if they are based on logical 
reasoning. It is our intention to give an idea how this may be done. 

First we focus our attention on the notion of path. Consider the set of 
continuous mappings of closed intervals a < t < b into an open set Y 
of the z-plane. We shall say that a continuous mapping y, of the interval 
4; StS bd, into MW is equivalent to a continuous mapping y, of the 
interval a, < t < b, into YW if 
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t-—a 
yi(t) = Y2 (a+ b : 


(,-4;)), a,StSb,. (12.7-1) 


1741 
It is easily verified that a relation of this kind has the usual properties of 
an equivalence relation. A parametrized path, or briefly a path, in A is 
defined to be an equivalence class of continuous mappings of closed 
intervals into Y. That isto say, we shall not distinguish between equivalent 
mappings. 

Given a mapping of a S$ t S b into YU we can always find an equivalent 
mapping of the unit interval 0 < ¢ < 1 into 2. Unless otherwise stated 
we shall take as a representative mapping for each path a continuous 
mapping of the closed unit interval. It is clear that equivalent mappings 
of this interval are identical. Hence a path is wholly characterized by a 
function y(t) defined on 0 < ¢ S$ 1 with values in 2. Therefore, the path 
may be denoted by the symbol y. The set of all points z = y(t) is called 
the carrier of the path. Different paths may have the same carrier. In fact, 
let u(t) denote a non-decreasing continuous function with (0) = 0, 
H(1) = 1. In general the points y(t) and y(u(t)) are different, but the 
whole collection of image points is in both cases the same subset of 2. 

The point (0) is called the initial point of the path y and y(1) the 
end point. A path is said to be closed, or a loop, if the initial point and the 
end point coincide, i.e., if y(0) = y(1). A path is said to join the points 
Zo and z, if y(O) = Zp) and y(1) = Zz. 

It is an important fact that a certain algebraic combination can be 
carried out for paths, viz., the multiplication. Consider two paths y, and 
Y2, such that the end point of y, coincides with the initial point of y,, 
Le., yy(1) = y2(0). Now we define a path y by means of the mapping 


y,(2t), O<1t<4, 
(1) = 71( ) ier 
y2(2t-1), $8t81, 


where ;, and y,, originally defined as functions on the interval 0 <1 < 1, 
are replaced by equivalent mappings of suitably chosen intervals. The 
mapping (12,7-2) defines a path y which is called the product of the paths 
y, and y, and written as 


(12.7-2) 


Y= %2M1- (12.7-3) 
Notice that in (12.7-3) the product does not mean the product of two 
functions in the usual sense. However, there will be no fear for confusion. 
It is clear that a product is not always defined and, if so, the order of the 
factors is essential. 
If y(#) defines the path y, then the path defined by »(1—2) is called 
the inverse of y and denoted by y~+. It is clear that 


(yy t=». (12.7-4) 
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In addition we have 
(y2¥1)' = 71 'P2'- (12.7-5) 
In fact, it follows from (12.7-2) that 


oe; y2(1 —21), 0 s t = 3, 


oe ¥1(2— 28), $StS1, 


which defines yj‘yz'. 

A constant path is defined by a constant function y(t), ie., y(t) = Zo, 
0 < t < |; its carrier consists of a single point and, evidently, the path is 
equal to its inverse. 


12.7.2 - HOMOTOPY 


Consider two paths y, and y, in an open set Y joining the points Zp 
and z,. We shall say that y, can be deformed continuously into y, if 
each point ,(t) of the first path (1 being fixed) can move along a path 
o,(u), 0 S u <1 to y,(t) inside Y. The function 9,(u) = e(t, u) will be 
supposed to be a continuous function of both variables t and u. The 
function g(t, u) is such that 


= = <t< 
a6 )=n eN=n), OStSL Goa 
p(0, u) = 2, g(l,u) = 2, Osusl. 


The initial point and the end point remain fixed during the process of 
deformation. 

Geometrically the meaning of the deformation of y, into y, is that 
there is a continuous function g(t, u) which maps the unit square ©: 
018 1,0 Su S11 into the set Y in such a way that the lower side of 
the square is mapped as the path y, and the upper side as the path y,; 
the vertical sides are mapped onto z, and z, respectively, (fig. 12.7-1). 
The function g(t, u) will be called the deformation function, briefly the 


Fig. 12.7-1. Deformation of a path 
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Fig. 12.7-2. Linear deformation of a path 


deformation; the path 9, joining y,(t) to y2(t) is a deformation path 
and the square © the deformation square. The image of a horizontal 
segment connecting two points on the vertical sides of € is an intermediate 
path; the image of a vertical segment joining two points on the horizontal 
sides is a deformation path. 

A particular, but nevertheless very important instance of a deformation 
is the linear deformation which can be defined if every point y,(t) can be 
connected with y(t) by a rectilinear segment included in 2 (fig. 12.7-2). 
Then a deformation is given by 


p(t, u) = (L—u)yi(t) + uya(t) (12.7-7) 


and the fact that this function is linear in u explains the name. 
If the path y, can be deformed into the path y, we shall say that y, 
and y, are homotopic. We write this as 


1 Y2- (12.7-8) 


The homotopy relation between parametrized paths is an equivalence 
relation. 
1) First we have 


yey. (12.7-9) 
This is clear from the identity deformation 
g(t, u) = y(t), O0<ts10sui, 


which arises from (12.7-7) if we set y(t) = y2(t) = y(t). In this case 
the deformation paths are single points. 
2) Secondly 


Y; © ¥2 implies y, % 7,. (12.7-10) 
Indeed, if g(t, u) is the deformation of y, into y,, then g(t, 1—u) is 
the deformation of y, into y,. The deformation paths of the second 


deformation are the inverses of the deformation paths of the first defor- 
mation. 
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3) Finally 
1 © Y2,%2 & 3 implies y, ¥ y3. (12.7-11) 


Let ~,(t, u) denote the deformation of y, into y, and ,(t, u) that of 
y2 into y3. Then 


nu) = (21624), OS u S4, 


o( \g,(t,2u-1), 4<ust 


is a deformation of y, into y3, for g(t,0) = 9,(t,0) = 7,(t), @(t, 1) 
= @(t,, 1) = y3(t). The deformation paths of the resulting deforma- 
tions are the products of the deformation paths of the first and the 
second deformation. 

An intermediate path defined by (t, ug), where ug is a fixed number, 
0 S up S 1, is homotopic to the original path. 

In fact, the path y defined by g(t, up) is homotopic to y, as follows 
from the deformation w(t, u) = ¢(t, uuo). 

A reparametrization of a path y is another path, obtained if we replace 
the parameter ¢ by a non-decreasing continuous function y(t),OSt<1, 
with (0) = 0, u(t) = 1. The reparametrized path is defined by the 
function »(u(2)). 

A reparametrized path is homotopic to the original path. 

In fact, the deformation function may be taken as 


p(t, u) = y((1—u)t+up(t)). (12.7-12) 
It is clear the new path is identical with the original path if and only if 
H(t) = t. 


12.7.3 - THEOREMS ABOUT HOMOTOPY 


Because of the parametrization of the paths the multiplication as 
defined in section 12.7.1 is not associative. If y;, yz and y3 are given 
paths such that the product y3(y27,) is defined, then also the product 
(y3¥2)y, has a meaning. But for the constructions of y,y, we map 
the intervalsO S$ ¢ < 4,4. tS 1 and for the construction of y3(y271) 
we map the intervals OS ¢54,+5t54,4St 1. On the other hand, 
for the construction of (y3y2)y,; we map successively the intervals 
OSt<4,4S1S } and? < t < 1. However, since they differ only in 
parametrization (fig. 12.7-3), they are homotopic, i-e., 


3(7271) © (73¥2)¥1- (12.7-13) 


This may be proved by writing down explicitly the function which 
performs the reparametrization. The path on the left is defined by 
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V2 3/4 


% 


Fig. 12.7-3. The associativity of the product of paths 


y,(4t), Ostsi, 
v(t) = \ (4-1), 45¢S4, 
y,(2t-1), 485tS1 
Now we introduce the function, (fig. 12.7-4), 
(3% Ostsh, 
Mih=jt-4, 4 ¢StSi, 
Then 
y1(2t), 0 ax t Ss 3, 
y(n) = yp(4t—-2), 45153, 
\y3(4t—-3), 38t81, 
and this function defines the path on the right of (12.7-13). 
L(t) 
t 
6) Yo V4 1 


Fig. 12.7-4. The function x(¢) used for the proof of (12.7-13) 
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Suppose we are given the paths «, , x, and f,, B, such that the products 
a,%, and Bf, have a meaning. Then we may state 


a, ~ B,,%, ~ B, implies o,0, ~ B,f,. (12.7-14) 


Let —,(t, «) denote the deformation of «, into a, and ,(t, u) that of 
B, into B,. Then 


0 
p2(2t—1, u), $ 


is the deformation of «,¢,, given by @(t, 0), into 6,8, given by p(t, 1). 
Next we have 


v1 % y2 implies yp! © y2'. (12.7-15) 


Indeed, if g(t, u) defines the deformation of y, into y, then (1-1, u) 
is the deformation of y,;' into yz". 

Let 1,, denote the identity path y(t) = 29, 0S¢< 1. If y is a path 
issuing from z) we have 


yoy & Lig (12.7-16) 


i.e., a path percorsed successively into two directions can be shrunk 
into its initial point. The deformation is performed by the function 


— | (2e(1—w)), Osts}, 
pth) x2(1—1(1 —w)), ters, 


for g(t, 0) is actually the product y~*y and g(t, 1) = y(0) = Zo, for 
Ostsl. 
In quite the same way we may prove that 
yy ' w 1, (12.717) 


if the carrier of 12, is now the end point of y. Indeed the deformation 
function is now 


_{v(i-2Y(1-u)), OStS4, 
4) =la-d-w), $5051. 
Finally we have 
yi, & (12.7-18) 


if > is the initial point of y. 

This is a consequence of the fact that the path on the left is a repara- 
metrization of the path on the right, for if we introduce the function, 
(fig. 12.7-5), 
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then 


(21 1), ¢8¢81, 


and the function that defines the product of the paths 1,, and y is deter- 
mined by yo(t) = »(0), OS ¢ $43 and y(27-1),4 St 1. 
In a similar way we may prove 


1.4.7 2, (12.7-19) 
if z, is the end point of y. This is performed by the reparametrization 


[2 ost, 
ue) = {7 $<t<l 
(fig. 12.7-6). 


It should be noticed that the multiplication of paths as defined in 
section 12.7.1 is applicable not to all pairs of paths in the set YF, but 


u(t) 


0 V2 1 t 


Fig. 12.7-6. The function y(t) related to the proof of (12.7-19) 
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only to those pairs for which the end point of one and the initial point 
of the other coincide. To make multiplication possible for all pairs of 
paths under consideration we must constrict ourselves to the set of paths 
beginning and ending at the same point 2), the base point of the set. In 
this respect the following theorem is useful. 

If y, and y2 are any two paths joining the points zo and z, then y, is 
homotopic to y, if and only if yyy, is homotopic to 1,,- 

Applying the previous result we may conclude that if yy'y, ~ 1,, 
then yy © Paleo © P2(y2 ‘P2) © (Y2v2')v2 © Le, Y2 © Y2- Conversely, if 
Yi © yo then yo’ yi © 2 Y2 * Li 

For this reason it is sufficient to study the homotopy of closed paths. 


12.7.4 - HOMOTOPY AND ANALYTIC CONTINUATION 


A fundamental theorem in the theory of analytic continuation gives an 
answer to the question posed in the beginning of section 12.7.1. It states 

Let zy and z, denote two points in an open set X and let (fo, Xo) be a 
function element defined in a disc with centre Z). Assume that this element 
is continuable along every path joining z) to z,. If y, and y, are two 
paths joining these points then analytic continuation along y, leads to 
the same function element (f,, ®,) at z, as analytic continuation along 
Y2, provided that y, and y, are homotopic in A. 

Let (7, u) denote the deformation of the path y, anto y, and denote 
by » the path defined by @(z, ug), where up is fixed. Since ¢(t, u) is uni- 
formly continuous on the deformation square €, to a given number 
é > 0 corresponds a number 6 > 0 such that 


lo(u, t)— (uo, )| <8, (12.7-20) 


provided that |w—u | < 5. By hypothesis continuation is possible along 
every path g(t, u) (uw being a fixed number from the unit interval). 
With reference to the last theorem of section 12.1.6 we may conclude 
that analytic continuation along y and along every path defined by 
g(t, u), where u satisfies (12.7-20), leads to the same element at z,, 
provided ¢ has been chosen sufficiently small. Hence € can be covered 
by horizontal open strips having the property that all segments within 
the same strip are mapped onto paths along which continuation leads 
to the same final element at z,. By the Heine-Borel theorem already a 
finite number of such strips cover ©. Thus it appears that continuation 
along y, can be performed by means of a finite number of intermediate 
Steps, starting with a continuation along y,. This concludes the proof of 
the theorem. 

This theorem gives us information about the reason why the product of 
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Fig. 12.77. Analytic continuation around two singular points 


two paths is not necessarily commutative, also if these paths are loops 
beginning and ending at the same point z). We consider an algebraic 
function defined by f(z, w) = 0. Analytic continuation about a path 
consisting of a small circumference y, about a critical point a together 
with two segments 1, 4~! joining zo to the nearest point of y,, i.e., the 
loop A7‘y,A, (fig. 12.7-7), effects a permutation 2, of the roots of 
f(z, w) = 0. Similarly, analytic continuation along a path y, of the same 
kind surrounding another critical point 6 effects a permutation 7y,. 
In general 1,7, #4 7,7, i.e., the product of the paths in a certain order 
needs not to be homotopic to the product with factors interchanged. 

We apply the above theorem to a special function. We assume that the 
set U does not contain the point at infinity. If ais a finite point not belonging 
to YU, a branch of log(z—a) defined in a neighbourhood of a point zy of U 
is continuable along every path in %. If y begins at z) and ends at z, 
then the analytic continuation along y gives rise to a continuous function 
log (y(t)—a) and so is arg(y(t)—a), being the imaginary part of this 
function. It is clear that 


arg (»(1)—a)—arg (y(0)—a) (12.7-21) 


is the increment 27iQ,(a) of the argument of z—a along y (section 2.2.1) 
and @,(a) is the winding number of a loop » with respect to a if y 
begins and ends at Z). In view of the previous theorem we have 

The winding number of two homotopic loops with respect to a point a 
outside XM are equal. 

This assertion fails to be valid if 2{ contains the point at infinity, for 
then log (z—a) cannot be continued along every path in 2. 

Since homotopy is an equivalence relation it is natural to collect all 
paths homotopic to a given path y into a class C, the homotopy class 
of y. The class is determined by any of its elements. If we wish to exhibit 
the generating path y we prefer to write {y}. It is clear that the number 
denoted by Q,¢(a) makes sense if we define it as 2,(a) where y is any 
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generator of C. Thus it is not important whether C denotes a path or 
a homotopy class. It depends on the particular circumstances which 
interpretation is to be preferred. 

By the same reason analytic continuation along C can be defined as 
analytic continuation along any path belonging to C. It must be supposed, 
of course, that analytic continuation is possible along each path of C. 


12.7.5 — THE HOMOTOPY GROUP OF A REGION 


In order to make multiplication possible for all pairs of paths under 
consideration we shail restrict ourselves to the set of paths beginning and 
ending at a given point Zp of the open set 2{. We have already introduced 
an algebraic structure in this set of paths but this will become more 
manageable if we consider homotopy classes rather than separate loops. 

The product C,C, of two classes C, and C, generated by the paths 
y, and y, respectively is defined as the class defined by y.y,. It follows 
from (12.7-14) that the product is determined by the classes C, and C, 
only. 

The associativity is a consequence of (12.7—13). It is not claimed that 
the product is commutative. The class generated by a loop homotopic 
to 1,, will also be denoted by 1. Then (12.7-18) and (12.7-19) assure 
that this class is a neutral element with respect to multiplication, or a 
unit. Finally it is clear that every class C has an inverse C~! generated 
by y~/ if C is generated by y. This assertion is based on (12.7-16) and 
(12.7-17). Thus we have 

The homotopy classes of the loops beginning and ending at a point zo of 
the set U constitute a group F,, with respect to the multiplication as defined 
above. 

It appears as though the group depends on Zp selected as base point. 
This is not true if we assume that 2 is a region $f. Then we can prove that, 
if another point z, is selected as base point, the group F,, and F,, are 
isomorphic. Since St is arcwise connected there is a path 4 joining zo 
to z,. If Cis a class of F,, generated by the path y we associate to it a 
class ACA~* being the class of F,, generated by AyA~*. This correspond- 
ence is a homomorphism, for if C, and C, are in F,, then the product 
AC,A“1 ACA! = AC, C,A™" is in F,, and corresponds to C,C,. 
Interchanging the roles of zy and z, we have to replace A by 4~' and thus 
it appears that the correspondence between F,, and F,, is one-to-one, 
i.e., an isomorphism. 

The isomorphism between F,, and F,, depends on the path joining 
Zo to z,. If z) = z, and 1 a loop beginning and ending at z, then 


ACA) = {AyA7"} = LCL 
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where L is the class generated by A. The correspondence between C and 
LCL7' is an inner automorphism. 

Since F,, as an abstract group does not depend on zy) we may denote it 
simply by F. It is called the homotopy group of the region R. 

If f is a continuous mapping of a region §t into a region R' then f induces 
a homomorphism of the homotopy group F of % into the homotopy group 
F’ of ®. 

To every path y in ® corresponds a path f(y) defined by the function 
f(y(2)) in R’ and if y is a loop beginning and ending at z, then f(y) 
is a loop beginning and ending at f(z)). Further, if g(t, u) is a defor- 
mation of y, into y, in R then f(o(, u)) is a deformation of f(y,) into 
S(y2) in KR’. Finally f(y.) = (72) (1) as follows immediately from 
(12.7-2). Hence the correspondence induced by f is a homomorphism 
of F,, into Fyi,)- 

The homotopy group of the region ®t is a topological invariant. 

This means that if the regions §t and §’ are homeomorphic their 
homotopy groups are isomorphic. This is a direct consequence of the 
previous theorem, for if f is a homeomorphism then f~! is a continuous 
mapping of ®t’ onto ® and the correspondence between F,, and Fyyzg) iS 
one-to-one. 


12.7.6 - HOMOTOPY AND HOMOLOGY 


In the theory of integration the relation of homology between chains 
plays a dominating part. Moreover, chains are formal sums of paths. 
It is our intention to show that there is an intimate connection between 
the conceptions of homotopy and homology. 

Let denote a region in the finite z-plane. By N we denote the set of 
all homotopy classes C whose winding number Q,(a) with respect to 
every point a outside t is zero. If A and B are two elements of the set 
then it follows from (12.7-21) that Q,-14 = Q4—Q, = 0, that is, B~'A 
is also an element of the set. Hence 

The set N of all homotopy classes of a region Rt whose winding numbers 
with respect to the points outside Rt are zero is a subgroup of the homotopy 
group. 

In addition we have 

The group N is an invariant subgroup of the homotopy group F. 

In fact, if C is an arbitrary element of the homotopy group F and A 
an element of N then Qeyc-1 = Qc+24—Qe = Q, = 0 ie., CAC™! 
belongs to N. 

Now we shall say that the classes A and B are homologous if B™'A 
belongs to N, that is to say that Q, = Q,. We may write this as A ~ B. 
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The multiplication of classes is commutative with respect to the homology 
relation. 
This is a direct consequence of 


Qya = Q,+Q, = 234+ 24 = Qay 
ie., 
AB ~ BA. 


If « and £ are generators of the classes A and B respectively this relation 
states that the winding number 2, of the product fa is equal to the 
winding number of «8 and we may say that Bx ~ af. By this reason the 
group operation may be written additively. Since the group N is an 
invariant subgroup, it is natural to collect all homotopy classes which 
are homologous to a given class C into a class [C] and we may define 


[4]+[B} = [4B]. 


These classes constitute a commutative group the factor group F/N 
of F modulo N, It is called the homology group of the region RR. 

Thus we have found a more abstract approach to the notion of homo- 
logy and the question rises whether the theorems about integration may 
be interpreted in terms of this new notion. This will be the subject matter 
of the next section. 


12.7.7 — INTEGRATION 


First we recall (section 2.11.4) that if is a simply connected region 

then every function f(z) holomorphic throughout possesses a primitive, 
i.e. there exists a (single-valued) function F(z) with F’(z) = f(z). This 
assertion fails to remain valid if §t is not simply connected. But we can 
introduce a similar notion which has a meaning in every region. 
Let y denote a path joining the points z) and z, of a region Wt and let 
J(z) be a function holomorphic throughout $i. We shall say that the 
funtion g(t), OS t <1, is a primitive of f(z) along y if it satisfies the 
following condition: for every fo in the unit interval there exists in a 
neighbourhood of the point y(f9) in 8 a primitive F(z) such that 


g(t) = F(y(), (12.7-22) 
if ¢ is sufficiently near t). We shall prove that such a primitive always 
exists. 

Because of the uniform continuity of y(t) we can find a finite number 
of points in the unit interval 


fH =O<t, <...<4,=1, 


such that for every t,,k = 1,...,m, the function y(t) maps the segment 
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t,-1 St S t, into an open disc &,. Since this disc is simply connected 
there exists a primitive F,(z) of f(z). The intersection of two consecutive 
discs %,-, and %,, kK > 1, is not empty, for it contains the point y(t,_ 4) 
and it is again simply connected. It follows that F,(z)— F,,_ ,(z) is constant 
throughout this intersection. By adding a suitable constant we even have 
F(z) = F,—,(z) throughout the intersection. Now we define a function 
g(t) by means of 


gt)= Fr), t-1yStSth,k=1,..,0. (12.7-23) 


It is an easy matter to verify that this function is continuous on the unit 
interval. This proves the existence. 

A primitive of this kind is determined up to an additive constant. Let 
9;(t) and g,(t) denote two primitives of f(z) along the path y. Since two 
primitives of f(z) in a disc differ only in a constant we may conclude that 
92(t) —g,(t) is constant in a neighbourhood of every fy of the unit interval. 
We express this by saying that g,(t)—g,(t) is locally constant. The set of 
values of ¢ for which g,(t)—g,(t) = g2(0)—g,(0) is evidently open and 
closed. On the other hand, because the unit interval is connected the set 
under consideration coincides with the unit interval. Summing up 

A function f(z) holomorphic throughout a region R possesses along 
every path y a primitive g(t), being a function such that for every to there 
is a primitive F(z) of f(z) in a suitably chosen neighbourhood of y(to) 
for which (12.7-22) holds. 

Let now y denote a smooth path joining z) = (0) to z, = y(1) 
According to (2.3-25) the integral of f(z) along a path y is 


[roa =| roomea=¥ [" Rowe 


= ¥ Fulv(t))—Fulr(te-1))) = Falo(t)) -F l(a) = (1) a0), 


If y is piecewise smooth we obtain the same result by adding the contri- 
butions of the separate parts. 

The condition of differentiability does not enter into the definition of 
primitive along a path. Hence we may define 


[ reac = g(1)—g(0), (12.7-24) 


where y is any path joining zy) = y(O) to z, = y(1), not necessarily smooth 

In this connection it is interesting to investigate the behaviour of an 
integral if the path of integration undergoes a deformation. To this end 
we introduce the conception of primitive g(t, u) of f(z) with respect to 
the deformation p(t, u), satisfying the condition: 
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For every point (tg, uo) in the deformation square © there exists a 
neighbourhood of o(¢o, uo) in R such that, if F(z) is a primitive of f(z) 
in this neighbourhood, we have 

g(t, u) = F(ptt, u)) (12.7-25) 
for all (t, u) sufficiently near (fo, up). 

The existence of a primitive of this kind may be proved in quite the 
same way as the existence of a primitive along a path. We divide the 
deformation square into small squares ©,,): t,-,; StS t,, uj; SuS uj, 
k=1,...,n, /=1,...,n. Since g(t, u) is uniformly continuous we 
can take these subsquares so small that €,, can be mapped into an 
open disc &,,; within ®, on which a primitive F, ,(z) of f(z) is defined. 
Keeping / fixed, we observe that the intersection of %,_,,, and &,, 
is not empty. By adjusting constants we may conclude that F,_,,,(z) 
= F,,,(z) within this intersection and for u;., S u S u, we obtain a 
function g,(t, u) such that for every k we have 


gt, u) = F,,(t, u), th, StSh,u-;~Susuy. 


{t is readily shown that g,(t, u) is continuous in the rectangle 0 S ¢ < 1, 
u,-1 S u S u,. Every function g, is determined up to an additive constant 
and by adjusting constants we may conclude that g,_,(t, u) = g,(t, u) if 
u = u,. Let now g(t, u) denote the function defined by the condition that 


gtuy=g(t,u), LSlsn, 


if uj, S u S u,. It is the desired function. Now we are sufficiently 
prepared to prove 
If 1 ® ¥2 then 


| S(O)ae -{ f (dé. (12.7-26) 
In fact, according to (12.7-24), 


[ F(Ode = g(1, 0)—g(0, 0), 


[ seat = 014, )-006, 0. 
y2 
The truth of the assertions follows from 


g(1, 0) = g(i, 1), g(0, 0) i 9(0, 1). 
The following theorem brings the theory of this section in line with the 
considerations of section (2.5.2). 
The value of the integral 


| pear (12.7-27) 
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of the holomorphic function f(z) in a region §t in the finite plane along a 
closed path y is zero if y is homologous zero. 
As we pointed out in section 2.4.5 the path y can be approximated by 
a polygon y,, whose vertices are on y. Since this polygon can be linearly 
deformed into y its winding number, being the integral 
(eee, (12.7-28) 
2niJ,, ¢-a 
is equal to the winding number of © with respect to every a outside Jt. 
Hence y, ~ 0 and from Cauchy’s theorem of section 2.5.2 follows the 
truth of the assertion. 
If y generates the homotopy class C and the homology class [C] the 
integrals 


[soa | peoae 


can be defined by (12.7-24). Hence it is rather indifferent whether C 
denotes a path or a class. 

As we pointed out in section 12.2.5 integration of an analytic function 
may be defined by analytic continuation. Since analytic continuation is 
possible along any continuous path we need not suppose that the path 
is (sectionally) differentiable. We wish to clarify some details which will 
find application in subsequent sections. 

Let F(z) denote an analytic function defined throughout a region #t and 
let Z), 2, denote two (not necessarily different) points connected by a 
path y in 9. We consider a function element f,(z) of F(z) in a neighbour- 
hood of Zg. It possesses a primitive © (z) which is uniquely determined 
if we assign a given value to it at z). Starting with ®)(z) we are led by 
analytic continuation along y to a uniquely defined element ©,(z) in the 
vicinity of z,. According to the first theorem of section 12.2.2 its derivative 
J,(z) is obtained by continuing analytically f(z) along y. With this in 
mind we define 


[ Pode = 0,(2,)- 20). (12.7-29) 


It should be noticed that the expression on the left makes sense, 
provided we have assigned the function element at zo. 

Now we may ask what happens if y is replaced by its inverse y~', 
assuming that » is a loop beginning and ending at z). Analytic continua- 
tion of ®,(z) along y~! leads to ®_,(z) in the vicinity of zg, and, there- 
fore, 


[Fe ae = ©. (20) 0.(20), (12.7-30) 
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whereas the integral on the left of (12.7-9) is now ©,(z9)—®o(Zo). 

At first sight there does not seem to exist a simple relation between the 
two integrals under consideration. The situation is, however, extremely 
simple if y is such that by analytic continuation of fo(z) we are led to 
io{z) again, i.e., if y is closed with respect to analytic continuation of this 
element. In this case we may state 

If the loop y is closed with respect to analytic continuation of the function 
elements of the analytic function F(z) then 


| Fd = — [ rae. (12.7-31) 


Indeed, ®; = @)+c, where c is a constant and @_, = ®)—c. The 
integral on the left has the value ®_,(z9)-—@o(zp) = —c = —(@,(Z9)— 
®,(Z)). This concludes the proof. 

In the case that F(z) is a single-valued holomorphic function f(z) the 
equality (12.7-31) remains valid if y is not necessarily a closed path. 
Indeed, if g(t) is a primitive of f(z) along y then A(t) = g(1—d) is a 
primitive along y~! and 


[ feo. = W0)-140) = o(0)-a) = = [ par. 


A somewhat more general situation occurs if y is an elementary loop 
about z = z and F(z) admits of a multiplier there. This means that continu- 
ation of any element of F(z) leads to an element obtained from the one 
we started with by multiplying it by a certain constant €. It is clear that 
then ®,(z) = €,(z) and ®_,(z) = €~'@,(z). In this case we have 

If y denotes an elementary loop about z = a and if F(z) possesses a 
multiplier there, then 


[reac = -27 | reat. (12.7-32) 


Jy 
This follows from 
i _ FUe)de = & (Zo) —Bo(Zo) = (E71 —1) © (Z) 


—ENE—MOolen) = "| FO dé. 


Examples of functions with multipliers at isolated points have been 
considered in section 12.2.5. 

We proceed with the investigation of an integral taken along the 
product Ba of two loops B and «. If & is subject to a restrictive condition 
as stated below we have 
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If the loop « is closed with respect to analytic continuation of the function 
elements of the analytic function F(z), then 


i) F(Q)at = | Fact | Fae. (12.7-33) 
Ba B @ 


Let ®,(z) denote the function element obtained from ®9(z) by analytic 
continuation along « and ,(z) the element obtained from ®,(z) by 
analytic continuation along 8. Then ©,(z) is obtained by analytic con- 
tinuation along Ba from ®,(z). Hence 


[ Few = 4(29) — Bo(20) = ©3(zo) — (20) + y(20) — Fo(20). 
Now 
© (2) — (zo) = [ Fea. 


Let Y(z) be the element obtained from ® (z) by analytic continuation 
along f. Then 


¥(Zo)~ o(Zo) = J Fea 


Since « is closed with respect to analytic continuation of the elements 
of F(z) we have ®,(z) = @o(z)+c and @,(z) = ¥(z)+c. Hence 


P,(Z9)— (29) = Y(Zo)— o(Zo) = [ Fae 


This concludes the proof of the assertion. 

In the case that F(z) is a single-valued holomorphic function f(z) the 
equality (12.7-33) remains true if 8 and « are not necessarily closed paths. 
Indeed if g,(t) is a primitive of f(z) along « and g,(t) a primitive of f(z) 
along f then 


_ { G(2t), 0 
g(t) ~~ gs(2t—1), 4 


is a primitive of f(z) along Ba. According to (12.7-24) we have 


t 4, 
tsi, 


HA IIA 
WA IIA 


[ feat = a(1)—000) = o(1)-0(8)+068)-0(0) 
= ap(1)—94(0)+96(1)—0.00) = | #(Oae+ | F@at. 
B a 
Next we suppose that « and f are elementary loops about the points 


z=aand z = 5 and that F(z) possesses multipliers € and y at these 
points respectively. In this case we have 
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If « denotes an elementary loop about z = a and B an elementary loop 
about z = b, if further F(z) possesses a multiplier — at a and a multiplier n 
at b then 


le (Q)ae = Jr (f)do+é [Fo 


(12.7-34) 
{ Fae = [Foden | F(Odt. 


Jap 


By assumption f,(z) = €fo(z), whence ®,(z) = €@,(z) and %,(z) 
= €W(z). It follows that 


3 (29) — 8 4(20) = (¥(zo) —Bo(z0)) = E {i F(Odt, 
whereas 


®,(Z9)—Go(Zo) = [ Fox. 


The proof of the second equation (12.7—34) is quite the same. 

The following assertion is of particular interest. 

Under the assumptions of the previous theorem, if (b,,a,,b_,a_) 
denotes a Jordan-Pochhammer contour about a and b within a region Rt 
punctured at the points a and b and in which F(z) is arbitrarily continuable 
then 


(b+,0+,b-,a-) ¢ 
J Fat = 1-9} POAC) | FAC. (02.7-35) 
It is not difficult to see that the Jordan-Pochhammer contour (fig. 


12.2-9) is homotopic in Rt to the path «1B ‘af. By virtue of (12.7-34) 
and (12.7-32) we have 


Mees = [fe = [enter 
= [an] senf sel 
= [+n] -e[- [- a-9f -a-nJ 


A particular case is of some interest. Suppose that 
a b 
[roa [reat 
Zo zo 


exist, the first integral being taken along a path that does not encircle b, 
etc. Then, evidently, 
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[red = ["ra+e [Prac = a-9 |" FOat, 


[roa = (1=n) | Fede. 


It follows that 


a-9f -a-n[ = a-oa-n({'-[') = a-a0-n]. 


whence 


(b+, d+,b~,a~) b 
i Fa = (1-1—n) [ FEOAE.—_(12.7-36) 


A particular case of this formula is (12.2-45). 


12.7.8 — DETERMINATION OF THE HOMOTOPY GROUPS OF CERTAIN REGIONS 


For the applications we need the knowledge of the homotopy groups of 
certain regions which we shall consider in more detail. Let us first focus 
our attention on a convex region (section 2.2.1). 

The homotopy group of a convex region reduces to the unit element. 

This is almost trivial, for any loop y can be deformed linearly into the 
base point z9; indeed the base point can be joined to each point by means 
of a linear segment within the region. 

In particular the homotopy group of an open disc or of the finite plane 
or of the extended plane reduces to the unit element. 

Now we state the important theorem 

A region is simply connected if and only if its homotopy group reduces 
to the unit element. 

By Riemann’s mapping theorem of section 10.5.2 any simply connected 
region with at least two boundary points can be mapped conformly (and 
hence topologically) onto an open disc. If there is only one boundary point 
or if there is no boundary point then by a linear fractional transformation 
the region can be mapped onto the open plane or into the extended plane. 
In view of the last theorem of section 12.7.5 we conclude that the homo- 
topy group reduces to the unit element. 

Suppose now that # is not simply connected. Then its complement in 
the extended plane is not connected (section 9.1.3) and it has at least one 
finite component. As in the proof of the first theorem of section 9.1.3 
we may construct a path whose winding number with respect to a point 
in this finite component is not zero. Without loss of generality we may 
assume that # does not contain the point at infinity. Hence the path 
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mentioned above is not homotopic to 1, in contradiction to the assump- 
tion. This concludes the proof of the theorem. 

In particular we have again the monodromy theorem of section 12.2.3: 
If a function element (f, 8) can be continued along every path in a simply 
connected region then it generates a single-valued function defined through- 
out the region. In fact in such a region every two paths connecting the 
points z) and z, are homotopic. 

Next we consider in the finite plane a convex region from which 
one point is deleted. On applying, if necessary, a linear transformation, 
we may suppose that the region is punctured at the origin. We consider a 
circumference of radius r around the origin belonging to St. Let zy 
denote a point on the circumference. The circumference may be para- 
metrized as 


2ath=re’™", OStS1. (12.7-37) 


Let now » denote a loop within the region beginning and ending at zy. 
The deformation 


y(t) 
PG) 


deforms y into a path B whose carrier belongs to the circumference. By 
continuity every point f) in the unit interval 0 S$ ¢ < 1 has a neighbour- 
hood such that for all points within the neighbourhood 


|B(t)—B(to)| < 4r. 


Hence f(t) cannot take both the values zy and —Zp for these values of ¢. 


elt, u) = (1—w)y(t)-+ru 


Fig. 12.7-8. Determination of the homotopy group of a convex region from which one 
point is deleted 
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Fig. 12.7-9. Elementary loop about a point 


By uniform continuity we may divide f into subpaths f,,..., 8, such that 


B = BuBn-1 s -» Bi, 


where f,, kK = 1,...,n, either does not contain z) or —Z,. Let the ter- 
minal points of B, be denoted by z,_, and z,, (fig. 12.7-8). Now B, is 
in a simply connected region obtained if we delete from the points of 
the positive or the negative axis; hence it may be deformed into one of the 
circular arcs joining z,_,; to z,. Thus y is homotopic to a product of 
circular arcs a,,..., %,. Introducing rectilinear segments 1,,..., A,-1; 
joining zp to z,,...,2Z,-1 respectively we readily see that 


~1 -1 71 
Ys Oy An—1An=1 Cat x8 Ag OA, Ay Ars 


that is to say y is homotopic to a product of paths Ay 'a,A,-1, where Ay 
and 4, are constant paths with carrier z). Now by linear deformation such 
a path is either homotopic to 1,, or to a*', where denotes the circum- 
ference described in the positive direction beginning and ending at Zo. 
It is clear that « is not homotopic to 1,,, for 2,(0) = 1. Hence y is homo- 
topic to a power a” of «. Since a” = I,, entails m,2,(0) = 0, we find 
that m = 0 and we may infer that 

The homotopy group of a punctured convex region in the finite plane is 
the infinite cyclic group. 

Sometimes it is convenient to replace « by a so-called elementary loop. 
We connect the points z) = rand z = ¢ > 0 by means of a straight line 
segment A, then describe a circle about z = 0 with radius ¢ beginning and 
ending at ¢ and go back along 47! to Zo, (fig. 12.7-9). Since the winding 
number of this path with respect to the origin is again equal to 1, it is 
homotopic to «, and may, therefore, be taken as a generating element of 
the class A which generated the cyclic group. 
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Fig. 12.7-10. Determination of the homotopy group of a convex region punctured at 
several points 


We conclude this section by determining the homotopy group of a 
convex region from which the points a,,...,a,,” > 1, are omitted. 
We take a point such that no two of these are collinear with z, (fig. 
12.7-10). Next we take in the unit interval n+1 points 


f=O0<t, <...<4,=1, (12.7-38) 


dividing this interval into n parts. The path, being a map of this interval 
beginning and ending at Zo, is divided into n subpaths 7,,..., 7,5 
where the terminal points of y, are z,_, = y(ty-1), 2, = Y(t,), K = 1, 
..+, 7, Next we construct half rays issuing from z) and passing through 
Z15+++) Z,-1- By uniform continuity we can make the subdivision 
(12.7-38) so fine that between two consecutive half rays there is no more 
than one point a,,..., a, (if a half ray through r; passes through one of 
these points we omit it) and that they bound a convex region which is 
punctured at at most one point. 

Introducing the segments which join zp) to 2;,..., Z,-1, calling them 
Ay,-++;4n-1, We evidently have 


ye YnAn=1 aan Yaris Az yA ai ’ 


ie., y is a product of paths 4, *y,4,., where 4) and J, are constant 
paths at z,. It is clear that any path of this type is included in a convex 
angular region, containing z) and two consecutive half rays and no more 
than one of the points a;,..., a,- Hence, by the previous results either path 
is homotopic to a power of «;, where «, is an elementary path correspond- 
ing to a,. Since no power of such an elementary path is homotopic to zy 
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Fig. 12.7-11. Decomposition of analytic continuation along a circumference;enclosing 
singular points into analytic continuations along elementary paths 


we see that y is homotopic to a product of factors aj” and we conclude 

The homotopy group of a convex region in the finite plane punctured 
at n points a,,..., a, is the free group with n generators. 

By a similar reasoning we find the same result if, instead of points, 
small open discs are omitted from the region. 

A particular case deserves mention. Let « denote a circumference about 
Zp and including the points deleted from the finite plane. This circum- 
ference gives rise toa path A~ 4x4 where A denotes any segment joining zy 
toa point of the circumference. By dividing it into n parts, (fig. 12.7-11), 
we readily see that 


ATTKA RS Oy ee hye (12.7-39) 


Thus analytic continuation along the elementary paths a,,..., 4, taken 
in cyclic order yields the same result as analytic continuation along 
Atk. 


12.7.9 — SYMMETRIC EXPRESSION FOR THE EULERIAN BETA FUNCTION 


In section 12.2.6 we obtained a general expression for the Eulerian 
beta function (4.7-38), viz. the formula (12.2-45), valid for all values of p 
and q. If Rep > 0, Req > 0 it reduces to (4.7-38). This formula is, 
however, not symmetric with respect to the winding points of the inte- 
grand, for these are at z = 0, z = | and z = o and do not enter in a 
symmetric way in the formula. In order to find an expression in which 
these points play the same part, we perform a linear fractional trans- 
formation which carries these points into the finite points a, 6 and c. 
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The desired transformation is 
1,2 Eanes (12.7-40) 
(t—c)(b—a) 
Then, evidently, 
ere (t—b)(c—a) 
(t—c)(b—a) 


and 


el (a—b)(b—c)(c—a) sp 
(t—c)*(b—a)’ 


The integral on the left of (12.2-44) takes the form 
—(b—c)*(c—a)(b—a)?-*** x 
x Per aye Hey rey oP 
=(b—c)(c—a)(a—b) Pate MPFO x 
aa a 


The expression on the right of (12.244) is 


e!P(e™!? _ @—*P)oria(enia_ @—*ia) B( py, q)= —4e"?* sin xp sin xq V(p)I(q) 
T(p+4) 


With reference to (4.6-13) we may bring this into the form 
—4n7 eto 
r(i—p)P(1—a)l (p+) 
Let now r denote the number satisfying 
ptqtr=1. (12.7-41) 
Then (12.2-44) takes the form 


(b= c)P(c—a)(a—by | (ta) tea 
' ane a (12.7-42) 
— F(1=p)F(1=@)F(1= 1) 


where, for the time being, C denotes the image of the Jordan-Pochham- 
mer loop (6,,a@,,5_,a_). The symmetry will be complete if we can 
deform this loop suitably in the extended plane, punctured at the points 
a, b and c. In fact, the integrand occurring in (12.7-32) is regular at 
infinity. 
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Fig. 12.7-12. The path of integration for the symmetric expression for the béta 
function 


Let «, B and y denote elementary loops around a, b and c respectively. 
It is clear that the path C is homotopic to the product «~'f7+a8. On the 
other hand the result obtained at the end of the previous section states 
that Bay is homotopic to a closed path encircling the points a, b and c 
once. Since the exterior of a closed disc in the extended plane is simply 
connected this loop can be shrunk into a point and it follows that 
y ~ a 'B-', Hence C is homotopic to yaf and by a slight modification 
we may deform it into a path having the form of a clover leaf, encircling 
the points a, b and c once, (fig. 12.7-12). 


CHAPTER 13 


AUTOMORPHIC FUNCTIONS 


13.1 — Groups of linear transformations 


13.1.1 — COVERING TRANSFORMATIONS 


The functions which solve the problem of the uniformization of an 
analytic function have a remarkable property which can be brought to 
the fore if we consider the so-called covering transformations of the 
universal covering surface of a Riemann surface. 

A covering transformation of a triangulated universal covering surface 
& of a Riemann surface § is a homeomorphism of % into itself which 
maps each vertex p over ) onto another vertex lying over the same point 
p. Thus a covering transformation interchanges the vertices having the 
same trace on %. Moreover, it permutes sides lying above the same side 
of a triangle on %. 

The covering transformation which maps Pp, onto Pz is unique. 

Let p denote an arbitrary vertex on $ and let C, be a path from D, 
to D>. The path C, lies above a path C on 3. When p, transforms into 
Do, then C, goes into a path C, on % which starts at Do and also lies 
over C. Thus the end point of €, must be the uniquely defined image of p. 

The set of covering transformations of % clearly forms a group under 
the operation of composition of mappings. It is called the fundamental 
group of % and it can be proved that it is a topological invariant of %, 
ie., fundamental groups of homeomorphic surfaces are isomorphic. 

A direct consequence of the above assertion is 

A covering transformation which is not the identity has no fixed points. 

The fundamental group is properly discontinuous, i.e., there is a point 
on § which possesses a neighbourhood 1(q) such that every non-identical 
transformation of the fundamental group transforms q into a point 
which is outside 1(q). This is clear if we take for q a point which is inside 
a triangle of the triangulation, for the transformations interchanges 
triangles. 

Let us now map the surface ¥ onto a canonical region © in the s- 
plane in conformation with the considerations of section 12.6.7. To 
every covering transformation corresponds a topological transformation 
of the normal region onto itself. As we proved in section 9.3.3 and in 
section 9.5.1 such a transformation is a linear fractional transformation 


[356] 
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and none of these transformations have a fixed point in the canonical 
region. Since the mapping of % onto © is one-to-one the group G of these 
automorphisms of the canonical region is also properly discontinuous. 

By means of the mapping of ¥ onto © a function on § can be con- 
sidered as a function on © with the property that it takes the same value 
at points of © which correspond with respect to the transformations of G. 
Hence a function of this kind is automorphic with respect to this group. 
Conversely an automorphic function with respect to G gives rise to a 
function on §. 

This chapter is devoted to the study of properly discontinuous groups 
and the associate (single-valued) automorphic functions. 


13.1.2 — PROPERLY DISCONTINUOUS GROUPS 


A group of linear (fractional) transformations in the s-plane is called 
discontinuous if it contains no infinitesimal transformations. That means 
that it does not contain a sequence of different transformations which 
converge to the identity. Otherwise stated: in the group is no sequence 


pce a ee ee Ld ne ee ae EP 
c,S+d, Ch n 
with 
. Ay . bd, . ¢ 
lim — = 1, lim —* = lim @ = 0. 
n>o A, n+0 4, nao d, 


A group is said to be properly discontinuous if there exists a point sg 
and a neighbourhood 11(s9) of this point such that all transformations of 
the group carry s, of U(so) outside U(s 9). The theory of automorphic 
functions is founded on the theory of these groups. 

A properly discontinuous group is discontinuous. The converse is not 
true. A famous counter example is Picard’s group consisting of the 
transformations 
a b 


cd 


as+b 
“yy 


5 ° 
est+d 


| =1, (13.1-2) 


where a, b, c and d are Gaussian integers, i.e., numbers of the form 
p+qi, where p and q are real integers. 

Suppose the group contains a sequence converging to the identity. 
We may write 


a,S+P, 
2 ane 


; mh 2s 5 345 
yaS+1 


with o, = a,/d,, By = 5n/da» Yn = Cnid, and make the additional assump- 
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tion a,d,—b,c, = 1. Now we have 


i 
S 


lim «, = 1, lim £, = lim y, = 


na n> oO n>o 
Since 


lim («,—B,Y,) = lim = a 


> 2 
no n> Gy, 


we have for sufficiently large n that d, = +1, 4,=d,, b6,=c¢, = 0. 
Hence, from a certain index upwards all transformations in the sequence 
are equal to the identical transformation; the group is discontinuous. 
The group is, however, not properly discontinuous. To substantiate 
this statement we observe that it is possible to define an Euclidean 
algorithm in the integral domain of the Gaussian integers and by welli- 
known arguments it turns out that every Gaussian number can be de- 
composed into a finite number of prime numbers. 
Suppose we are given a rational number r,+ir,, which we may 
represent as 
; b 
r,+ir, = re 
d 
where b and d are relatively prime Gaussian integers. Hence the greatest 
common divisor of b and d is unity and we can find integers a and c 
such that 
1 = ad—be. 
It follows that 


as+b 
= 
cs+d 


s 


belongs to the group and it transforms s = 0 into b/d = r, +ir,. Hence 
all Gaussian rational numbers are congruent to zero and, therefore, 
there are images of this point within an arbitrary small neighbourhood 
of s=0. 


13.1.3 — THE ISOMETRIC CIRCLES 


The study of the properly discontinuous groups is much facilitated by 
the introduction of the conception of the isometric circle of a transfor- 
mation. We are interested in those points at which the transformation 


_ ast+b a b 


As ; 
cst+d le d 


| = 1, (13.1-3) 


leaves the infinitesimal Euclidean lengths unchanged, at which, therefore, 


|A’s| = 1, 


13.1] GROUPS OF LINEAR TRANSFORMATIONS 359 


the prime denoting differentiation, i.e., A’s = d(As)/ds. The necessary 
and sufficient condition is expressed by 


|A’s| = (13.1-4) 


eee So | 
jes +l? 
or 

|estd| = 1. (13.1-5) 


Ifc # O the set of points satisfying this equation is a circle J with centre 


d 
SS (13.1-6) 


and radius 


rA=—. (13.1-7) 


It is called the isometric circle of the transformation (13.1-3). 

If c = 0, then s = oc is a fixed point for the transformation (13.1-3). 
In this case (13.1-5) is only satisfied for |d| = 1. But then the whole 
open plane is an isometric set. If c = 0 and |d| # 1 there are no isometric 
sets of points. 

It is natural to exclude first the case that c = 0. We assert 

Lengths within the isometric circle are increased in magnitude and 
lengths outside the isometric circle are decreased in magnitude. 

The proof is easy. If s is inside J, then 


{Lee | 
s+ —| <=, 
c le} 
or 
lJes+d| <1, 


i.e., |A’s| > 1. Similarly, if s is outside 7 then |A’s| < 1. Next we prove 
A transformation carries its isometric circle into the isometric circle 
of the inverse transformation. 
The inverse transformation of (13.1-3), being 


_ —ds+b 


Bs (13.1-8) 


cs—a 
has the isometric circle I’ represented by 
|cs—aj = 1. 


Its centre is a/c, its radius 1/|c]|. Now we have for all s, ¢, related by 
t=As 
|B’z| |A’s| = 1, 
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where the primes attached to A and B denote differentiation. Hence the 
interior of / is transformed into the exterior of J’ and the exterior of J 
into the interior of 7’. It follows that J is transformed into I’. 

The proof can also given by straight-forward computation. In fact, 
inserting (13.1-8) into (13.1-5) we get 
cb—ad|_ 1 


|cs— a] 


—cds+cb 
| cds+c a 


cS—-a 


cs—a 


|= 


Finally we shall prove 
Given two circles I and I’ with equal radii and two points s, on I and 
si, on I', there is precisely one linear fractional transformation 


s’ = As 


such that I is its isometric circle, I’ the image of I and s, = As. 


Fig. 13.1-1. Linear fractional transformation with given different isometric circles 


Assume first that the centres sq and sy, of J and J’ are different, (fig. 
13.1-1). We reflect the s-plane in the line L, the perpendicular bisector 
of the segment connecting sa and sa. Then we reflect with respect to J’ 
and finally we rotate the plane about sq such that we obtain the image 
S$, of the point s,. It is clear that we thus obtain the required transforma- 
tion. If sq and sa coincide we first reflect in the bisector L of the angle 
8,5a5,, (fig. 13.1-2), then in J = 1’. The uniqueness of the mapping 
is proved by the following arguments. Since the exterior of J is trans- 
formed into the interior of J’ the circumferences are percorsed in the same 
sense. Because of the isometry the corresponding arcs of J and J’ are equal. 
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NP 


Fig. 13.1-2. Linear fractional transformation with given coincident isometric circles 


Hence by assigning the image s; on J’ of a point s; on J to s, all images 
of the points of J are determined. Referring to section 9.3.4 we may 
conclude to the truth of the assertion. 


13.1.4 — FIXED CIRCLES 


Assume that the set 2[ is invariant with respect to a transformation A, 
ie., if s is in 2 so is As and, conversely, every point of 2 is the image of a 
point of 2. If P is any transformation we denote the image of 2 as given 
by P by 2{* = PY. Then we have in a notation which requires no comment 


PAP~'9(* = PAM = PY = W*. 


Hence 

If U is invariant with respect to A, then PX is invariant with respect to 
the conjugate transformation PAP~' (compare section 9.3.5). 

By a fixed circle of a transformation A we understand a circle which 
is (as a whole) invariant with respect to A as well as its interior. Otherwise 
stated, it is invariant preserving its orientation. 

In view of the above remark we may study the configuration of fixed 
circles for transformations represented by their canonical forms (section 
9.3.6), viZ., 


t 


s’ = ks, s’ = s+p, p>od. 


If « =e”, 0 < 6 < 2z, the transformation is elliptic and the con- 
centric circles about s = 0 are fixed circles. If 6 = z, the lines through 


ee 
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the origin are also invariant, but they are not fixed circles, because the 
two half planes separated by such a line are interchanged. 

If x is real, positive and #1, then the transformation is hyperbolic 
and the lines through the origin are fixed circles. 

In the case of a parabolic transformation s’ = s+p the horizontal 
lines Im s = constant are fixed circles. 

If, finally, « = re'’®, 0 < 0 < 2z, r #1, the transformation is loxo- 
dromic and there are no fixed circles. In the case 0 = z the lines through 
the origin are invariant, but they are not fixed circles by the reason as 
above. 

Summing up 

In the elliptic case the fixed circles are the circles orthogonal to the 
pencil of the circles through the fixed points. 

In the hyperbolic case the fixed circles are the circles through the 
fixed points. 

In the parabolic case the fixed circles constitute a pencil of circles which 
are tangent at the fixed point to a line through this fixed point. 

In order to study the relation betwecn fixed circles and the isometric 
circle of a transformation we assume that c # 0. Then the fixed points s, 
and s, are finite and in the elliptic or hyperbolic case we may represent 
the transformation as 

pa ee en (13.1-9) 
s’—S S—S2 

Making s > s, (whence s’ > s,) we find that the value of ds’/ds ats, is x. 
By a similar argument we find that the value of this derivative at s, 
is 1/x. Thus we see that if |x| # 1 there is an increase of length at one 
fixed point and a decrease at the other. Hence 

For the hyberbolic and loxodromic transformations one fixed point is 
inside the isometric circle, the other outside. 

If |x] = 1 there is no alteration. Hence 

For the elliptic transformations both fixed points are on the isometric 
circle. 

A parabolic transformation with finite fixed point s) can be represented 
by 


—— = ——_ +p, p>o0, (13.1-10) 


and reasoning as above we see that ds’/ds is 1 at the fixed point. Hence 
For the parabolic transformation the fixed point is on the isometric circle. 
In the elliptic and parabolic case the fixed points are also on I’. 
In the elliptic transformation with a+d # 0 the circles J and J’ intersect 
and the line Z used in the construction at the end of section 13.1.3 is 


13.1] GROUPS OF LINEAR TRANSFORMATIONS 363 


the common chord. In the parabolic transformation L is the common 
tangent to / and J’ at their point of tangency. 1f a+d = 0 so that J and I’ 
coincide the line L is the line joining the fixed points which are then at 
the end of a diameter. 

A non-loxodromic transformation has a one-parameter family of 
fixed circles. It consists of the circles with centres on L orthogonal to J 
(and also to J’). Indeed, being orthogonal to /, such a circle is trans- 
formed into itself by an inversion in J; and a reflection in L, a diameter, 
transforms it again into itself. Thus we see 

In a non-loxodromic transformation the isometric circle is orthogonal to 
the fixed circles. 


13.1.5 — THE ISOMETRIC CIRCLES OF A GROUP 


For a properly discontinuous group there exists, by hypothesis, at 
least one point s, such that there are no transforms of sp in a sufficiently 
small neighbourhood of sy. By applying a suitable transformation and 
considering a conjugate group (section 9.3.5) we may suppose that 
So = ©. A neighbourhood of oo is the exterior of a circle about the 
origin. It follows that we can find a number p such that all transforms 
of oo with respect to the group are inside an open disc &, of radius p 
and centred at the origin. 

Since o0 is not a fixed point for any transformation of the group we 
have c £0. The centre of an isometric circle, being —d/c, is congruent 
to oo and lies inside &,. 

Certain relations between the isometric circles of two transformations 
and the isometric circle of their product will be of use. Employing the 
notation (9.3-8) we consider two transformations 


_ | 4 by _ | 42 ae o 
A, = E | P A, = & a,’ (13.1-11) 


with determinants equal to unity. Then 


a,a,+b2¢, el (13.1-12) 


A,A, = 
Ph eeu. c,b,+d,d, 


We assume further that A, # Az’, i.e., A, A, is not the identity. Then the 
isometric circle of A,A, is given by 
(cpa, +d2¢,)st+c,b,+d,d,| = 1. (13.1-13) 


The isometric circles of A,, Ay’, Az, Az’, A, A, will be denoted by 
Ta, TAs Tags TAy> Taga, Tespectively; their centres by sa,, SA,» SA,» SAz> 
Sa,a, Tespectively. Then, evidently, 
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d 
Sa, = esi He, Sa, = --, 
Cy Cy C2 
13.1-14 
, a, c,b,+d,d, ( ) 
SAEs SALA SS is 
C2 C24, +42, 
and the corresponding radii 
1 1 1 
ra, = —, Ta, = —s TAA = TO SCOC(3.-1-115) 
*  feal * [eal mega, +dze;| 
It follows that 
1 
Tah, = aL ak, (13.1-16) 
fecal ARE |e “Ae 
cy Cy 
and 
bitd,d, . d 
Saasa, = — PTS A 2 »  (13.1-17) 
€24,+d2C, cy €,(¢24,+d¢,) 
whence 
2 
Sasa, —Sa,| = Sees = TA (13.1-18) 
Ya, Isa, —Sa,l 
or 
TA, = [8a,ay—Sa,lI5a,— Saal: (13.1-19) 


Each factor in the second member, being the distance between two 
points of &,, is less than 2p. Hence rk, < 4p?, 


ra, < 2p. (13.1-20) 


Thus we proved: 
The radii of the isometric circles are bounded. 
From (13.1-16) we deduce 

Isa, — Sal = Talay 4 
FAAL 
Let Z,, and J, be two different isometric circles with radii > k > 0. 
Then A,A, is not the identity and 


> 


Ish — sa, > ~. (13.1-21) 
p 


The distance between the centres of two isometric circles with radii 
exceeding & has thus a positive lower bound. Since the distance of the 
centres of all such circles from the origin does not exceed p their number 
must be finite. It follows that 
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The number of isometric circles with radii exceeding a given number is 
finite. Hence the number of transformations of a group with infinitely many 
members is enumerable. 

Finally we shall prove 

Let the properly discontinuous group G contain the infinitely many 


linear transformations Ay = E, A,, Az, ..-. Then the radii r, of the 
isometric circles of the transformations A,, tend to zero as n> ©; 
lim r, = 0. (13.1-22) 
nao 


We assume, as always, that there is a neighbourhood about oo such 
that the transforms of 00 are in 8. Hence all isometric circles are in a disc 
R3,, as follows from (13.1-20). Since the exterior of an isometric circle 
is transformed into the interior of another circle, every point outside &,, 
is transformed into a point inside ®3,. Hence the images of the exterior 
of &;, form a set of discs inside &3,. We contend that these discs are 
disjunct. For if two discs %, and &g,, being the images of the exterior of 
3, as given by A and B, should have a point sy in common then there 
would be two points s,; and s, outside 3, such that 


Sp = As,, So = Bs, 
whence 
s, = B'As,, 


in contradiction to the property of the exterior of &3,. 

Consider now a transformation A,,. Its isometric circle be J, and J, be 
the image of J, as given by A,. The radius of these two circles will be 
denoted by r,. A disc &, with radius 4p about the centre of J, contains 
&, in its interior. Applying the construction as described at the end of 
section 13.1.3 the disc &, is transformed into a disc St, about the centre 
of Ij, with the radius p, = r2/4p. The interior of this disc is in the 
interior of the image of the exterior of %3,. Hence the discs St, are also 
in &;, and are disjoint. Their radii p, must, therefore tend to zero, and 
the same is true for r,. This proves the assertion. 

Another consequence is the following: 

The series 


Sry (13.1-23) 


is convergent. 
Since the sum of the areas of the circles §%/, does not exceed the area 
of &3,, we have 


«o 


d npr S 9np’, 


v=1 
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whence 
dX rh = 16p” ¥ py S 144%. 
v=1 v=1 


This proves the assertion. 

The result remains true if the point at infinity is a fixed point of an 
elliptic transformation of order g. The isometric circles are confined 
to a finite region as before, and the constant p exists. There is the 
difference that a point outside &, may have g—! points outside 8, 
congruent to it. The circles &,, can overlap, but no point can be interior 
to more than g such circles. Hence 


oo 
Y pe < 9gnp? 


v=1 


and the reasoning is as that before. 


13.1.6 — LIMIT POINTS 


We assume again that the group G is such that there are no points 
congruent to oo in a suitable neighbourhood of infinity. By a limit point 
of the group we understand an accumulation point of the centres of the 
isometric circles of the elements of the group. A point which is not a 
limit point is called ordinary. 

The set of limit points is transformed into itself by any transformation 
of the group. 

We observe that the centre of the isometric circle of a transformation of 
the group is the image of the point at infinity as given by this transforma- 
tion. Hence the transform of a centre by any transformation of the group 
is the centre of another isometric circle or is the point at infinity. 

Let p be an accumulation point of the centres 5,,52,.... A transfor- 
mation A which carries p into p’ carries these centres into the points 
S,,53,..., With accumulation point p’. The points of the latter set, with 
possible exception of the point at infinity, are centres of isometric circles 
and, therefore, p’ is also a limit point. No point which is not a limit 
point is carried by A into a limit point, since otherwise A~' would 
carry a limit point into an ordinary point. 

The following theorem is of fundamental importance. 

In every neighbourhood of a limit point p there are infinitely many 
points equivalent to an arbitrary point of the plane, except perhaps to p itself 
and to one other point. 

That these exceptions are possible may be shown by the group of 
transformations 
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i 2"s 


3 = ———__., n=0, +1, +2,... 
s(2"—1)+1 


(13.1-24) 
The centres of the isometric circles are —1/(2"—1) and tend to 0 as 
n— oo and to 1 as m— —o. Hence 0 and | are the limit points. But 
to s = 0 corresponds always s’ = 0 and to s = 1 corresponds 5’ = 1, 
Thus these points are exceptional. The theorem is true for every prop- 
erly discontinuous group, for the statement is invariant with respect to 
the replacing of a group by a conjugate group. Hence it is sufficient to 
prove it under the restrictive assumption made in the beginning of this 
section. 

In order to prove the theorem we consider a sequence J{, J3,... of 
isometric circles whose centres converge to p. We know that their radii 
converge to zero. Let A,, A,,... denote transformations of the group 
whose isometric circles J,, /,,... are transformed into Ij, Ij,... 
by these transformations respectively. The centres of these circles have 
at least one accumulation point p’ and we may assume that this is the 
only one, for otherwise we could extract a subsequence having this 
property. Two cases must be considered: 

a) Let p’ # p. Take any point q different from p and p’. For suffi- 
ciently large n the circles J, and J, are separated, /, in a given neigh- 
bourhood of p, p exterior to 7, and q exterior to J; and J,. The trans- 
formation A, carries g into the interior of J,, that is into the neighbour- 
hood of p. It may happen that A,qg = p. Then p is not a fixed point of 
A,,, .e., A,p # A,7 is different from p. Since p is outside J,, A,p is inside 
I;. Hence either A,g # p, or A,A,q # pisin Jj, Le., in a neighbourhood 
of p. 

b) Let p’ = p and let q,, q2 be different from p, and g, # q2. If nis 
sufficiently large, then g, and gq, are outside the isometric circle J). 
Then A,q, and A,,q, are inside these circles, For at most one of the points 
41+ 2 it is possible that A,g, = p or A, q, = p, if n is sufficiently large. 
Assuming this for g, we have that A,q, # p for all q, * q, and thus we 
see that the theorem holds also in this case. 

A first application of this theorem is 

If a closed set © of points, consisting of more than two points, is trans- 
formed into itself by all transformations of the group, then © contains 
all limit points. 

Let p denote a limit point and p,, p, two points of ©. At least one has 
transforms in the vicinity of p, these transforms being also points of ©, 
by hypothesis. Hence p is an accumulation point of © and belongs to G. 

Another application is the theorem 

The set of limit points, containing more than two points, is a perfect set. 
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This means that the set is closed and that every point of the set is an 
accumulation point. The first property follows at once. Indeed, since each 
limit point contains an infinity of centres of isometric circles in any of its 
neighbourhoods, an accumulation point of limit points has also an infinite 
number of centres of isometric circles in each of its neighbourhoods. 
It remains to show that any limit point 8 has an infinity of limit points 
in its vicinity. If p, and p, are two other limit points, at least one has an 
infinite number of transforms in a neighbourhood of p. Since these trans- 
forms are again limit points (second theorem of this section) the second 
property is now also clear. 

The fixed points of a parabolic or hyperbolic transformation of the group 
are limit points. 

If A is such a transformation then the powers A", n = +1, +2,... 
are all different. In the hyperbolic case the fixed points are within J, or J,, 
the isometric circles of A” or A~” respectively and their radii tend to 
zero. In the parabolic case the fixed point is on J, and J; and the same 
argument may be employed. 


13.2 — The fundamental domain 


13.2.1 — DEFINITION AND SIMPLE PROPERTIES 


An open set is called a fundamental domain of a group G, if it does not 
contain two equivalent points, and such that every neighbourhood of 
any point on the boundary contains points equivalent to points in the 
given set. Late: we shall adjoin to the domain a part of its boundary, 
but for the present it shall consist only of interior points. It may be a 
region or it may comprise two or more disconnected parts. It is clear 
that a fundamental domain is in no wise unique. Any set congruent to it 
will serve as a fundamental domain. We can replace any part of it by a 
congruent part and still have a fundamental domain. 

The transforms of a fundamental domain by two distinct transformations 
of the group do not overlap. 

It is sufficient to prove the following assertion: If no two points of an 
open set 9 are equivalent, the transforms of the set by two distinct 
transformations do not overlap. Suppose that the transformations 
P and Q carry into two overlapping sets. Any point sg in the common 
part is the transform by P of a point s, of UY and by Q of a point s, of U. 
If s, and s, are different for any so, then s, and s, are equivalent points 
of 2% by the transformation QP~!, which is impossible. If s, and s, 
coincide for every so in the common part, then QP~? has infinitely many 
fixed points and is, therefore the identity, i.e, P = Q. 
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13.2.2 — CONSTRUCTION OF A FUNDAMENTAL DOMAIN 


We assume again that the group G is such that within a suitable 
neighbourhood of oo there is no point equivalent to oo. Our further 
considerations are based on the following theorem 

Let ® denote the largest open set outside all isometric circles of the 
group. Then the join of R and the sets congruent to R extend into the 
neighbourhood of any point of the plane. 

The set can be characterized as follows: If s is a point of R then 
there is a neighbourhood l(s) which is outside all isometric circles and 
every point having this property belongs to §. 

Suppose that sy is a point having a neighbourhood ll(s)) which con- 
tains no point of ft, nor points equivalent to points of ft. Then all trans- 
forms of UW contain neither points of 8, nor points equivalent to points 
of Rt. Since oo is a point of § and the centres of the isometric circles are 
equivalent to oo it follows that UI and its transforms contain centres of no 
isometric circles. Hence the points of Ul and of its transforms are ordinary 
points. We assume that sq is not a point of f, i-e., sg is inside or on the 
boundary of an isometric circle. Consider a circle C about sg within WU. 
Let A denote a transformation whose isometric circle J, has s9 for an 
interior or boundary point. The centre of J, is exterior to C. Such a 
transformation exists, for the interior points of C and all its transforms are 
ordinary points. We know (section 13.1.3) that A is equivalent to an 
inversion in J, followed by a reflection in a line (and possibly a rotation). 
The magnitude of C, , the inverse of C, is determined by inversion. Let r, 
denote the radius of C,, r that of C and rg that of Z,. The largest and 
the smallest distance of the points of the circumference to the centre 
of I, are a+r and a—r, respectively, where a is the distance between 
the centres of J, and C. These points are transformed into others, with 
distances 

rR oA 
a+r "@—r 


to the centre of J,. A simple geometric consideration reveals that the 
radius of the transformed circle C, is 


1 1 r 
newi(-1)-ast. 
a-r at+r. ar 


Since the centre of C is within or on the boundary of I,, we have 
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Taking into account (13.1-20), we finally have 


r,; 2 kr, k= > 1. 
{== 
4p* 
If we apply to C; a transformation whose isometric circle has the centre 
of C, as an interior or a boundary point, we get a circle C, of radius r,, 
with 
ry = kr, = k’r. 


Continuing in this way we prove the existence of a circle C, congruent 
to C and of radius = k"r. By taking n sufficiently large the circle C, 
will contain points of § exterior to the finite disc 3, in which the iso- 
metric circles lie. These points are equivalent to points of U(s,). This 
contradiction proves the theorem. 

A direct consequence is 

The largest open set outside all isometric circles is a fundamental 
domain. 

It is clear that no two points of are equivalent, for otherwise one 
should lie within an isometric circle. It is not possible to extend R to a 
larger set satisfying the definition of a fundamental domain, for the 
previous theorem states that in the vicinity of every point which does not 
belong to t there are points equivalent to points of R. 

From the definition of we may infer that 

To any open set enclosing a limit point belongs an infinite number of 
transforms of the domain ®. 

This is evident, for there are infinitely many isometric circles within 
the open set containing a limit point. Each of these circles encloses 
a domain congruent to ®t and the various transforms are different do- 
mains. 

Any closed set © not containing limit points of the group is covered 
by a finite number of transforms of KR. These domains fit together without 
gaps. 

There are a finite number of isometric circles containing points of ©. 
Indeed, if not, there are circles of arbitrarily small radius and their centres 
have a point of © as accumulation point. A transformation A carries R 
into Ra, lying inside J, the isometric circle of A~!. If J, contains points 
of ©, #, may contain points of ©. If € is exterior to 74 then R, contains 
no points of ©. Hence the number of transforms of St which have points 
with © in common is not greater than the number of isometric circles 
which contain points of ©. According to the first theorem of this section 
there are points of some transform of ¥ in a neighbourhood of an arbi- 
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trary point of ©. It follows that the transforms of Rt having points in 
common with © fit together without gaps. © is completely covered, 
except for the boundaries separating the various transforms. 


13.2.3 ~ BOUNDARY POINTS OF THE FUNDAMENTAL DOMAIN 


We consider the fundamental domain as constructed in the previous 
section. A point on the boundary of t is a point p not belonging to R, 
but such that in any neighbourhood of p there are points of R. It is 
clear that p cannot lie inside an isometric circle. If p is an ordinary point 
it lies on one or more isometric circles. There is but a finite number of 
isometric circles penetrating into a neighbourhood of an ordinary point. 
Hence p possesses a neighbourhood exterior to all isometric circles other 
than those which pass through p. 

We may divide the boundary points into three classes: 

1) p is a limit point of the group; 

2) p is an ordinary point and lies on a single isometric circle; 

3) p is an ordinary point and lies on two or more isometric circles. 
In this case p is called a vertex. 

It is convenient to include under 3) the following special case: if p is 
the fixed point of an elliptic transformation of period two (i.e., a transfor- 
mation whose square is the identity), so that, although p lies on a single 
isometric circle, it separates two congruent arcs on the circle, we shall 
classify p under 3) 


Fig. 13.2-1. Vertex of a fundamental domain on a single isometric circle 


Let p denote a point of the second class. It lies on an isometric circle 
I, and we shall denote by p’ the point on J, into which A carries p. 
We assert that p’ is also a boudary point of the second class. The case 
p = p’ can arise only if J, and J, coincide and p is a fixed point of the 
resulting elliptic transformation of period two. This case, however, has 
been included in 3), (fig. 13.2-L). 

Suppose that p’ is within an isometric circle Jg. Then B magnifies 
lengths at p’. Since A carries p into p’ without alteration of lengths, BA 
magnifies lengths at p. Hence p is inside Jg4 which is contrary to the 
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hypothesis that p lies on an isometric circle. It follows that also p’ belongs 
to the class 2) 

It is clear that in a sufficiently small neighbourhood of p there are 
no points of isometric circles other than on J,, for there is no other 
isometric circle in the vicinity of p other than J,. Hence the points on J, 
near p are also boundary points of the second class and so are the con- 
gruent points on /,. Thus we proved 

The boundaty points of R of the second class form a set of bounding 
circular arcs which are congruent in pairs. Two such congruent arcs are 
equal in length. 


Fig. 13.2-2. At a vertex two sides of the fundamental domain meet 


These arcs may consist of entire circles or they may terminate at points 
of the first or the third class. They are called the sides of Rt. 

Now we turn our attention to the points of the third class, the vertices. 
Through a point p of this class there pass a finite number of isometric 
circles, (fig. 13.2-2), Let 11 be a neighbourhood of p, such that all 
isometric circles other than those through p are outside U1. The isometric 
circles through p divide U1 into a finite number of parts. One of these parts, 
say B, belongs to ®, since p is a boundary point. The two arcs which 
bound & are on isometric circles J, and J, and are a part of the bound- 
ary. The points on these arcs other than p belong to the second class. 
Hence 

At a vertex of R two sides meet. 


13.2] THE FUNDAMENTAL DOMAIN 373 


For the sake of convenience we shall add to ®t certain points of its 
boundary. Of two congruent sides, one, exclusively of its end points, 
may be added without including points congruent to points previously 
in 3. A vertex where bounding arcs meet may be congruent to several 
other vertices, one of them may be adjoined. The resulting set will be 
considered as a fundamental domain in a somewhat wider sense. 


13.2.4 - CYCLES OF BOUNDARY POINTS 


Let us think of the boundary of i as being traced in the positive sense. 
In passing through a vertex, we proceed along one side to the vertex 
and then proceed along a second side from the vertex. We consider the 
vertex as the end of the former and the beginning of the latter. When a 
side is carried into its congruent side, the beginning and the end of the 
former are carried into the end and the beginning, respectively, of the 
latter, for the direction around the isometric circle is reversed. 


Fig. 13.2-3. A cycle of vertices of a fundamental domain 


Let L, be the side beginning at a vertex p,. This side is carried by a 
transformation A, into the congruent side L{, p, being carried into p, at 
the end of ZL}, (fig. 13.2-3). There is a side L, beginning at p, which is 
carried by some transformation A, into the congruent side L3, p, being 
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carried into p, at the end of £4. Continuing in this way we shall return 
to p, after a finite number of steps. Suppose, on the contrary, that an 
infinite number of vertices p,, p3,..., are equivalent to p,. The trans- 
formation B, which carries p,; to p, has an isometric circle passing 
through p,; for, if p, is outside the isometric circle of B,, then p, is inside 
the isometric circle of B,;*, which is impossible. Then an infinite num- 
ber of the isometric circles of A,, A3,..., pass through p,, which is 
contrary to the fact that p, is an ordinary point. A complete set of equi- 
valent vertices of a fundamental domain is called an ordinary cycle. 


Let now A,,..., A,, be the transformations which carry p, to p2,..., 
Pm tO py, Tespectively. The transformation 
B=A,,... A, 


carries p, into itself. Hence either B is the identity, or B is an elliptic 
transformation, for fixed points of hyperbolic and loxodromic transform- 
ations lie within isometric circles and the fixed point of a parabolic 
transformation is a limit point. 

The transformations 


An» 
oe ia: (13.241) 
AmAmo1--- Ay 

CaLTY Ps Pm-1>+++> Pz» Pr,» Tespectively, into py. The domains ,,, 


Rn-1o+++> Nz, Ry, respectively, in which these transformations carry KR, 
fit together at p,, (fig. 13.2-4). Thus A,, carries p,, to p;, K,, being adjacent 
to along the are L,, ending at p,. In general A, carries p; into pj+4 


Fig. 13.2-4. Transformation of all vertices of a cycle into one vertex 
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and carries #t into a domain abutting on Wt along a side ending in p,, 
whence the transform of these two domains by A,,...A;,,, namely 
RR, and R,,, are adjacent along an arc issuing from p;. In proceeding 
counterclockwise around p,, starting from St, we encounter the adjacent 
domains Ry, Rm—1.+++> Fz, Ry. The curvilinear angle of R at p, 
is carried into an equal angle of &, at p,. 

Since there can be no overlapping of congruent domains, there are 
two possibilities. First 9t, may coincide with ® and the domains , 
Ry»- ++, Ky completely fill up the angle about p,. Then B is the identity 
and the sum of the angles at the vertices p,,..., Pj», is equal to 27. 
If KR, does not coincide with R, then B is an elliptic transformation. An 
elliptic transformation amounts to a rotation in the neighbourhood of 
the fixed point through a certain angle, which is not zero. Carrying R 
into 8, requires that this angle be equal to the sum of the angles at the 
vertices. On applying B the domains 8, 3t,,,..., %t, are carried into adja- 
cent domains, filling out more of the angle about p, counterclockwise 
from %,. After a finite number, g, of applications of B the angle about p, 
is completely filled up and B’%t coincides with KR. It follows that there 
are no vertices of Si equivalent to p, other than p,,...,p,- Indeed, a 
transformation carrying any other vertex to p, carries t into a domain 
overlapping the domains which fill out the angle about p,, which 
is impossible. Hence 

The sum of the angles at the vertices of an ordinary cycle is 2n/g, 
where g is an integer. If g > | each vertex of the cycle is a fixed point of 
an elliptic transformation of period g. 

If a side of $t terminates at a limit point various situations may arise. 


Fig. 13.2-5. A cycle of parabolic vertices 
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We consider only a particular case. We suppose that two sides meet in p, . 
Let L, be the side beginning at p, and be carried by a transformation A, 
into a side L,. Let L, the side, if any, begin at p, and let A, carry 
this into L5, etc. We now make the assumption that after arriving at a 
finite number of equivalent points p,,..., p, we may return to p, and 
the side L,, (fig. 13.2-5). If this assumption holds, we say that p,,..-s Dm 
constitute a parabolic cycle and each point of the cycle is called a para- 
bolic point. 

The transformation B = A,,...A, carries p, into itself, whence B 
is either elliptic or parabolic. The above reasoning can be repeated in 
quite the same way to show that the transformations (13.2-1) carry 
Pm> Pm~1>+++sP1 Tespectively, into p, and carry into regions W,,,..., 
R,, R, fitting together along arcs issuing from p,, (fig. 13.2-6). The 


Fig. 13.2-6. Transformation of all vertices of a parabolic cycle into one vertex 


angle between the sides of Rt; which meet at p, is equal to the angle 
between the sides of # which meet at p;. B carries Rt into R,, the side 
L, being carried into the side L, which separates Rt, and {,. If B is ellip- 
tic then Z, and LZ meet at an angle different from zero. By repeating B 
a finite number of times, the angle about p, is covered by a finite number 
of domains, which is contrary to the third theorem of section 13.2.2. 
Thus we may infer that B is parabolic. It follows that L, and L; are 
tangent at the fixed point p,. Then the arcs bounding the intervening 
domains are also tangent to L,;. The angle between the sides which meet 
at each point of a parabolic cycle is zero. Summing up we have 

The sides of which meet at parabolic points are tangent. There are an 
infinite number of domains congruent to ®t, each having two sides which 
meet at the parabolic point and are tangent to the sides of R. 


13.2.5 — FIXED POINTS AT INFINITY 


We have supposed hitherto that a given group has been replaced by a 
conjugate group, such that there is a neighbourhood of infinity which 
does not contain points equivalent to oo. This involves no loss of gener- 


13.2) THE FUNDAMENTAL 


ality. As a consequence every properly discontinuous group possesses a 
fundamental domain. 

In practical situations we are often faced with groups having 00 as a 
fixed point of some of their transformations and the replacing of the 
group by a conjugate may introduce complications. We shall describe a 
method which enables us to find a fundamental domain in this case. 

It is clear that all transformations of a group G which leave the point co 
invariant form a subgroup G,, of G. 

A transformation U of the subgroup G.,, carries an isometric circle into 
an isometric circle. 

Let J, be the isometric circle of a transformation A and let U denote 
the transformation 


Ss’ = Kst+e. 


Since ds'/ds = « this transformation multiplies lengths by |x|. Let p 
denote a point on the image of J, as given by U. If p’ = U~'p, then 
p’ is on Ja, lengths at p being multiplied by |x|~'. The transformation A 
carries p’ to p’’ without altering lengths. Finally U multiplies lengths 
at p” by |x|. The result is that UAU~! has not altered lengths at p; 
hence p is on the isometric circle of UAU™}. 

The announced construction may be stated as follows 

Let R,, be a fundamental domain for the subgroup G,, of all transfor- 
mations of G having a fixed point at infinity. We assume that the sides of RX, 
are congruent in pairs and that the transforms of R,, cover the open plane. 
Let R consist of all that part of R,, which is exterior to all isometric circles 
of the group. Then § is a fundamental domain of the group. 

A transformation of G,, carries a point of %,, into a point of a domain 
congruent to ®,, and hence outside #. Any other transformation of the 
group carries a point of ®t into the interior of an isometric circle and 
hence outside Ri. 

That part of a side of R,, which is outside to all isometric circles, and 
so is also a side of §R, is, from the previous theorem, congruent to a side 
which is also exterior to all isometric circles. An ordinary boundary 
point of # lying on an isometric circle J, is carried by A into a point p’ 
on J,. It is easily shown that p’ is interior to no isometric circle (section 
13.2.3). If p’ lies in R,, it is a boundary point of §; if not it lies in a 
congruent domain U,, and the equivalent point p” = U~'p’ lies in R, 
and is a boundary point of . It follows that the sides of 3 which lie on 
isometric circles are congruent in pairs. A neighbourhood of a limit point 
contains points congruent to any point of the plane (with the possible 
exception of two points), hence also to points of ¥. This follows from the 
second theorem of section 13.1.6. 
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13.3 — Fuchsian groups 


13.3.1 — FUNCTION GROUPS 


If D is a region in the s-plane which is transformed into itself by all 
transformations of a properly discontinuous group, then the group is 
called a function group. Groups of this kind play an important part in 
subsequent considerations. The region © is called a region of discontinuity 
of the group. 

The intersection Ro of a region of discontinuity D and the fundamental 
domain %t is not empty and is again a fundamental domain. 

Not all of 3t can be exterior to D, for then the transforms of St would 
be exterior to D, contrary to the first theorem of section 13.2.2. If the 
boundary point p is a limit point, there are points equivalent to points of 
Ri, in any neighbourhood of p, by the second theorem of section 13.1.6. 
If p is an ordinary point on the boundary of Rp, it lies in D and there are 
points equivalent to points of ¥t in its vicinity, for it is also a boundary 
point of 8. But these points are equivalent to points of tq since the trans- 
forms of all other points of Jt are exterior to D. Since no points of Ro 
are congruent, %) is a fundamental domain. 

The sides of Ro are congruent in pairs. 

If Ry should be bounded entirely by limit points (or consists of the 
whole open plane if there are no limit points) it would coincide with D. 
Then no two points of D would be equivalent, which is impossible, 
provided the group does not reduce to the identity. Hence §t, is bounded 
in part by sides. Each side is congruent to some side of St which is also 
in D and so it is a side of Ro. 

Among the function groups those with a principal circle are very impor- 
tant. These groups carry the interior of a circle into itself. 

Accordingly the function groups are divided into the following classes: 


(i) Elementary groups. These are the finite groups and the groups with 
one or two limit points. 

(ii) Fuchsian groups. These are the groups with a principal circle. 

iii) Kleinian groups. A function group belongs to this class if it does not 
belong to one of the preceding classes. 


There is a certain amount of overlapping between (i) and (ii). Certain 
of the elementary groups possess principal circles, for example the non- 
loxodromic cyclic groups. 


13.3.2 — FUCHSIAN GROUPS 


A Fuchsian group is a properly discontinuous group each of whose 
transformations carries a certain circle Q into itself and carries each of 
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the parts into which the circle Q divides the plane into itself. The circle 
is then a principal circle. 

We may interpret the transformations of a Fuchsian group as the auto- 
morphisms of the interior of the unit circle. It has been pointed out in 
section 9.5.1 that there are no loxodromic transformations and in 9.5.3 
we stated that the transformations are elliptic with their fixed points inside 
and outside the circle Q, parabolic with fixed point on Q and hyperbolic 
with both fixed points on Q. 

It follows from the last theorem of section 13.1.4 that the isometric 
circles are orthogonal to Q. Hence their part within Q may be considered 
as hyperbolic straight lines. 

From the third theorem of section 13.1.6 we may infer that 

The limit points of a Fuchsian group are on the principal circle. 

When we make an inversion in the principal circle, each isometric 
circle, being orthogonal to Q, is carried into itself and its interior and 
exterior go, respectively, onto its interior and exterior, (fig. 13.3-1). 
A point of }t being exterior to all isometric circles, is carried into another 
point of R. Hence 

An inversion in the principal circle carries the fundamental domain 
into itself. 

It follows that points in a neighbourhood of the centre of the principal 
circle (provided this is not a straight line) belong to R. 

Let Jt, denote the part of Kt inside the principal circle and Rg the part 
of ® outside. {4 is the inverse of St in the principal circle; its sides and 
vertices are the inverses of the sides and vertices of Ito. If a transforma- 
tion of the group is made, ty is carried into a domain in the interior of 
the principal circle and 94 into a domain in the exterior. As a conse- 
quence of the last theorem of section 9.4.2 we can state that the two trans- 
formed domains are inverse with respect to the principal circle. 

Thus, in investigating the fundamental domain it will suffice to study 
the domain to inside the principal circle. An inversion in the principal 
circle will then furnish the corresponding results for to. In the sequel 
we suppose that the principal circle is not a straight line. 

The domain Ro is simply connected. 

A straight line segment from the centre of the principal circle to any 
point of Ry lies entirely inside Ry. Hence Ry is connected. Any closed 
curve inside ty can be shrunk continuously to an interior point without 
crossing the boundary. Hence its winding number with respect to any 
exterior point is zero. 

Any closed set lying entirely within the principal circle is covered by a 
finite number of transforms of Ro. These domains fit together without gaps. 

This is a direct consequence of the fourth theorem of section 13.2.2. 
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Z Yj 
Fig. 13.3-1. The fundamental domain of a Fuchsian group 


The transforms of Ro fill up, without gaps, the whole interior of the 
principal circle. They cluster in infinite number about each limit point of the 
group. 

A circle C concentric with the principal circle and of smaller radius is 
covered by §t, and a finite number of domains congruent to Rp, (third 
theorem of section 13.2.2). By taking the radius of C arbitrarily near 
that of Q any given interior point of the principal circle can be enclosed. 
The second part of the theorem is a consequence of the third theorem 
of section 3.2.2. 

If a Fuchsian group possesses a fundamental domain § whose transforms 
cover the neighbourhood of each of its boundary points and which, together 
with its boundary consist of interior points of the principal circle, then the 
transforms of & fill up, without overlapping, the whole interior of the 
Principal circle. 
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A finite number of transforms of {tp cover % and its boundary com- 
pletely (section 13.2.2.). We may carry the portion of § in each domain 
§,; into Ry by means of a transformation which carries R; into Ry. These 
transforms of parts of % do not overlap, since no two points of § are 
congruent. Suppose there is a point sg in the interior of Mp exterior to all 
the transformed parts of 3. Let s, be the nearest point of one of the parts 
in Rg. Then in any neighbourhood of s, are points which are not covered 
and which are, therefore, not equivalent to points of %. On carrying this 
part back to §, the point s, goes into a boundary point of § which has 
in its neighbourhood points not equivalent to points of 3. This is a contra- 
diction. Hence the transforms of 7 cover Ry completely and the trans- 
forms of %, then, cover all transforms of iy. These fill up the interior 
of the principal circle. 

In addition we have: 

Under the assumptions of the previous theorem the domain Rg lies in the 
interior of the principal circle. 

Indeed, if Rp has a boundary point on Q, so has one of the parts covering 
Ry. But in % and on the boundary of % there are no points equivalent to 
points on Q. 

Finally we shall prove 

If there are more than two limit points, either the set of limit points 
consists of all points of the principal circle, or the set of limit points is 
nowhere dense on the principal circle. 

It follows from the fourth theorem of section 13.1.6. that the set of 
limit points is perfect. Assume now that not all points of Q are limit 
points. Then we have to show that not all points on any arc of Q are limit 
points. Let sy be a point of Q which is not a limit point. Then the 
points near Sg are also ordinary points, ie., the points of a sufficiently 
small arc a on Q through sy are ordinary. Let p be a limit point. According 
to the second theorem of section 13.1.6 there are points equivalent to 
points of a in any neighbourhood of p. These points are ordinary and lie 
on Q. This proves the theorem. 

On the basis of this theorem we may classify the Fuchsian groups as 
follows: 


(i) Fuchsian groups of the first kind. For these groups every point on the 
principal circle is a limit point. 

(ii) Fuchsian groups of the second kind. The limit points of these groups are 
nowhere dense on the principal circle. 


It is clear that a Fuchsian group is of the second kind, if the fundamen- 
tal domain contains in its interior a point of the principal circle, for a 
point inside ®t is ordinary. 
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13.3.3 — CLASSIFICATION OF AN ALGEBRAIC RIEMANN SURFACE 


In section 12.6.7 we proved that the universal covering surface % of an 
algebraic Riemannn surface % is homeomorphic, either to the extended 
plane, or to the whole open s-plane, or to the interior of a circle. In the 
first case the Riemannian surface is called elliptic, in the second case 
parabolic and in the third case Ayperbolic. 

AS we pointed out in section 13.1.1 the covering transformations 
constitute a group which is isomorphic to a properly discontinuous group 
of automorphisms of the canonical region ©. 

1) Let us consider first an elliptic surface. Then © is the whole sphere and 
the automorphisms are fractional linear transformations. Since the cover- 
ing group has no fixed points, the group G of covering transformations 
can only be the identity. That means that § and % are homeomorphic, 
i.e., % is homeomorphic to a sphere and, therefore, of genus 0 (section 
12.5.3). Conversely, let & be of genus 0. If % is an n-sheeted covering 
surface of the z-plane, and if its ramification number is 72, then, according 
to (12.5-7), 

m+2 = 2n. (13.3-1) 


Since % is closed, there are only a finite number of points of % above a 
point of %. If this number is & then also 


km+2 = 2kn, (13.3-2) 


for the surface % lies unramified over §. 
Subtracting corresponding members of (13.3-1) and (13.3-2) yields 


(k—1)@n—2n) = 0 


and it follows that k = 1. Hence % is homeomorphic to %, i.e., to a 
sphere and we infer that % is elliptic. Thus 
An algebraic Riemann surface is elliptic if and only if it is of genus zero. 
2) Next we assume that § is homeomorphic to the open plane. The 
covering transformations are isomorphic to a group of automorphisms 
of the s-plane having one fixed point. Without loss of generality we may 
assume that this is the point oo. Hence G is either the identity, or the 
cyclic group 
so=stn,n=0, +1,..., (13.3-3) 
or the group 
s) = s+m,@,+m,@, (13.3-4) 
where m,, m, are integers and w,/w, is complex. 


The first case rules out, for % is closed if G is the identity. In the second 
case a fundamental domain is a parallel strip and identifying congruent 
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sides, we obtain a cylinder. Since the fundamental domain is homeo- 
morphic to %, and % is closed, also this case rules out. There remains the 
third case. Then a fundamental domain is a period parallelogram, and, 
identifying congruent sides, we obtain a torus. Thus it turns out that 
a parabolic surface is of genus |. The converse is also true, but the proof 
is not straightforward. It may be deduced from consideration about 
hyperbolic surfaces. First we shall prove 

The genus of a hyperbolic surface exceeds one. 

In this case the canonical region is the interior of a circle 2 and hence 
the fundamental domain fy of the group G of covering transformations is 
inside Q. It follows that % has a finite number of sides. If not we can 
find an infinite sequence s,, 5,,..., of points on sides of Ry and no two 


Fig. 13.3-2. Proof that the genus of a hyperbolic Riemann surface exceeds one 


lie on the same side. These points have at least one accumulation point 
which is on the boundary. This is impossible, for the boundary points 
are ordinary points on the sides, or vertices and, therefore, no limit points. 
Let us assume that the number of cycles of vertices is k. They corre- 
spond to k points on the Riemann surface. The characteristic of the 
Riemann surface is 
X= —k+n-1, 


if 2” is the number of sides of Sip. We may enclose Siig in a rectilinear poly- 
gon having the same vertices, (fig. 13.3-2). The sum of its angles is 
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2n(n—1). The sum of the angle of Ro is 22k (section 13.2.4; observe that 
g = 1, for there are no elliptic transformations in the group) and it is 
geometrically clear that 


2nk < 2n(n—1), 
whence 
—k+n—-1>0, 


or x > 0. Then we deduce from (12.5-5) that p > 1. This proves the 
theorem. 

Now we can complete the former statement. If p = 1 then % cannot be 
homeomorphic to the interior of a circle, thus 

An algebraic Riemann surface is parabolic if and only if its genus is 1. 

Finally 

An algebraic Riemann surface is hyperbolic if and only if its genus 
exceeds 1. 


13.4 — Automorphic functions 


13.4.1 — SIMPLE AUTOMORPHIC FUNCTIONS 


A function f(s) is called automorphic with respect to a group G of 
linear transformations if 
(i) the function is meromorphic in the region of discontinuity of the 
group; 

(ii) f(As) = f(s) for every element A of the group. 

If a group admits non-constant automorphic functions, then the group is 
properly discontinuous. 

Assume that the group is not properly discontinuous. Let so denote a 
point at which f(s) is regular. Since there are infinitely many points equi- 
valent to sg in an arbitrary neighbourhood of s, the function f(s) takes 
the value f(so) infinitely often. But then f(s) is a constant (section 2.11.1). 

An automorphic function f(s) is called simple if the following conditions 
are fulfilled: 

(i) the group G possesses a fundamental domain ty whose boundary 
consists of a finite number of pairs of congruent sides; 

(ii) the region of existence of the function is bounded by limit points of 
the group; 

(iii) at every parabolic point the function tends to a definite limiting value 
(which may be finite or infinite) along every sequence of points in Ro 
which tend to this parabolic point. 

It should be noticed that if the point counts as two parabolic points as 
in fig. 13.4-1, the approach shall be from one side only. There will be a 
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limit when the approach is from either side, but the two limits may be 
different. 

The region of existence of an automorphic function extends into any 
neighbourhood of every limit point of the group. 

This follows from the fact that in a neighbourhood of a limit point lie 
points equivalent to points in the region of existence of the functions 
and these points belong to the region of existence. 

If an automorphic function is not a constant, each limit point of the group 
is an essential singularity of the function. 


Fig. 13.4-1. Parabolic point counted twice 


In a neighbourhood of a regular point or of a pole a function can take 
on any value only a finite number of times. In a neighbourhood of a 
limit point there are an infinite number of equivalent points at which the 
function takes the same value. It follows that a limit point is an essential 
singularity, 

A direct consequence is 

If a group possesses a non-constant automorphic function, it is a function 
group. 

Let G be a group having a non-constant automorphic function, 
existing in a region ©. Denote by G* the connected part of the plane, 
bounded by limit points, in which © lies. The set G* consists of all 
ordinary points which can be joined to a point of © by curves not passing 
through limit points. Any point s of S* and a curve C joining it to a point 
of G are carried by any transformation A of the group into a point s’ and 
a curve C’ joining s’ to a point of ©, whilst C’ consists of ordinary 
points. Then s’ belongs to G* and it follows that G* is carried into itself 
by the transformations of the group. This proves that G is a function 
group. 
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13.4.2 ~ BEHAVIOUR AT THE VERTICES AND PARABOLIC POINTS 


Of the fixed points of the transformations of a group, only those 
belonging to elliptic transformations can lie within the region in which 
the function is meromorphic; all other fixed points are limit points. 

We investigate first the behaviour of an automorphic function at the 
fixed point of an elliptic transformation. Let s, be such a fixed point and 
let g be the period of the elliptic transformation. For the sake of simplicity 
we shall assume that the fixed points are finite. Then there is a trans- 
formation A defined by 


As—s ijg SS 
— ts ete (13.4-1) 
As—s S—Sy 
where s, is the other fixed point distinct from s,. If f(s) is regular at 

s = 5,, we can write 


f(s) = H(6)+(5~ sal) =S(6,)+ ( 


Ss 


=h} h(s), (13.4-2) 
S—S>/ 

with A(s) = (s—s,)"g(s), g(s;) #0, g(s) is also regular at s = sy. 
Given a neighbourhood of s, we can find another neighbourhood such 


that if s is in the second neighbourhood, then As is in the first. Hence 


=o) h(As) = f(s,)+ (=") e2*in/9n( As), 
As—s, S—Sy 


J(A8) =F (si) ( 


Since f(s) is automorphic we have f/(As) = f(s), whence 


e2tinig = Om 
h(As) 


The first member of this equation is a constant. Making s approach s,, 
the point As approaches s, and it follows that 


@2ninig Se 


As a consequence n is a multiple of g and f(s)—f(s,) has a zero of an 
order which is a multiple of g. If s, is a pole of f(s), then 1/f(s) has a 
zero at this point. Hence f(s) has a pole whose order is again a multiple 
of g. Thus 

A non-constant automorphic function takes its value g times or a multiple 
thereof, at a fixed point of an elliptic transformation of period g within the 
region of existence of the function. 

A direct corollary is the following theorem 

A non-constant automorphic function takes its value g times, or some 
multiple thereof, at a vertex belonging to a cycle, the sum of whose angles 
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is 2n/g. This assertion is trivial if g = 1. If g > 1 the vertex is a fixed 
point of an elliptic transformation of period g (section 13.2.4). 

Next we investigate the behaviour at a parabolic point sy) and we make 
the additional assumption that f(s) is a simple automorphic function. 
We can carry the equivalent points of the cycle to which sy belongs to 59, 
the transforms of the fundamental domain fitting together at sg as in 
fig. 13.42. It is clear that f(s) tends to a definite or infinite value as s 


Fig. 13.4-2. Investigation of the behaviour of a simple automorphic function at a 
parabolic point 


tends to sg within or on the boundary of each domain. The transforma- 
tion A which carries ® to Rt, and the side L, to Li is parabolic; it is 
determined by 


1 
=— +e. (13.43) 
As—Sq  S—So 
Consider the triangular region s 5,5, formed by L, LZ; and a small circle 
through sg orthogonal to the sides which meet at sg. This circle is a fixed 
circle for A. By repeated application of A the transforms of the domains 
mentioned fill up the circle C and the values of f(s) repeat themselves in 
the transformed domains. 
Now we introduce the variables 
ni 
w= ts expw. (13.4-4) 
c(s— So) 

The first substitution is a linear transformation; it carries sy to co and the 
circles through sy into straight lines. Let w, and w, be the transforms of 
Ss, and s,. Then 


2ni 2ni 2ni ( 1 
W, = --———, Wo = ————__ - +c}, 
c(s; — So) ¢(sz— So) c \S1—So 
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as follows from (13.4-3), since s. = As,. Hence 
Wy = Wy+27i, 


The arc 5,5, of C is transformed into a straight line segment parallel to 
the imaginary axis, (fig. 13.4-3) The sides sos, and sys, are carried into 
straight segments perpendicular te w, w, and, therefore, parallel to the 
real axis. Congruent points of Li and LZ, are carried into points in the 
w-plane which differ by 27i. These latter points are carried into coincident 
points by the second transformation (13.4-4). The side s,s, is carried 


ty =tp 


Fig. 13.4-3. The mapping of the triangular domain of fig. 14.4-2 onto a circular disc 


into a circular arc with centre at the origin. The original triangle in the 
s-plane is mapped onto a circular disc slit along a radius. 

The function {(s) becomes a function @(t), meromorphic inside and 
on the boundary of the circular region in the t-plane, except possibly 
at t = 0. The function o(t) takes the same value at a point on the radius 
along which the region is slit, when it is approached from either side. 
It follows that this slit can be removed, the function turns out to be 
single-valued. Since (tf) approaches a definite value as t > 0 (being 
either finite or infinite) it is regular at ¢ = 0, or it has a pole there. 

Thus we have proved 

At a parabolic point a simple automorphic function f(s) is a function 
of t regular or having a pole at t = 0, where 


tact S (13.4-5) 
c(s— Sp) 
if So is finite and 
t = exp om Ss, (13.4-6) 
c 


if the parabolic point is at infinity. 
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13.4.3 — THE ZEROS AND THE POLES OF A SIMPLE AUTOMORPHIC FUNCTION 


In counting the zeros and the poles of a simple automorphic function 
which lie in a fundamental domain, certain conventions are necessary 
in the case of zeros or poles lying on the boundary. 

If there is a zero or a pole at a side L there is a zero or a pole at the 
equivalent point on the congruent side L’. Only one of these will be 
counted as belonging to the domain. 

The order x of a zero or a pole at a vertex will be partitioned equally 
among the domains which meet there. If there are m vertices in the cycle 
and the sum of the angles is 2z/g, then gm regions meet at each vertex. 
Counting n/gm zeros or poles at each vertex, we have n/g zeros or poles 
at the m vertices of the cycle. This number is an integer as follows from 
the first theorem of the previous section. 


Fig. 13.4-4. Integration along congruent sides of the fundamental domain 


If f(s) approaches zero or becomes infinite at a parabolic point we 
shall determine the number of zeros of poles of the auxiliary functions 
g(t), introduced in the previous section, from the behaviour at t = 0. 
The number of zeros or poles at t = 0 of this function (ft) will be the 
number of zeros of poles of f(s) at the parabolic point sg, taken all- 
together, of the cycle to which sy belongs. 

After these introductory remarks we can state the following important 
theorem 

A simple automorphic function which is not identically zero has an equal 
number of zeros and poles in the fundamental domain. 

We employ Cauchy’s theorem (3.8-8). If the function has neither 
zeros nor poles on the boundary, then 


No—Ne = 2 [Eas, (13.4-7) 

anid f(s) 
the integral being taken in a positive sense around the boundary. Let 
L and L* denote two congruent sides, (fig. 13.4-4). The contribution 
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to the integral arising from these sider is 


F's) ds+ f(s) ds 
t S(s) us f(s) 
At the congruent points s and As we have f(s) = f(As). From 


, LL = —-AL. 


f'(As)dAs = a ae ~ ds = “ f(As)ds = f'(s)ds 
we deduce 
#'(s) ds = FAs) dAs = — £9) gs, 
i f(s) -1 f(As) tJ (s) 


It appears that the integrals along each pair of congruent sides cancel 
and we have Ny = N,. 


Fig. 13.4-5. Modification of the path of integration if there are zeros or poles on a 
side of the fundamental domain 


Tf there is a zero or a pole on the side L, we deform this side slightly 
(fig. 13.4-5), so as to include the zero or pole, and we make the corre- 
sponding alteration in the congruent side L*. The integrals along the new 
congruent sides cancel as before. Only one of the two zeros or poles now 
lie within the contour. Since but one of the pair should be counted as 
belonging to the domain, the theorem holds as before. 

In the case that f(s) has a zero or a pole of order nv at a vertex we alter 
the path of integration to exclude each vertex of the cycle as in fig. 
13.4-6, the radius of the small circular arcs being p. The parts of the sides 
that remain are congruent in pairs. At sy we have 


F(s) = (s~so)"9() 
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g(So) # O and g(s) regular at s = so. Along the small arc we have 


ff (s) ds = n| i + foe ds. 
f(s) s-+5 J g(s) 
Making p-— 0 the last integral tends to zero, since the integrand remains 


finite. The first integral on the right-hand side approaches —i@, where 6 
is the angle at sy. Summing for all vertices of a cycle we have 


2 
No-N, = —-—20=—-— =~. 
2% 27 g g 
In the case of a zero we have n > 0 and 
Not — = Na. 
g 


As n/g is the number of zeros we are to count at the vertices of a cycles 


Fig. 13.4-6. Modification of the path of integration if there are zeros or poles at the 
vertices 


the number of zeros is equal to the number of poles. In the case of a pole 
we have n < 0 and we may write 


Nene 
g 


Thus the theorem holds also in this case. 

It remains to discuss the case, where f(s) has a zero or a pole ata 
parabolic point. We draw a circle C through So as in fig. 13.4-3, suffi- 
ciently small that there are no zeros or poles within the region 595,52 
of that figure. The arc cuts off from the regions that lie between 595, 
and sys, certain parts %,,..., %,,. The congruent parts, %,,..., Un 
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lying in the fundamental domain make up the neighbourhoods of the 
cycle. We shall remove these parts from the fundamental domain and 
integrate along the boundary of the remainder. The integrals of pairs of 
congruent sides cancel. The integrals over the circular arcs cutting off 
the parabolic points may be replaced by the integrals 


No-Na == ( Las = = [Oa 

2niJ,, f(s) 2niJ p(t) 
where the last integral is taken around the circle of fig. 13.4-3 in the 
clockwise sense. It has the value —n if g(t) has a zero of order n or a pole 
of order —n att = 0. Hence we either have No tn = N,, or No =WN,,—n. 

The function f(s) cannot have an infinite number of poles in the funda- 
mental domain, for the poles would then have an accumulation point. 
If this is an ordinary point, f(s) has an essential singularity there. If it is a 
parabolic point, g(t) has an essential singularity at the origin, both of 
which are contrary to hypothesis. Similarly f(s) cannot have an infinite 
number of zeros, unless it is identically zero, for an accumulation point 
of zeros is likewise an essential singularity. This concludes the proof of 
the theorem. 

The number of poles of a simple automorphic function in a funda- 
mental domain is called the degree of the function. 

Some direct consequences of this theorem deserve mention. 

A simple automorphic function which has no poles in the fundamental 
domain is a constant. 

Let f(s) be the value of f(s) at s = 5s. Since f(s) and f(s)—f(so) 
have the same number of poles, the number of zeros of f(s)—f(S9) is 
zero, if f(s) is not a constant. Thus we arrive at a contradiction. 

A simple automorphic function which is not a constant takes on every 
value the same number of times, being equal to the degree of the function. 

This is clear, for the number of zeros of f(s)—f(59) is equal to the num- 
ber of poles of f(s). 

A more deeper consequence is the following theorem 

Between two simpie automorphic functions belonging to the same group 
and having the same region of existence, there exists an algebraic relation. 

Let f, and f, be such functions. Consider a polynomial 


ey 


F(z,w) = Ya,,z"w’, (13.4-8) 
u=0 v=0 
where a@o9,---; Gm are constants. If the number of poles of f, is ky 


and the number of poles of f, is k, then F(/,, f) is a simple automorphic 
function whose number of poles does not exceed mk,-+nk,. The most 
general polynomial (13.4-8) contains (m+1)(m+1) constants. We can 
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choose these constants in such a way that F(/,,/,) will have @n+1)x 
x (n+1)—1 zeros at assigned points in the fundamental domain. This 
gives rise to (m+1)(n+1)—1 linear equations for the coefficients and 
since there is one more constant than equations to be satisfied it is possible 
to find constants satisfying these equations not all being zero. If m and n 
are large enough then 


(m+ I(nt+1)—-1 > mk, +nk, 


and F(f,, f2) has more zeros than poles. This is only possible if F(/,, f,) 
is identically zero. 

A particular case is 

If there exists a simple automorphic function f(s), having a single pole 
in the fundamental domain, then any simple automorphic function connected 
with the same group and having the same region of definition is a rational 
function of f. 

Let g(s) have k poles. Consider the polynomial 


FQ, w) = Q(z)w—P(z), 


where P and Q are polynomials of degree at most k. The number of 
poles of F(f, g) does not exceed 2k; the number of coefficients is 2k +2. 
Hence we can prescribe 2k +1 zeros and it follows, as above, that there 
is a relation of the form 


Q(f)g-P(f) = 9, 


identically in s. The coefficients of Q are not all zero, for otherwise 
P(f)=0 identically, and this implies that f would be a constant. Hence 


se O(f) (13.4-9) 


and this concludes the proof of the assertion. 


13.4.4 — THE SCHWARZIAN DERIVATIVE 


Let f(s) and g(s) denote two simple automorphic functions of the first 
degree, connected with the same group and having the same region of 
existence. Then, according to the last theorem of the previous section, g 
is a rational function of f and f is a rational function of g. Hence the 
two functions are related as 


: _ Af(s)+B A B 
a(s) Cf(s)+D’ hs D 


where A, B, C and D are constants. Conversely, if f(s) is a simple auto- 


| # 0, (13.4-10) 
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morphic function of the first degree, so is g(s), for the values of g 
correspond in a one-to-one manner to those of f; hence g takes each 
value once in the fundamental domain. 

Now we ask whether there is an expression having the same value at 
a given point for all functions related as in (13.4-10). It is clear that we 
can find such an expression by differentiating (13.4-10) a sufficient number 
of times and eliminating the constants. First we have, primes denoting 
differentiating with respect to s, 


, AD-BC ,, 
g = —— ff". 
(Cf+D) 
Taking the logarithmic derivative we find 
emi aee SF (13.4411) 
g’ f’ Cf+D 
and differentiating again 


d g’’ it, d ta _ 2cf"’ 2C7f"? 


= : 13.4-12 
dsg’ dsf' Cf+D (Cf+D/) ( ) 
By squaring both members of (13.4-10) we get 
(x) e (“)- 4cf"” sé 4c7f"? 
g! Af} Of+D  (Cf+b) 
Hence the expression 
= d Faas f" 2 
[f]. = asf 4 fa (13.4-13) 


is the desired invariant, for 


Lf]; = [g],. 


The expression (13.4-12) is called the Schwarzian derivative of f. 

A very useful result is obtained if we investigate the behaviour of this 
derivative under a change of the independent variable. Let #(s) denote a 
function of s. Then 

af df dt 
ds dt ds’ 


d’fjds? _ d°f|dt? dt f d?t{ds” 


dfids  dfjdt ds dt|ds 


and, differentiating again 
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d d°fjds* _4 af jdt? (4) af jdt? dt da dt{ds* 
ds df[ds dt dfjdt \ds df{dt ds? ds dt/ds~ 
It follows that 


| [Lf], = (f1: (4) +00 ’ (13.4-14) 


In particular, if ¢ is a fractional linear transformation 


as+b 


= eat (13.4-15) 
then [t], = [s], = 0 and 
d—bc? 
[A]. i Lf, area : (13.4-16) 


Consider now a function z(s) and let s(z) denote a function element of 
the inverse function in some neighbourhood of point s where z'(s) # 0. 
Since [s], = 0, we find from (13.4-14) 


0 ta (%)" +t, 
whence 
[s]. = -[z], / (2). (13.4-17) 


It is apparent from (13.4-16) that the Schwarzian derivative of an 
automorphic function is not automorphic. But we have 
If z is a simple automorphic function then also 


wz], (13.4-18) 


is a simple automorphic function. 

The left hand member of (13.4—17) is invariant with respect to a frac- 
tional linear transformation of s. Hence (13.4~18) is automorphic. 
If z(s) is meromorphic the same is true for its derivatives. The function 
(13.4-18) is, therefore, meromorphic throughout its region of existence. 
There remains the question of its behaviour at the parabolic points. As 
in section 13.4.2 we introduce the variable t by 


Qni 


t=e", u= 
c(s—S0) 


LLL 
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or 
2nis 
us, 
c 


according as the parabolic point is finite or infinite. 
We have 


a. (4) +09 
[liseli eS dUs Cree alte 
(2) (2) (2) (#) a2)’ ae ay" 
dz du dt} \du G (F 
The function z, expressed in terms of ¢, has at most a pole at ¢ = 0. 
Hence (13.418) is either regular at t = 0 or has a pole there. This 
concludes the proof of the assertion. 

According to the fourth theorem of section 13.4.3 there is an algebraic 
relation between the functions z(s) and the function (13.4-18). Hence in 
view of (13.4-1) we may assert that R(z) = [s],, s(z) being the inverse of 
z(s), depends algebraically on z. Suppose that z(s) is of the first degree. 
Then z takes its values once and this means that R(z) is rational. Thus we 
have 


If z(s) is a simple automorphic function of the first degree and s(z) 
its inverse, then the Schwarzian derivative 


R(z) = [s}, 


is a rational function of z. 
The function R(z) is called the invariant of the simple automorphic 
function z(s). 


13.4.5 — THE DIFFERENTIAL EQUATION OF THE SECOND ORDER 


We consider again a function s(z) in some neighbourhood of a point, 
where s‘(z) # 0. We introduce two functions wo(z), w,(z) such that 


(cy (13.4-19) 


The derivative with respect to z is 


1 _ WiWo-W1 Wo 
5s = ———_———_ 

Wo 
Since we are free in the choice of wy we can take this function in such a 

way that 
1 
Wo = 

ds/dz 


(13.420) 
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in some neighbourhood of the above mentioned point. Then from 
(13.420) 

Wi Wo—-W1 Wo = 1 (13.4-21) 
and it follows that 

Wi Wo—W1 Wo = 0, 
or 

“o = M1, (13.4-22) 

Wo Wi 


Now we express the Schwarzian derivative of f(z) in terms of wy and 
w, (and its derivatives). We have from (13.4-20) 


s’ _ __ 2wo 
aan Wo 
and so 
ds” _ WoWo— Wo 
dz s' we F 
whence 
” wm 
[s]. = -2-2 = -2"4 
Wo Wy 


This result can be stated as follows. Denoting [s], by R(z) we have 
The functions Wo and w, satisfying (13.4-19) and (13.4-21) are solutions 
of the linear differential equation of the second order 


If [s], = 0 we have wo = 0, Wo = cz+d, and w; = 0, w, = az+b, 
whence s = (az+6)/(cz+d). This enables us to prove 
From 


(f1. = [9]. (13.4-24) 
follows that 
fl (13.4-25) 
Cf+D 


where A B, C and D are constants. 
We employ (13.4-14). It is assumed, of course, that f(z) is not a constant. 
Introducing the new variable f = f(z), we have 


(al. = tol, (Z) +01. 
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whence [g], = 0, since df/dz 4 0. Then the truth of the assertion follows 
from the above remark. 

Let now z(s) denote a simple automorphic function of the first degree 
and s(z) its inverse: then we have evidently 

If z(s) is a non-constant simple automorphic function of the first degree 
then its inverse can be expressed as the quotient of two solutions of a 
linear differential equation (13.4-23) of the second order, where R(z) is a 
rational function. 


13.4.6 — THE INVARIANT OF A SIMPLE AUTOMORPHIC FUNCTION OF THE 
FIRST DEGREE 


In the previous section we obtained the result, that the invariant 
of a simple automorphic function z(s) of the first degree is a rational 
function. 

First we consider an ordinary point sg of z(s). Let a denote the value 
of this function at sy. Then we have the expansion 


z= at+a,(s—so)+..., (13.4-26) 


with a, # 0, for z(s) is of the first degree (and hence univalent). Intro- 
ducing the variable 


t = s—So (13.4-27) 
we have 
z=ata,t+... (13.428) 
and this series is invertible giving 
t = b\(z—a)+.... (13.4-29) 
Now 


R(t) = [sh = [51 (1) ta =i» 
Z/ 


for [s], = [t+5 9], = 0. Since [¢], is clearly regular at z = a, we find 
The function R(z) is regular at a point z =a corresponding to an 
ordinary point of s(z). 
Next we consider the case that sg is a pole not at a vertex or at a 
parabolic point. Hence we have an expansion 


oie a,(s—So)+... (13.4-30) 
Zz 
and the substitution (13.4-27) leads to 


t=b, (<) Bea at (13.4-31) 
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As above we find 
R(z) = [4]. 
But 


d(1/z)\?__ 1 
[]. = (t]1)2 ( or 7 = zt [tl 1/25 
where [t],,, is an ordinary power series in terms of 1/z. Thus we find 

If the point at infinity of the z-plane corresponds to a pole in the interior 
of the fundamental domain of the function z(s) then R(z) is regular at 
infinity, having a zero of order at least four there. 

Suppose now that Sg is a vertex of the fundamental domain and that z 
takes the value a at this point. Then z—a has a zero of certain order n 
ats = 5). As we pointed out in section 13.4.3 this point must be counted 
with a multiplicity n/g, if g is the pe1iod of the elliptic transformation 
associated to this point. Hence we must take n = g and the expansion 
of z is 


Z=ata,(s—so)+...,a, #0, (13.4-32) 
which transforms into (13.4-28) after performing the substitution 
t = (S—5)’. (13.4-33) 


The series (13.4-28) can be inverted, yielding the series (13.4-29). 
From (13.4-33) follows that 


S = Sot", (13.4-34) 


where t is a power series in z—a. In some neighbourhood of ¢ #0 the 
function 1? represents a single-valued branch. 


In 
dt\? 
R(z) = [s], (—) +041. (13.4-35) 
dz 
the last term is an ordinary power series. An easy calculation shows that 
~-1\ 1 
[s], = (= =) 5° (13.4-36) 


whence 


(.(#) = (= 4) (bie. 


g’/ 2(b(z—a)+ ...)° 


-~ 1 1 Cc’ 
= 1- 2 2 + + ary 
g/ 2%(z-a) z—a 


where the omitted terms represent an ordinary power series in z—a. Thus 
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The function R(z) has a pole of the second order at a point z =a corre- 


sponding to a vertex of the fundamental domain. 
If the vertex is a pole we may write 


= a,(s—so)'?+... 


N | 


and this yields (13.4-31) on applying the substitution (13.4-33) and 
inverting the series. Now we have 


aA pled 


(1- +)5 + S + 
9? 227 2 


and since [t], starts with a term involving z~* we obtain 

The function R(z) has a zero of the second order at the point corre- 
sponding to a pole at a vertex of the fundamental domain. 

A parabolic point sg is investigated by the substitution (13.4—5). 
Suppose that z takes the value a at s = 5g. The auxiliary function 
introduced in section 13.4.2 has a zero or a pole of the first order at 
t = 0. In our case it has a zero and from z—a = g(t) we find ¢ as an 
ordinary power series in terms of z—a. Since 


we find 


the same result as (13.4-36), but with g = oo. As a consequence, since 
the case of a pole can be treated along similar lines, 

The function R(z) has a pole of the second order at a point corresponding 
to a parabolic point and a zero of the second order at infinity, if the para- 
bolic point is a pole. 

We tacitly assumed that so is finite. But if so is infinite we replace 
S—So by I/s in our formulas and make use of the fact that [s],= [I/s],. 

Summing up we see that R(z) has only poles of the second order and 
a zero of at least the second order or of at least the fourth order at 


infinity. 
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13.5 — The Poincaré theta series 


13.5.] — THE THETA SERIES 


A fundamental question in the theory of the automorphic function is 
whether there are non constant functions which are automorphic with 
respect to a given properly discontinuous group. In section 13.1.5 we 
proved that a properly discontinuous group is either finite or consists 
of an enumerable number of elements. Hence we can place them in a 
certain order 


Aah Bese (13.5-1) 


where A, always denotes the identity E. 
If the group is finite and H(s) is any rational function then, 


n-1 


2» H(A,s), (13.5-2) 


where n is the number of elements of the group is automorphic, for 
replacing s by A,s means only a permutation of the terms in the sum 
(13,5-2). 

If, however, the group is infinite we have instead of (13.5-2) an infinite 
series and there is no reason to believe that such a series is convergent, 
for the general term H(A,5) will even not approach zero unless H(s) 
is zero in the limit points to which A,» cluster. 

The situation is comparable by that of the problem of Mittag—Leffler 
(section 4.11.1) of constructing a function with prescribed singularities. 
The problem was solved by the introduction of convergence factors. 
The same idea led Poincaré to the construction of a certain class of series 
which have similar properties as the Jacobian theta series. These series 
can serve to construct automorphic functions. 

Let A(s) be a rational function none of whose poles is at a limit point 
of the group. By a theta series of Poincaré we understand a series of the 


type 
ihss\? 


ds / 


a(8) = 3 H(A) ( (13.53) 


where m is a positive integer. In the next section we shall prove the 
unconditional convergence of this series. 

Anticipating this result we shall first derive a fundamental property of 
this series. Let 


_ a,s+b, 


A,s 3 
c,S+d, 


=1. (13.5-4) 


n=0,1,2,..., 
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Then 


If m runs through all numbers 0, 1, 2,..., then A,A,s runs through all 
transformations of the group and since — as we shall prove — the series 
(13.5-3) is unconditionally convergent we may conclude that 


6(A,s) = 0(s) (Se) " 


or 


A(Axs) = O(s)(cus+ ay)”. 


(13.5-5) 


This is Poincaré’s relation. The number m will be called the weight of the 
series. 

Now we can set up functions which are unaltered when a transforma- 
tion of the group is applied. Let 6,(s) and 0,(s) be two theta series of 
the same weight. If f(s) denotes the quotient 


(13.5-6) 


then 


8(A,5) re O2(s)\(cys+dy)” 


It will appear subsequently that, for a function group, A, 5 is in the domain 
of existence of the theta series. Then f(s) is an automorphic function. 


13.5.2 — CONVERGENCE OF THE THETA SERIES 


We proceed to prove the convergence of the theta series (13.5-3). 
We state 

If m = 2 and if the point at infinity is an ordinary point of the group, 
then the theta series (13.6~3) defines a function which is meromorphic in 
any region not containing limit points of the group in its interior. 

The restriction that s = oo can only be an ordinary point is not very 
serious. It has the advantage that we can apply the results obtained in 
paragraph 13.1. 

It will suffice to prove the theorem for a region ’ such that there are 
no limit points of the group inside or on the boundary of Kt’, since such a 
region can be made large enough to include any given interior point of a 
region with limit points on its boundary. 


13.5] THE POINCARE THETA SERIES 403 


Certain terms of (13.5-3) may have poles in #’. At s = —d,/e,, 
the centre of the isometric circle J,, the factor (c,s+d,)~?" becomes 
infinite. If s is such that A,s = a, where a is a pole of H(s), then H(A,s) 
has a pole. It is clear, however, that only a finite number of terms of the 
series have poles in {R’; for ft’ contains in its interior and on its boundary 
only a finite number of centres of isometric circles and only a finite 
number of points congruent to each of the poles of H(s). 

We now omit the finite number of terms having poles inside t’ and on 
the boundary of {’. The minimum distance from the boundary of §’ 
to the centres of those isometric circles whose centres are exterior to ft’ 
exceeds a positive number d. We have then for all the terms we are 
considering and for all s in ®’ 


js+ 2 


CK 


2d. 


Further we can include the poles of H(s) in small closed discs such that, 
when s is in Mt’, all points A,s in the terms considered are outside these 
discs. Outside these discs the function H(s) is bounded, so that we have 


|H(A,5)| < M. 
Excluding further the finite number of terms for which c, = 0, we have 
H(A,s) 2 M 


2m 2m 

d 

oz™ (s+ *) 
Ck 


H(A, sles +d,|-7" = 


lel”. 


The series 
foe) foe) 
Vigl = ¥ re 
v=1 v=1 


being the series (13.1-23), is convergent under the assumptions made 
above. Hence the series 


lee 

vel 
is certainly convergent if m = 2. Thus the absolute and uniform conver- 
gence of the series under consideration is established and its sum is a 
holomorphic function in ’. It follows that (13.5-3) is meromorphic in 
§’ and, consequently, also in R. 

Let us now consider, for example, the Fuchsian group of the first kind. 
The limit points consist of all points of the principal circle and (13.5-3) 
defines a meromorphic function inside the principal circle. The poles 
of O(s) arise from the poles of the individual terms of the series. If 
H(s) has a pole at s = a inside the principal circle, then H(A, 5) becomes 
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infinite when A,s = a. That is, 0(s) has poles at the poles of H(s) — except 
that, in special cases, H(s) may have poles at congruent points of such a 
character that the singularities arising from two or more terms of the 
series cancel. Leaving this special case aside we may state that the number 
of poles of 6(s) in a fundamental domain Rt, is exactly equal to the 
number of poles of H(s) inside the principal circle. If @(s) has poles inside 
the principal circle, these points cluster about each point of the principal 
circle. The principal circle is thus a natural boundary of the function. 

The proof of the convergence of the theta series does not require that 
the group be a function group. Poincaré’s relation (13.5-5) connects two 
distinct functions, unless @(s) can be continued analytically from s to 
A,s. In order that (13.5-5) express a property of a single one of the 
functions defined by the series, it is necessary that the region of existence 
of the function can be carried into itself by the transformations of 
the group. The group is then a function group. 

In setting up functions by means of theta series, the poles of H(s) are 
at our disposal. By placing a pole at a desired point we can be sure that 
6(s) in a region under consideration has a singularity and, hence, it is 
not identically zero. In forming automorphic functions for a function 
group by means of theta functions, as in (13.5-6), we can place the poles 
of the numerator and the denominator at different points of and, thus, 
be assured that the automorphic function does not reduce to the trivial 
case of a constant. 


13.5.3 - BEHAVIOUR OF THE THETA SERIES AT VERTICES AND AT PARABOLIC 
POINTS 


Let, as in section 13.4.2, s, and s, be fixed points of an elliptic trans- 
formation A of period g. Then A is defined by (13.4-1). Differentiating 
logarithmically we get 


dAs _ (As—s,)(As—s2) 
ds (s—s,)(s—s,) — 
We assume that s, is in the region of existence of a theta function 6(s), 


such that A belongs to the group defining this function. 
Poincaré’s relation (13.5-5) may be written in the form 


(13.5-7) 


BAS Als): (135-8) 


6(As) (=) 


Let us put 
F(s) = (s—s,)"(s—s2)"0(s). (13.5-9) 
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Then, by virtue of (13.5-7) and (13.5-8) 
dAs\" 
F(As) = (s—s,)"(s-—-52)" (“) 6(As) = F(s) 
\ ds 


and it appears that F(s) is unaltered by the transformation A; otherwise 
stated: F(s) is automorphic with respect to the cyclic group generated by A. 
Applying the first theorem of section 13.4.2 we may infer that F(s) takes 
its value g times, or a multiple thereof, at s = s,. 
If 0(s) is regular at s=s, then F(s) has a zero of order at least m at 
s=s,. If m is not a multiple of g then 0(s) must have a zeru at s, also, 
the order ng of the zero being such that 


m+ No = 0(mod g). (13.5-10) 


Hence 

If 0(s) is regular at s = 8,, it is necessarily zero there, unless the 
weight m is a multiple of g. 

If 0(s) has a pole of order n,, at s,, then F(s) has a pole of ordern,,—m 
or a zero of order m—n,,, unless n,, = m. An equation 


M—N~» = 0(mod g) (13.5-11) 


holds in this case. 

Next we suppose that so is a parabcliz point and that there is a para- 
bolic subgroup generated by a transformation A defined by (13.4-3). 
Now we have 


ee: 
st = [Bes8e) (13.5-12) 
ds \s—Sq/ 
and if we introduce the function 
G(s) = (s—so)?"0(s) (13.5-13) 


we find 


G(As) = (s—sp)?™ (=) 6(As) = G(s), 


meaning that G(s) is automorphic with respect to the subgroup generated 
by A. 
Introducing the variables (13.44) we have 


fe Oe ~ (8 ese)" Wt), 


where y(t) is single-valued in a neighbourhood of ¢t = 0. The theta 
function shows a logarithmic singularity at t = 0. 
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We can take the circle C, considered in section 13.4.2, small enough 
that it contains no point —d,/c, and no point congruent to a pole of H(s). 
In fact, C, when small enough, contains only points congruent to points 
of the fundamental domain which lie in the neighbourhoods of the 
parabolic points of the cycle; and these neighbourhoods can sufficiently 
restricted to exclude oo and the finite number of the points of the funda- 
mental domain congruent to poles of H(s). Taking C sufficiently small 
we have bounds for the expressions 


S750] < K, |H(A,s)| <M, 
s+ — 
Cy 


where s lies within or on the boundary of the triangle s, 595, considered 
in the above mentioned section. In the series 


co 


Gy => [8=8\Eahat: 


v=0 
s+ — 
cy 


v 


the general term is less in absolute value than the corresponding term of 
the convergent series of positive terms 


c) 
K2"M Y \c,|7 2". 
y=1 


G(s) thus remains finite if s tends to so from the interior of the triangle. 
In the ¢-plane, then, W(t) is regular at t = 0, for it is bounded and holo- 
morphic in a neighbourhood of t = 0 (section 2.8.3). 

An automorphic function formed as a quotient of two theta series 
may be written as 


f(s) = Sa") _ ACO 

(s—so)°"62(s) a(t) 
This function, as a function of t, is regular or has a pole at t = 0. Then, 
as s tends to sy from the interior of the fundamental domain, f(s) has a 


finite or infinite limit. 1t thus satisfies the requirements for the behaviour 
of a simple automorphic function (section 13.4.1). 


CHAPTER 14 


THE SCHWARZIAN TRIANGLE FUNCTIONS AND THEIR 
INVERSES 


14.1 — The mapping of a curvilinear polygon 


14.1.1 — THE DIFFERENTIAL EQUATION OF SCHWARZ FOR THE MAPPING 
FUNCTION 


An interesting class of automorphic functions is intimately related to 
the problem of the mapping of the upper half of the z-plane onto a 
curvilinear triangle in the w-plane. 

The Schwarzian derivative provides the key for the solution of the 
problem of mapping a circular disc or a half plane onto a polygon with 
circular sides. We understand by such a polygon a region whose boundary 
consists of circular arcs. The case that there are rectilinear segments 
among the sides need not to be excluded. 


Qa, Ap a3 Gg A5 Ag 


Fig. 14.1-1. The mapping of a curvilinear polygon onto a half plane or onto a circular 
disc 
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As we shall see a linear transformation has no influence on the method 
for characterizing the mapping function. Hence we may assume that the 
polygon is situated in the w-plane such that w = oc is an external point. 
Its vertices will be denoted by 5,,...,5, and the interior angles by 
1%,...,%,7% respectively, (fig. 14.1-1), wilOS«,$2,k =1,...,n. 

By the Riemann mapping theorem and the supplementary discussion 
of section 10.5.6 we may conclude that there is a univalent function f(z), 
holomorphic throughout the upper half of the z-plane or in the interior 
of the unit disc around z = 0 which maps this region onto the interior 
of the polygon. This function is continuous on the real axis or on the 
circumference of the disc. 

Let a,,..., a, denote the points in the z-plane corresponding to the 
vertices of the polygon. For the time being we suppose that all these 
points are finite. Since rectilinear segments or circular arcs correspond, 
we may apply Schwarz’s reflection principle and conclude that f(z) 
is also regular at each point of the boundary, except at the points a,,..., 
a,. The function f(z) can be continued analytically across a line segment 
(or an arc) between two successive points a;, a;,, as to be defined in the 
lower half plane or the exterior of the unit circle. The values of f(z) in 
this new region make up the interior of a polygon adjacent to the given 
polygon and symmetric with it with respect to a side. Reflecting again 
with respect to a part of the boundary between two points a,, a, , (different 
from the above ones) we obtain a function g(z) which is defined in the 
original region and maps this onto a polygon which is obtained by two 
reflections, (fig. 14.1-2), ie., a fractional linear transformation. This 
new mapping function is related to the first function by means of the 
equation 


(14.1-1) 


where A, B, C and D are constants such that 4D—BC # 0. It is, there- 
fore, natural not to consider the mapping function f itself, but the 
Schwarzian derivative [f], which is the same for all mapping functions as 
obtained by means of the reflection principle. It follows that [f], is a 
single-valued function which exists throughout the extended z-plane, 
except possibly at the singular points a,,..., a,, for f’(z) # 0 everywhere 
in the region outside these points. 

By a suitable linear transformation (14.1-1) in the w-plane we can map 
a given polygon onto a polygon which has a rectilinear side on the real 
w-plane axis. Hence g(z) and so [g], is real between the points corre- 
sponding to the endpoints of this segment. As a consequence 

The Schwarzian derivative [f], of the mapping function is real on 
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Fig. 14.1-2. Successive reflections of a polygon in its sides 


the boundary of the half z-plane or on the circumference of the unit disc. 
Now we turn our attention to the discussion of the singularities. Let a 
denote a singular point and b its image. The angle at 6 be ax. Three cases 
can occur; 
a) The circumferences, on which the two sides issuing from b lie, meet ina 
second point 5’ which is a finite point. If b = oo then the circumferences 
are straight lines, of course. 
b) Both sides are rectilinear and issue from a finite point. 
c) The sides are tangent at 5. In this case the internal angle is 0 or z, 
(fig. 14.1-3), for we exclude the case « = 2. 
Case a) can be reduced to case b) on applying a linear transformation 
which brings the point b’ to infinity. We consider this case first. 
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A suitable movement brings 4 into the point w = 0 and one side along 
the real w-axis, such that the other side is in the upper half of the w-plane. 
The resulting mapping function will be denoted by g(z). 

It is clear (section 10.2.2) that the transformation 


C=w (14.1-2) 


maps the angular region onto the upper half of the t-plane. Thus we obtain 
a correspondence between the z-plane and the f-plane such that points 
in a neighbourhood of z = a and lying on a segment of the boundary of 
the mapped region in the z-plane correspond to those of a part of the real 
axis in the ¢-plane containing t = 0. As a consequence the function f(z) 
is regular at z = a (Schwarz’s reflection principle) and can be continued 
throughout a neighbourhood of z = a. Hence ¢ can be expanded as 


t = c,(z—a)+ce,(z—a)’+...,¢, #0. (14.1-3) 


On applying the transformation formula (13.4-14) of the Schwarzian 
derivative we may evaluate [g],, for 


C;) a=7 Co) a=0 


Fig. 14.1-3. The various possible situations at a vertex of a curvilinear polygon if 
O=a<2 
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[ol = [w], (“) +t. 


Now t = w' represents a single-valued branch in some neighbourhood 
of w =0. A simple calculation os 
a? 


[w], = =. 


whence 


Lv]. (2) = a ae oT wa os 


where the omitted terms constitute an ordinary power series. Observing 
that [¢], is regular, we finally have, since [f], = (g],: 
1-0? Cc . 
Ll. = ——j + — +h), (14.1-4) 
2(z-a)’  z-a 
where A(z) is regular at z = a. 

There remains the discussion of the case « = 0, 1. First we apply a 
transformation (if necessary) which brings 5 to infinity in such a way 
that we obtain figures as considered in section 10.3.6. If « =O we use 
the transformation 


w = logt 
and from 
[w], = ap 
we easily find 
1 Cc 
Le ee en); 


%z—a)’ za 
being the expression (14.1-4) with a = 0, 
If « = 1 we apply the substitution 


w=t'+logt 


which does not differ essentially from (10.3-33). 
A simple calculation shows 


t—4 2 
wh =%4——j =-—+t 
ia 
Inserting the series for f we obtain (14.1-4) with « = 1. 


It is clear that the function 


we) =U -4¥, ATH, - FS 


Te a ¥ ve1Z—a, 
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has no singularities in the finite plane. Let wy denote the value of f(z) at 
z= oo. Then 
1 


1 2 
W—Wo = Cy (=) +a (5) +26, €, #0, 


It is evident that [w],,, is an ordinary power series in 1/z and so 


Ele = Chin (22) = Erde 5. 


Hence 

The function [f), is regular at z = 00 and has a zero of multiplicity at 
least four there, provided that z = co does not correspond to a vertex 
of the polygon. 

By the Cauchy-Liouville theorem (section 2.12.1) the function y(z) is a 
constant, in this case the constant zero. Thus 

If a,,..., @, are finite, then the mapping function satisfies Schwarz’s 
differential equation 


® 1-0? P.. eS 
[fl]. = ty Goud p23. A (14.1-5) 


If is often convenient, in the case that we map the upper half of the x- 
plane onto a curvilinear polygon, to admit that z = oo is singular, i.e., 
that it corresponds to the vertex 5, of the n-gon. Reasoning along the 
same lines as in the cases of a finite singularity and observing that now 


t= a, (2) Hep (EN a. 


Zz \z/ 


Il 


we easily find that 
1-a? 
ee 


2? 


55 (14.1.6) 


Lf]. =4 


where the omitted terms constitute a power series in 1/z, beginning with 
1/z3. Thus 

If z = & corresponds to a vertex of the polygon, then [f], has a zero 
of multiplicity at least two at z = «©. The function f satisfies the differential 
equation (14.1-5), where n is replaced by n—1. 


14.1.2 — FUNDAMENTAL RELATIONS 


The various constants occurring in (14.1-5) are not independent. 
Expanding [f], in a neighbourhood of z = oo we get 
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1+ . 
Ors Po ((1-«2)a,+C,a?)+.... 


Assuming that f(z) is regular at z = oo the function [f], has a zero 
of at least the fourth order there and we conclude that 


> Cc, = 0, (14.1-7) 
vel 


¥ G(1-23)+C,a,) = 0, (14.1-8) 
and 


(nos )a,+C,az) = 0, (14.1-9) 


bM=s 


v 


By means of these fundamental relations n—3 among the constants 
C,,...,C, can be evaluated, provided that a,,..., @,,%,,...,%, are known. 
Thus the mapping problem depends on n—3 undetermined constants, 
the so-called accessory parameters of the problem. 

It is clear that if the vertices and the angles of the polygon are given, 
the numbers a,,...,a,,C;,..., C, are determined. The actual evaluation 
of these constants is, however, an extremely difficult task, except in a few 
special cases. 

It is instructive to investigate what happens if we add a singularity 
4,4, and let a,;; -» oo. The equation (14.1-5) contains again the terms 
corresponding to the finite singularities, Weiting (14.17), (14.1-8) and 
(14.1-9) as 


XY Cyt yay = 0, 
YG ay) + Cra) +40 — apr) + Cn 1 Ons = 0, 


n 
» ((1 —0,)a,+ C,az)+(1 O24 1)4n+ i + Chat dpe = 0, 
vel 
we see immediately that from the second of these equations follows 


lim Cy4i@ne1 = —3#(1-of4,)— ¥ GU -)+C,a,) 
an+17 0 v=1 


and from the last 


: 2 
lim Cy414n41 = —(1—o941)- 
ant17 oO 


414 THE SCHWARZIAN TRIANGLE FUNCTIONS fi4 


Hence C,,., — 0 and so we get the relation (14.1-7). In addition we now 
have 


y (301-27) +C,a,) = H(1—a741)- (14.1-10) 


14.1.3 - THE SCHWARZ-—CHRISTOFFEL FORMULA 


The method for obtaining Schwarz’s differential equation can also be 
applied to the case of a rectilinear polygon. But now things simplify 
considerably, for we have only to consider transformations of the type 


w—>Aw+B 


and for these transformations already 


yw’ 
remains invariant. Evaluating this invariant in the various cases we obtain 
the result that it has simple poles at a,,..., a, with residues 7, —1,..., 
a, ~ 1 respectively, assuming that these points are finite. There is a double 


zero at z = oo and this becomes a simple zero if a, = oo. In the case of 
finite singularities we have 


whence 
n n 
w=c Il (z—a,)*"' =c[] (z—a,)~*. 
vel vei 


This yields the Schwarz-Christoffel formula (10.3-9). 

It is tacitly assumed that w = oo is not an interior point of the polygon. 
If w(z) maps the upper half of the z-plane onto the exterior of the polygon, 
then with the conventions of section 10.3.5 we find that 


Wee wo iaet ty 2 2 


wo v=1zZ—-a@, Z-a@ za 


where z = a corresponds to w = oo. By adjusting constants we may take 
a = 1. Then (10.3-17) follows. The fundamental relations reduce to 


na 
v4 = 2, 
v=) 


which is geometrically evident. There are no accessory parameters. 
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14.2 — The Schwarzian triangles and their associated groups 


14.2.1 — THE PROBLEM OF INVERSION 


An interesting class of functions is related to the problem of the map- 
ping of the upper half of the z-plane onto a curvilinear triangle in the 
s-plane if we ask under which circumstances the mapping function is 
extendible throughout the whole s-plane as a single-valued function. By 


S(o1 , 2, 35 2) (14.2-1) 


we Shall denote a function which maps the upper half of the z-plane onto 
a curvilinear triangle with angles «,2, #7, «37, such that the points 
z = 0, 1, 0 correspond to the vertices of the triangle respectively. The 
function (14.2-1) is a solution of Schwarz’s differential equation 


[s]. = R(z), (14.2-2) 
with 
l-a? =. 1~ 03 Ci, Gs 


R(z) = + + : 
) 22? A%z-1 zz 


In view of (14.1-7) (with m = 2) and (14.1-10) (with n = 3) we have 
C,+C, =0, 
HL —af)+H(1-03)+C, = (1-23), 


whence 


2 re eee 
1-a3 a; +az—a3—1 


(z—1)? 22(z—1) 


R(z) = LN 14.2-3 
22? 2 ( * -3) 


In this case there are no accessory parameters. 

Throughout the closed triangle the function s(z) is invertible, its 
inverse being denoted by z(s). This latter function can be continued 
analytically beyond any side of the triangle by applying the reflection 
principle and we obtain another triangle which corresponds to the lower 
half of the z-plane. On repeating this process in all possible ways we obtain 
a system of triangles corresponding the upper or the lower half of the 
z-plane alternately. In a figure we shall shade the triangles corresponding 
to the upper half plane. 

In general the function thus obtained is not a single-valued function 
in the s-plane, for triangles of the system may overlap. Assume now that 
none of the numbers «,, %,, %3 is equal to 0 or 1. By a MObius trans- 
formation we can carry the triangle into another triangle with its 
vertex at the origin and two rectilinear sides issuing from this vertex. 
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Reflecting in these sides and repeating this process we get a star of trian- 
gles around the origin and these triangles fill up a neighbourhood of the 
origin without gaps or overlappings if and only if the angle at the origin 
is m/y, where y is an integer > 1. Hence the analytic function z(s) takes 
again its original value if s describes a small circle about the origin. If 
the same condition holds for the other vertices we have 

The inverse z(s) of the function which maps the upper half of the z-plane 
onto a curvilinear triangle with angles a,7, «1, a7 is continuable as a 
single-valued function beyond the sides of the triangle if and only if the 
numbers a, %2, &3 are the reciprocals of integers > 1, assuming that 
none of the angles are zero. 

The case that one or more of the angles is zero need not be excluded. 
Then we interpret the reciprocal of « as oo. 

The functions (14.2-1) with a, = 1/),, #2. = I/y2, «3 = I/y3, where 
the y’s are integers or 00, are called Schwarzian triangle functions. 

On applying repeatedly the process of reflection with respect to the 
sides of a triangle and to those of the triangles thus obtained we get 
a group of linear fractional transformations which carry any shaded 
triangle into any other shaded triangle. We shall list the groups further on 
and it will turn out that they are properly discontinuous. The inverse 
function z(s) of the corresponding Schwarzian function is a simple auto- 
morphic function. We shall see that the region of discontinuity is either 
the extended plane, the finite plane or the interior of a circle. A shaded 
and an unshaded triangle together form a fundamental domain for the 
group. Two vertices opposite to the common side form a cycle. The other 
cycles consist of only one vertex. 

Summing up we have 

The Schwarzian functions are the inverses of simple automorphic func- 
tions with respect to a group of linear transformations obtained by carrying 
any shaded triangle into any other shaded triangle by a sequence of reflect- 
ions in sides, provided the angles of the triangles are n/y,, [yz and n/)3, 
where 71, Y2, 3 are certain integers >1 or oo. 


14.2.2 —- THE THREE KINDS OF SCHWARZIAN FUNCTIONS 


The Schwarzian functions can be divided into three classes: 
A) The Schwarzian functions of the first kind are characterized by 
1 
Ay todd, os 4. (14.2-4) 
Yi 923 
Since y, 2 3, 7, 2 3, y3 2 3 simultaneously is impossible, at least 
one of the numbers y,, y2, 73 is equal to 2, say y,. Then remains the 
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inequality 


1 1 
—+—>4 
Ya 9 Ha 
and it is clear that y, = 4, y3 2 4 is impossible. 


Let y, < 4, ie., either y, = 2 or yp. = 3. If yp = 2 we have 
Es >0 
73 
and y, may be any integer > 1. If py. = 3 then 
ot, 
V3 
whence y, = 2, 3, 4 or 5. The case y3 = 2 is already covered by 7, = yz 
= 2. Summing up we have 


Al) 1 = 2, y2 = 2, 3 =n2 2, 
A2) 7 2, Ya 3, y3= 3, 
A3) m1 =2, y=3, 3 = 4, 
A4) %1=2, ¥2=3, 73 =5. 
B) The Schwarzian functions of the second kind are those characterized by 
Z or 2 + Z =1. (14.2-5) 
Yi Y2 OP 
If we suppose that y, S py, S 73, we find 
i 
V1 
Hence y, = 2 or y, = 3. If y, =2 then 
1 1 
= hs 4, 
V2 3 
whence 
ae 
Y2 
Hence y, = 3 and y; = 6, or yp, = 4, y3 = 4. If y; = 3 then 
1 1 
=f = 4, 
Y2 3 
whence 
224 
Y2 


This yields y, = 3. 
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If we take y,; = y2 = 2, then 1/y3 = 0. We shall adopt the improper 
solution y,; = 00, corresponding to a triangle having a zero angle. 
Summing up we have 


B1) ¥1=2, Y2 =2, y3 = 0, 

B2) 1 =2, Y2=3, 73 = 6, 

B3) mW=2, y=4, 3 =4, 

B4) 1 = 3, %2=3, ¥3 = 3. 

C) The Schwarzian functions of the third kind are those characterized by 
Z + i + a <1, (14.2-6) 
¥1 = Y2 Ys 


There are infinitely many sets of solutions, for if (14.2-6) is satisfied by 
some values of y,;, y2 and y3, then also by larger values. We may adopt 
improper solutions, corresponding to triangles with one, two or three 
zero angles. 


14.2.3 — THE PATTERNS OF SCHWARZIAN TRIANGLES AND THEIR GROUP OF 
AUTOMORPHISMS 


Consider a shaded triangle A in the s-plane with vertices s,, 52, 53 


Fig. 14.2-1. Successive reflections of a triangle in its sides (schematic; the situation for 
curvilinear triangles in similar) 
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and angles 2/7, m/y2, and z/y3 respectively, where y,;, y, and y3 have 
values listed in the previous section. A triangle of this kind will be called a 
Schwarzian triangle. Reflecting A in the side connecting s; and s, we 
obtain an unshaded triangle A* with vertices s,, s} and s3, (fig. 14.2-1). 
Reflecting A* in the side connecting s, and s3 we get a shaded triangle 
which is obtained from A by means of an elliptic or parabolic transfor- 
mation A, with fixed point s,. The order of A is y,. In a similar way we 
can define a transformation B with fixed point s, and order y, and a 
transformation C with fixed point s, and order y,. The triangles obtained 
from A by means of the transformation A, B, C will be denoted by 
AA, BA, CA respectively. 

It is easy to see that the same construction applied to the triangle AA 
yields triangles AAA, BAA, CA4, etc. Hence the shaded triangles obtained 
by repeated reflections in the sides may be denoted by 


AM BUCH | AXPBARCHe 4 (14.2-7) 


and the group of automorphisms of the pattern of all shaded triangles is 
generated by the transformations A, B and C. 

Denoting by A7! the inverse of the transformation A, a simple 
geometric consideration reveals that A~'A and BCA coincide. Thus we 
have 

The group of linear fractional transformation, carrying any shaded 
Schwarzian triangle into any other shaded triangle by a sequence of 
reflections in sides, is generated by three transformations A, B, C, satis- 
fring the defining relations 


A”? =E, BV? =E, C¥=E, ABC=E, (14.2-8) 


E denoting the identity transformation. 


14.2.4 — THE SCHWARZIAN TRIANGLES OF THE FIRST KIND 


Let the sum of the angles of a Schwarzian triangle with vertices s,, 52 
and s; be greater than z. There is no zero angle and the two sides which 
issue from a vertex, say 5,, meet again at a point s,. A linear transforma- 
tion can be made which carries 53 to oo and s3 to the origin O in the 
s-plane. The new triangle has two rectilinaer sides issuing from O and 
making there an angle m/,. Since the sum of the angles of the triangle is 
greater than z, the third side is a circular arc concave towards O. Through 
O we draw a chord of the circle of the third side which is bisected by O, 
(fig. 14.2-2). Without loss of generality we may assume that the length 
of this chord is 2. The circle with this chord as a diameter is intersected 
by each side of the triangle at diametrically situated points. 
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Fig. 14.2-2. Triangle with two rectilinear sides and its projection onto a sphere 


Now let the s-plane be projected stereographically onto the sphere, 
having this circle as equator, (section 1.1.3). The sides of the triangle 
are carried into three circular arcs on the sphere, lying on circles which 
pass through opposite ends of a diameter of the equator. Hence the 
sides of the corresponding triangle on the sphere are arcs of great circles. 


Fig. 14.2-3. Bipyramid 
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Fig. 14.2-4. The shaded and unshaded triangles on the faces of a bipyramid 


A reflection in a side of the triangle in the plane corresponds to a 
reflection in a diametrical plane of the sphere. Thus it appears that the 
group associated with the triangle is isomorphic to a group of rotations 
of the sphere. Since the area of the sphere is a finite number and all 
triangles obtained by stereographic projection have equal positive area, 
we find that the group is finite. Evaluating in each case the spherical 
excess, we find that the number WN of the shaded triangles is 


N = 2n, 12, 24, 60 (14.2-9) 


in the various cases listed in section 14.2.2 under A). Thus the numbers N 
are the orders of the groups corresponding to these cases. The triangles 
fit together without overlappings or gaps and fill up the entire sphere. 
Al) We describe in the equator of the sphere a regular -gon; its vertices 
will be denoted by J, 2,..., 2. Connecting these vertices with the north 
pole and the south pole we obtain a bipyramid having 2n triangular faces, 
(fig. 14.2-3). Each of these faces can be divided into shaded and un- 
shaded triangles, having the midpoint of a side of the n-gon in common, 
(fig. 14.2-4). Projecting this figure from O onto the sphere we get a 
division of the sphere into 2 pairs of triangles by the equator and n 
complete meridians. The angles of these triangles are 2/2, 2/2 and x/n 
and stereographic projection onto the s-plane yields the pattern as de- 
picted in fig. 14.2—5. It is understood that the point J is on the positive 
€-axis. 

We proceed to investigate the group of automorphism of this pattern. 
The regular polygon inscribed in the equator can be looked upon as a 
regular polyhedron with two coincident faces, vertices and n edges. 
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Fig. 14.2-5. The pattern of the dihedral group 


The rotations of the sphere carrying this n-gon into itself carries also the 
bipiramid into itself and yield, therefore, automorphisms of the pattern 
of triangles. Excluding the identity, there are n— 1 10tations of the sphere 
about the vertical axis through multiples of the angle 2z/n and bringing 
the n-gon into coincidence with itself. If 7 is even there are n/2 diameters 
connecting diametral vertices and n/2 diameters bisecting sides of the 
n-gon. If m is odd there are n diameters through vertices which bisect 
sides. A half turn about such a diameter brings the n-gon into coinci- 
dence with itself, but interchanges the upper and the lower side. Together 
with the identity we find at least n-1+n+1 = 2n rotations of the 
sphere which carries the n-gon into itself. On the other hand there 


Fig. 14.2-6. Dihedron with shaded and unshaded triangles 
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are 2n such rotations at most. For there are two rotations, the identity 
included, which leaves a given vertex unchanged. Since by rotations of 
the sphere every vertex can be moved into any other vertex the number 
of rotations does not exceed 2n. Hence the number is exactly 2n. 

The figure discussed above is often referred to as a dihedron, a regular 
polyhedron with two coincident faces, (fig. 14.2-6). The group of rota- 
tions of the sphere carrying this figure into itself is the dihedral group. 

Let A denote the rotation through 1 about the axis bisecting the edge 
between the points / and 2. It is clear that A induces a permutation 


(; 2 Bo.055 ") 

21n...3 

of the vertices of the n-gon. If B denotes a similar rotation about the axis 
through the point 2, then B induces the permutation 


pee te 
\321n...4 


Hence C = B- ‘A = BA induces the permutation 


pers, (1 23...2) * vane (123...) 


Z321n...4)/\2 1n...3) 234...n]} \217...3) 
= (/ 2...n), 


a cyclic permutation of order n. It is induced by a rotation about the 
vertical axis through the angle 2x/n. 

Obviously C = B~!A is equivalent to BC = A or ABC = A? = E. 
Thus we may conclude 

The dihedral group is isomorphic to a group generated by the elements 
A, B, © and the defining relations 


A?=E— B*=E, C™=E, ABC=E. (14.2-10) 


The limiting case of the dihedral group in which n = 2 is the four 

group. The corresponding division of the sphere consists of four shaded 
and four unshaded triangles, being octants of the sphere. In the case 
n = 3 the dihedral group is isomorphic to the symmetric group of 3 
symbols. 
A2) In the sphere we inscribe a cube whose faces are parallel to the 
coordinate planes, (fig. 14.2-7). Its vertices constitute the vertices of two 
desmic tetrahedra 1234 and 1'2'3'4'. We take 12 above the €, y-plane 
and / in the first octant. It is understood that / and J’ are diametrical 
points as are 2 and 2’, etc. The points J’, 2’, 3’ and 4’ can also be con- 
sidered as the projection from O of the centres of the faces of the 
tetrahedron 1234. 
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Each face can be divided into 3 shaded and unshaded triangles, these 
triangles being congruent, (fig. 14.2-8). Projecting this figure from O onto 
the sphere we obtain a pattern of /2 shaded and /2 unshaded triangles, 
the angles of the spherical triangles being 7/2, 2/3, 7/4. We have the case 
Al) of section 14.2.2. The stereographic projection onto the s-plane is 
depicted in fig. 14.2-9. The same pattern is obtained by division of the 
twin tetrahedron /’2’3'4’, 


Fig. 14.2~-9. Stereographic projection of the tetrahedral pattern 


We proceed to investigate the group of covering transformations of the 
tetrahedron. This polyhedron is transformed into itself by rotation about 
an axis through a vertex through angles 22/3 and 47/3. Also by rotating 
about an axis bisecting two opposite edges through the angle x. Together 
with the identity we obtain at least 4x2+3+1 = 12 rotations, bringing 
the tetrahedron /234 (and also the tetrahedron 1’2’3’4’) into coincidence 
with itself. On the other hand there are 3 rotations (including the identity) 
leaving a vertex invariant. Since each vertex can be carried into any other 
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vertex by a rotation of the sphere, the number of rotations does not exceed 
4x3 = 12. 

The group of rotations bringing the tetrahedron into coincidence with 
itself is called the tetrahedral group. Its order is 12. 

Let A denote the rotation through the angle x about the axis bisecting 
the edges /2 and 34, and B the rotation through the angle 27/3 about the 
axis through the point 2. It is clear that A induces the permutation 


1234 
\2 14 ) Pie) 
of the vertices of the tetrahedron and that B induces the permutation 
1234 
ee eee 


ence B~1A induces the permutation 
U 43)U 23 4 =U 2 4) 


being induced by a rotation about the axis through the point 3. Thus 
we have 

The tetrahedral group is isomorphic to a group generated by the elements 
A, B, C and the defining relations 


A =E , ABC=E, — (142-11) 


2 


Fig. 14.2-10. The octahedron 
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Fig. 14.2-12. Stereographic projection of the octahedral pattern 
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The permutations induced by A and B are even permutations of the 
vertices of the tetrahedron. Hence they generate a subgroup of the alter- 
nating group of four symbols. Since the order of the tetrahedral group 
is 12=4x4! and only the identical transformation corresponds to the 
identical permutation we may conclude 
The tetrahedral group is isomorphic to the alternating group of four 
symbols. 


A3) The centres of a face of a cube are the vertices of a regular octa- 
hedron and, conversely, the centres of the faces of a octahedron are 
the vertices of a cube. We take the octahedron as in fig. 14.2-10 and 
denote the vertices by 0, 0’, 1, 2, 3, 4, where 0 and 0’ are the north pole 
and the south pole of the sphere and / is on the positive €-axis. 

The faces of the octahedron can be divided into 3 shaded and 3 un- 
shaded triangles, (fig. 14.2-11) as in the previous section. Projecting from 
O onto the sphere we obtain a pattern of 24 shaded and 24 unshaded 
triangles, each triangle having angles 2/2, 2/3, 2/4. We are now in the 
situation A3) of section 14.2.2. By stereographic projection onto the 
s-plane we obtain the pattern as depicted in fig. 14.2-12. The same pattern 
is obtained by starting with a cube whose faces are divided into 4 shaded 
and 4 unshaded triangles, (fig. 14.2-13). Hence the group of automor- 
phisms of the cube is the same as that of the octahedron. 


, 
| 


———— ee 


Fig. 14.2-13. The shaded and unshaded triangels on the faces of a cube 
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We turn to the description of this group. There are 2 rotations different 
from the identity through angles 2z/3 and 4x/3 about an axis connecting 
the centres of opposite faces of the octahedron which bring the polydron 
into coincidence with itself. Similarly there are 3 rotations about an 
axis connecting diametrical vertices through angles 27/4, 4n/4, 67/4. 
There is one rotation through an angle z about an axis bisecting opposite 
edges. Including the identity we find at least 4x2+3x3+6+1 = 24 
rotations, carrying the octahedron into itself. On the other hand there are 
four rotations (including the identity) leaving a vertex invariant and, since 
each vertex can be carried into any other vertex by means of rotations 
of the sphere, we find at most 6x4 = 24 rotations. 

The group of automorphisms of an octahedron is called the octahedral 
group. Its order is 24. 

Let A denote the rotation through z about the axis bisecting the edge 
OJ. It induces the permutation 

i Gl123 4 
13 040 2} 
of the vertices of the octahedron. The transformation B, being a rotation 
through 27/3 about the axis through the centre of the face 0/2, induces 
the permutation 
(’ 01234 ) 
132040) 


The transformation C = B~'A induces the permutation 


{13 Daa 4 


\0 0° 234 1)\13 aay 2 Ge4 Ds 


being effected by a rotation through x/4 about the axis connecting 0 and 
0’. Thus we have 

The octahedral group is isomorphic to a group generated by the elements 
A, B, C and the defining relations 


A27=E6, B®=E, Ct=E, ABC=E. (14.2-12) 


Let us denote by J the axis through the centres of 0/2 and 0’34. We 
shall write 
I= {0 1 2} = {0' 3 4}. 
Similarly 
I= {023} ={0' 4 hh, 
IIT = {0 3 4} = {0' 1 2}, 
IV = {0 4 I} = {0' 2 3}. 
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Then A induces a permutation of these four elements, viz., 


(J I WT IVv\ 


WHat) cee 


and B indices the permutation 


(; Wer Iv 


IW _ Sa te 


These permutations generate a subgroup of the symmetric group of four 
symbols. Since the order of the octahedral group is 24 = 4! we have 


it 


| Py ¢ Hl 


ro] Ps 


UD 


~ 
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Fig. 14.2-16. Stereographic projection of the icosahedral pattern 
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The octahedral group is isomorphic to the symmetric group of four 
symbols. 


A4) We consider a regular icosahedron inscribed in the unit sphere 
such that two vertices coincide with the north pole and the south pole. 
One of the vertices nearest the north pole is in the plane orthogonal 
to the y-axis (fig. 14.2-14). The vertices of the polyhedron will be denoted 
by 0, J, 2, 3, 4, 5, 0", I’, 2, 3’, 4, 5’, such that the same symbols, primed 
and unprimed, denote diametral vertices. 

The centres of the faces of a icosahedron is a dodecahedron and 
conversely. We prefer to study the icosahedron as we did in the case of 
the octahedron, for its faces are triangles. © 

The faces of an icosahedron can be divided in the usual way into 3 
shaded and 3 unshaded triangles, (fig. 14.2-15). Projecting from O onto 
the sphere yields a pattern of 60 shaded and 60 unshaded triangles, each 
spherical triangle having angles 7/2, 2/3 and 2/5. We have the case 
A4) of section 14.2.2. By stereographic projection onto the s-plane we 
obtain the pattern as depicted in fig. 14.2-16. The same pattern is ob- 
tained by starting with a dodecahedron whose faces are divided into 
5 shaded and 5 unshaded triangles, (fig. 14.2-17). Hence the group related 
to an icosahedron is the same as the group related to a dodecahedron. 

The description of the group proceeds along the same lines as in the 
previous sections. There are two rotations, different from the identity, 
through angles 27/3 and 4x/3 about an axis connecting the centres of 
opposite faces of the octahedron which bring the polyhedron into coin- 
cidence with itself. Similarly there are 4 rotations about an axis connecting 
two opposite vertices through angles 27/5, 47/5, 62/5, 82/5. There is one 
rotation through the angle x about an axis bisecting opposite edges. 
Including the identity we have at least 10x3+6x4+54+1 = 60 
rotations, carrying the icosahedron into itself. On the other hand there are 
5 rotations (including the identity) leaving a vertex invariant and since 
each vertex can be carried into any other vertex by means of a rotation 
of the sphere, we find at most 12x5 = 60 rotations. The group of 
automorphic rotations of an icosahedron is called the icosahedral group. 

Let A denote the rotation through z about the axis bisecting the edge 
01. It induces the permutation 


(res oes) 
105 3 4 2 


of the vertices, where the primed vertices in the upper line are omitted, 
because they are permuted in quite the same way. The transformation B, 
being a rotation through 27/3 about the axis connecting the centres of the 
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Fig. 14.2-17. The shaded and unshaded triangels on the faces of a dodecahedron 


faces 0’2 and 0'I'2’ induces the permutation 


Pee 7 
12053 47’ 


Hence the transformation C = B~'A induces the permutation 


Coot hs oe le a 


\0234 5 I\l05 3 4' 2 (na 343 Nome EAR 


ie., a permutation being induced by a rotation about the vertical axis 
connecting 0 and 0’ through the angle 27/5. We may conclude 

The octahedral group is isomorphic to a group generated by the elements 
A, B, C and the defining relations 


A7=E, Be =E, CS=E£, ABC=E,_ (14.2-13) 


It is easy to see that the plane through the edges 34 and 3’4' is parallel 
to the edges 0/ and 0’'. It bisects the edges 25’ and 2'5. Thus it appears 
that the midpoint of the edges 01, 0'I’, 34, 3'4’, 25’, 2'5 are the vertices 
of a regular octahedron, (fig. 14.2-18), which we shall denote by the 
symbol 

T = {01, 34, 25°}, 
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Fig. 14.2-18. Octahedron inscribed in an icosahedron 


Similarly 
IT = {02, 45, 31}, 
III = {03, 51, 42’}, 
IV = {04, 12, 53°}, 
V = {05, 23, 14’}. 


A rotation of the polyhedron permutes these octahedrons and only the 
identity leaves one octahedron fixed. The permutation induced by A is 


(| Wi wv 


run Vv eh = (II IID (IV V); 


the rotation B induces the permutation 


‘ WHEV Vv 


Wii A ae Ae 


These permutations are even and generate, therefore, a subgroup of the 
alternating group of five symbols. Since the order of the icosahedral 
group is 60 = 4x5! we have 

The icosahedral group is isomorphic to the alternating group of five 
symbols. 
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14.2.5 — THE SCHWARZIAN TRIANGLE OF THE SECOND KIND 


A curvilinear triangle whose sum of the angles is equal to m can be 
transformed into a rectilinear triangle by means of a suitable fractional 
linear transformation. In this case it is possible to find a tessellation of 
the finite plane by congruent rectilinear triangles. This facilitates the 
discussion of the groups considerably. 


Fig. 14.2-19. Tessellation of the plane by triangles with y, = 2, yz = 2, v3 = © 


Bi) If two angles of the triangle are right angles, the third is equal to 
zero, The triangle is now a half strip and a tessellation of the plane 1s 
depicted in fig. 14.2-19. Let A and B denote a rotation about s, and 52 
respectively through the angle x. By a simple geometric consideration it 
is clear that C = BA is a translation. The third vertex 5, is at infinity 
and parabolic; it is a limit point of the group. In this and also in the 
other cases the groups have precisely one limit point. 

In the case B1) the group is isomorphic to a group generated by the 
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elements A, B, C and the defining relations 
A?=6, B?=E, ABC=E, (14.2-14) 
The subgroup of translations is isomorphic to the infinite group generated 


by 
C = BA, (14.2-15) 


B2) The triangles with the angles 7/2, 2/3, 2/6 can be arranged as in 


HH 7 ee te ee AONE 
A>, VY b> VBA BR. \FrR». VF 
4 Z q D>, 4, GO, 
—MALBEE 


Gh 5 Vk} 7K} 
LS IKE IOV) 1D, 4 


Ya: PS 

Yj 40 V7, IKSGO, SG 
pV ip VY tip Uf $l) 

ike YG: VU PR» UP BR WG; 


Fig. 14.2-20. Tessellation of the plane by triangles with y, = 2, y 2= 3, ys = 6 


figure (14.2-20). Let A denote the rotation about s, through the angle 
2/2, B the rotation about s, through the angle 27/3 and C the rotation 
about s, through the angle 2z/6. Then 

In the case B2) the group is isomorphic to a group generated by the 
elements ABC and the defining relations 


AoE B=E, C’=E, ABC=E, (142-16) 


It is easy to verify geometrically that the transformations U = C*BC* 
and V = B?C? are translations. Hence 
The subgroup of translations is isomorphic to the infinite group generated 


14.2] THE SCHWARZIAN TRIANGLES AND THEIR ASSOCIATED GROUPS 437 


by the elements 


U = C*BC%, V = B’C?, (14.2-17) 
B3) The triangles with the ie sae and n/4 constitute a patter 
as shown ing 142-12. Let ere b hrough th 
ngle z, B C rotations ab a p ly through th 
gle 2/4. Th 
In ise case B3) the group is isomo. oe to a group generated by th 
elements A, B, C and ie defining relations 
A? = E, B* = E, o = E, ABC = E, (14.2-18) 
Lp LA 


IANA ANGI 


PR RO 


Kerry 
NANaNAN 


ranslations. Cc 
lations is isomorphic to the infinite group generate 
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B4) The isosceles triangles constitute a pattern as shown in fig. 14.2-22. 
Let A, B, C denote the rotation about s,, 52, 53 respectively through the 
angle 27/3. Then 

In the case B4) the group is isomorphic to a group generated by the 
elements A, B, C and the defining relations 


A? = E, B? = E, C= E, ABC = E. (14.2-20) 


The translations are the same as in the case B2), and, evidently, repre- 
sented by U = C?BC?, V = B°C, 


iS 


NY 
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Fig. 14.2-22. Tessellation of the plane by triangles with y, = 3, y, = 3, ys = 3 


Hence 
The subgroup of translations is isomorphic to the infinite group generated 
by the elements 
U=C?BC?, V=BrC. (14.2-21) 


It is clear that the group characterized by (14.2-20) is a subgroup with 
index 2 of the group characterized by (14.2-16). Indeed, eliminating A 
from (14.2-16) we find that the group of B2) is generated by B, C and 
the defining relations B® = E, C® = E. The group of B4) is the subgroup 
generated by the elements B and C?. 


14.2.6 — THE SCHWARZIAN TRIANGLES OF THE THIRD KIND 


Let the sum of the angles of a Schwarzian triangle with vertices s,, 5, 
and s, be less than z. If ~; # 0 we can apply the same transformation as 
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Fig. 14.2-23. Triangle of the third kind 


in section 14.2.4. Since now the sum of the angles is less than z the third 
side of the transformed triangle is a circular arc convex towards O= 53. 
As a consequence there is a circumference about O orthogonal to the 
sides of the triangle (fig. 14.2—23). 

In the case that all angles are zero we can carry 53 into infinity, (fig. 
14.2-24) and the line connecting s,; and s, may be considered as an 
(improper) circle orthogonal to all sides of the triangle. 


5, (o) 


Fig. 14.2-24. Triangle with zero angles 
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Now we shall prove: if the sides of a triangle in the interior of a circle 
are orthogonal to the circle, then the triangle obtained by reflecting the 
given triangle in a side is again in the interior on the circle. 

By a suitable transformation we can transform the triangle into a 
triangle s,s;53; which is situated on one side of a straight line. In fig. 
14.2-25 we have taken this line as a horizontal line and the triangle in 
the upper half plane. If s; =o the truth of the assertion is evident. 
Suppose, therefore, that s,;, 5, and s3 are finite. We reflect the triangle in 
the side s,5,. Let O denote the centre of the circle on which the arc 
5,5, lies, In order to find the image of s, we draw a straight line from O 


Fig. 14.2-25. Proof of the first theorem of section 14.2.6 


to s;. Let ps, be a tangent at p on the circle about O and s} the point 
where the perpendicular through p on Os, meets this line. Then sz 
is the desired image and it lies between O and s7, i.e., also in the upper 
half-plane or on the horizontal line (if s, is on the horizontal line), 

Hence * 

The covering transformations of a pattern of Schwarzian triangles of 
the third kind constitute a Fuchsian group of the first kind. 

A fundamental domain consists of a shaded and an unshaded triangle. 
It follows from the considerations of section 13.3.2 

The triangles obtained from a given Schwarzian triangle of the third 
kind inside a circle by a sequence of reflections in sides fill up without gaps 
or overlappings the whole interior of the circle. They cluster in infinite 
number about each point of the circumference. 
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The figure 14.2-26 gives an impression of the tessellation of the 
hyperbolic plane by means of Schwarzian triangles. 

There is an endless number of possibilities of tessellations of the 
hyperbolic plane. The most remarkable cases are those in which 


Cl) ¥1 = 2, y2= ©, y3 =3 
and 
C2) Y= ©, Y2 =O, YH =O 


K 


1, 


Y 
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p) 

ES 
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+g 


Fig. 14.2-26. Tessellation of the hyperbolic plane by triangles with 
Y= 2,¥2 = 7, Ye = 3 


The corresponding groups are the modular group and the congruence 
group mod, 2. 

We proceed to investigate these groups in more detail. 
Cl) As the region of discontinuity we take the upper half of the s-plane 
and we start with a triangle whose vertices are ats; = i, 5, = ©, 53 = ps 
where p = $+ 4i,/3. 
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Let A denote the rotation about s, through the angle 27/2, C the 
rotation about s, through the angle 2z/3 and B = AC~*. Then 

The modular group is isomorphic to a group generated by the elements 
A, B, C and the defining relations 


A? = E, C=E, ABC = E. (14.2-22) 


B is the result of two reflections in vertical lines and thus the vertex s3 is 
parabolic. Fig. 14.2-27 gives an impression of the pattern of the triangles. 


<9 


YXXE'S GMAiNA 


if 
Fig. 14.2-27. Tessellation of the hyperbolic plane by triangles with 7, = 2, ye = %, 
w=3 


The transformation A is elliptic of period 2. Since the fixed points are 


at s, =i and s, = —i this transformation can be represented by 
SS) + = Sal 
Sti s+i 
or 
s=- = ; (14.2-23) 


In symbolic form 


A= é ial ; (14.2-24) 


The transformation C is elliptic of period 3. Its fixed points are 
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53 = p? = —44+4iJ3 and 5; = —p = —4-Hi/8. Since 9° = 1, we 
can represent the transformation as 


S+p S+p 
or, since p> = —1, 
geese (14.2-25) 
—s 
In symbolic form 
ee te al (14,2-26) 


The matrix associated with the transformation B is then 


0 -1 0 1 11 
B= [? ; | ie | ul E | (14,2-27) 
ie., B is the transformation 
s'=s4+1. (14.2-28) 


The modular group can be characterized in another way. We shall prove 
The transformations of the modular group are the transformations 


eee (14.2-29) 
cst+d 
where a, b, c and d are real integers such that ad—be = 1. 
It is clear that 
ie. he sh elie a 
Bins E 1j}l1 Og Ll Of° 
If P denotes the matrix 
a b 
ps 14.2-30 
p=(¢ 2]. (14.2-30) 


then 


bi |k, -1 kpat+b —a a, b 
wexe(e ate a-feeth <J-Ee a 
e [? dJt1 0 kypc+d —c cq, dy 


We can take kg such that |kya+8| < Jal ie., |a,| < [d,| = Ja]. Again 


kpay+b; a a, b 
PBYABEA = | 1%41 L = [ 2 ‘| 
k;cy+d, —b, Cc, dy, 


and choosing k, suitably we have |a,| < |b,| = |a,|. After a finite number 
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of steps we have 


PBSABHA... BEA = be alk 
Cc 4, 


with a, = 0, b,c, = —1, eg., 6, = 1, c, = —1. Now 


& ae recall 1 l=(6 
-i1 djL1 O]°” L-k,+d, 13° Lo 
if we take k, = d,. As a consequence 

PBA... BYA = E, 


or, since A~' = A, 


P = AB *... ABT, 


[14 


Thus we see that the group consisting of all elements of the type (14.2-30) 
is contained in the modular group. Conversely, A and B can be represented 
by transformations of the type (14.2-29). This concludes the proof of 


the theorem. 


C2) We start with a triangle with vertices s, = 00, 5, = 0, 53; = 1 and 
lying in the upper half plane. The angles of this triangle are all zero. 
Figure (14.2-28) gives an impression of the pattern associated with this 


triangle. 


S2 


Fig. 14.2-28. Tessellation of the hyperbolic plane by triangles with y, = 7, = ys = 00 


By B we denote the parabolic transformation which is the result of two 
reflections in sides issuing from s,. This transformation has a fixed 
point ats = 0 and it carries s = o intos = —4. Hence this transforma- 
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tion must be 


a, 
s 5 
or 
' s 
six ; (14.2-31) 
—2s+1 
symbolically 
B 1 0 
=|_5 4|- (14.2-32) 


Let C denote the parabolic transformation having its fixed point at 
s = 1 and carrying s = co into s = 4. This transformation is 


be eS: 
s’—-1 0 s— 
or 
s—2 
so = ——., 14.2-33 
2s—3 ( ) 
Symbolically 
1 -2 
e=|5 |: (14.2-34) 
Now we define A by A = C7'B™}, 
ie., 
1 2 
= .2-35 
A k ‘| (14.2-35) 
and it appears that A is the translation 
s' = s+2, (14.2-36) 


which is also clear by a simple geometric consideration. 

The group of covering transformations of the pattern of triangles with 
all angles equal to zero is generated by the parabolic transformations 
A, B, C and the defining relation 


ABC = E. (14.2-37) 
This group is called the congruence group modulo 2 by the following 
reason 
The congruence group mod 2 consists of all transformations (14.2-29) 
with b and c even. 
Since ad—be = 1, the numbers a and d are necessarily odd. The 
group can be represented symbolically by 


B 1 F ts (mod 2). (14.2-38) 


c 
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We shail prove that the group of elements (14.2-38) can be generated 
by the elements A and B, as given in (14.2-35) and (14.2-32). It is clear 


that 
ri 2k | 1 0 
ke -k : 
mals aie OME Ly 
If P is again the matrix (14.228), then 
Pato — b i E “al = ° aa = ik ‘1 
ec d}]{O i 0 2koctd_ Cy CA4al 
and, taking kg suitably, |b,| < |a,|. Further 
PA‘oR-Ko = ks i | 1 | e, bees ‘a = E 
cy d,)L2ko 1 c,+2kod, d, cy dy 
and, taking kg suitably, we have |aj| < |bj| = |6,| < |a,|. After a 
finite number of steps, we arrive at 


PA‘o BK Akr-s BoKr-1 = r 1 | . 
_ ley 1 J 
Now 
[ 1 | F a -| 1 2k,+bi_, |- rd HA 
Cr ayy 0 i ~ a 2k gean +d, 34 ~ LC, igs 
if we take k, = —4b/_,. This is possible, for b{_, is even. Moreover, 


d, = 1, for the determinant of the matrix is unity. Finally 


1 alle ‘l= 1 y= fl 
Ley SEAL, 1) = be, 42k 2) Lo a 


if we take k; = —4c,. Thus 


PAP BAY Beh E 
or 
P= BRA *, .  BEOAT*, 


Since A and B generate the group the proof of the theorem is complete. 
With respect to the modulus 2 every transformation of the modular 
group can be represented as 


[¢ ‘y= [i 7 bis °] if Fl 

ec d| {(o 1]’ |-1 i}’ L1 Of’ 
le wale ls. 6 
11 a}? [Oo 1]? {14 OF? 


(14.2-39) 
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i.e., we can divide the group into six disjunct classes. The first class 
consists of the congruence group mod. 2. Hence 

The congruence group mod 2 is an invariant subgroup of the modular 
group with index six. 

It is easy to see that mod 2 all transformations (14.2-39) are generated 
by the first two transformations following the identity. On the other hand 
the permutations (12) and (13) generate the symmetric group of three 
symbols. The correspondence 


vant a aeff 3] 


yields an isomorphism. Thus 
The quotient group of the modular group with respect to the congruence 
group is isomorphic to the symmetric group of three symbols. 


14.3 — Inverses of the Schwarzian triangle functions 


14.3.1 — THE POLYHEDRAL FUNCTIONS 


The inverses of the Schwarzian functions of the first kind are called 
polyhedral functions, because they are automorphic with respect to the 
polyhedral groups. They can be found if we have solved the problem of 
the mapping of a half plane onto a curvilinear triangle with sum of angles 
> x. This requires the solution of the differential equation (14.1-5), 
with a, = I/y,, a = 1/72, #3 = 1/y3 and the numbers 7,, y2, y3 are 
those as listed in section 14.2.2 under A). In general the problems of 
solving an equation of this type is not easy. 

In the case of a Schwarzian function of the first kind, however, it is not 
necessary to solve the equation, for the inverses of the desired solutions 
can be found by simple considerations. In this case the fact is that the 
inverses are rational functions. 

This is geometrically clear. For let z(s) denote the function which maps 
a triangle onto the upper half of the z-plane. This function is regular 
inside the triangle and continuous on the boundary. It can be continued 
throughout the extended s-plane by reflection in sides of triangles and the 
function is holomorphic in the extended plane, except possibly at the 
vertices of the triangle and the points congruent with these vertices with 
respect to the group associated with the triangle. Since the extended 
plane can be filled up by a finite number WN of triangles, a value of 2(s) 
is taken in only a finite number of points. Hence it has no essential 
singular points and is, therefore, rational. 

Let s,, 52, 53 denote the vertices of a triangle with angles 2/71, 7/Y2> 
n/y3, Corresponding to z = 0, 1, oo respectively. 
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A simple reasoning shows that the expansions of s in a neighbourhood 
of either of these points in the z-plane are of the type 


s—s, =(eoz+e,2°+...)', 
1 = (Co t 


S—S2 = (eo(z—1) +¢,(z-1)? + ...)'™, 


1/y3 
Cc c 
ss = (24+ 54...) : 


Inverting these expressions we obtain series of the type 


Z = ao(s—s,)"+..., 


z—-1 = a)(s—s,)*+..., (14.3-1) 
1 
— = ao(s—s3)"+.... 
z 


Thus 

The inverse z(s) of the Schwarzian triangle function s(1/y,, 1/72, 1/)33 2) 
is a rational function which takes the value 0 with multiplicity y, , the value 1 
with multiplicity y, and which has a pole of order y3. 

We recall that s(z) is a multivalent function; if it takes the value sp 
it takes also all values obtained from sy by means of linear transformations 
belonging to the group associated with the triangle. Hence, what has 
been said about s, refers also to each point congruent to So, etc. 

Now it is an easy matter to find the desired functions. Let F,(s) denote 
the polynomial of lowest degree whose zeros are the point s, and all 
congruent points different from s,. The number of zeros of F,(s) is then 
N/y, and this is also the degree of F,. It may happen that the point oo is 
congruent to s,;. Then the degree of F,(s) diminished by one and we 
consider oo as a zero of F,. Similarly, let F,(s) denote the polynomial 
of lowest degree whose zeros are the point s, and all congruent points 
different from s,. The degree of F,(s) is N/y2. Finally, let F;(s) denote the 
polynomial of lowest degree whose zeros ate 53 and the congruent points 
different from s;. The degree of F3(s) is N/y3. 

Taking into account the above theorem we may state 


FHS) FE() 


z(s)=A ‘ 1-z(s) = B 14,3-2 

(s) FA) (s) FA) (14.3-2) 

where A and B are constants. They are determined by the identity in s 
AF{'+ BFY = FY. (14.3-3) 


The various exceptional points, being the zeros of F,, F,, F3 corre- 
spond to points on the Riemann sphere which are obtained by projection 
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from the centre on to the sphere of the midpoints of the edges, the centres 
of the faces and the vertices of a regular polyhedron, inscribed in the 
sphere. This is also true for the dihedron if we take y. = n, y3 = 2. 

Consider a point on the sphere with spherical coordinates g, 0,0 S @ 
X22, —x S07. Then the stereographic projection, (fig. 14.3-1) 
of this point onto the s-plane is given by 


s = e tan 40. (14.3-4) 

Let s, and s, be points corresponding to diametral points on the sphere. 

If s, =e! tan 40, then s, = e?'*” tan 4(0,;+7) = —e ctn 6,, 
whence 

515, = —1, (14.3-5) 


in accordance with (9.3-28). 


Fig. 14.3-1. Stereographic projection 
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It should be noticed that various forms of the functions z(s) can be 
obtained, depending on the situation of the polyhedron in the sphere. 
These forms can be obtained by any of them by applying a fractional 
linear transformation corresponding to a rotation of the sphere. 

It is clear that the functions thus obtained are automorphic and that 
every rational expression in terms of either function is again automorphic 
with respect to the same polyhedral group. In a certain sense the functions 
obtained by the above construction are the most simple ones. 


Al) We consider first the dihedral function, being a function automorphic 
with respect to the dihedral group. It is uniquely determined if we agree 
that the dihedron shall be placed as pictured in fig. 14.2-3. 

Let sp denote the point in the s-plane corresponding to the midpoint 
of the side 12. It is evident that sy = e™”", whence s? =e” = —1. The 
other midpoints are represented by 


erin be e2ti(n=1)/n 


So +» Sg 


and these points together with s, are the zeros of s"—s9, ie., 
F,(s) = s"+1. (14.3-6) 
It is clear that the vertices are the points corresponding to the zeros of 
F,(s) = s"—1. (14.3-7) 


The north pole and the south pole of the sphere correspond to s = 0 
and s = oo respectively. They can be considered as the zeros of the 
polynomial 

F,(s) = s (14.3-8) 


of virtual degree two. 
In accordance with (14.3-3) we have to evaluate the constants A and B 
from the identity 


A(s"+1)?-+ Bs" = (s"—1)’, 
Taking s = 0 we find A = 1; taking s" = 1 we find B = —4, Hence 


_ (+1) eee 
= (1)? F z(s)—1 1? ‘ 


2(s) (14.3-9) 


Except for an additive constant the reciprocal of z—1 is the same as the 
function considered in section 10.2.4. 


A2) Any function automorphic with respet to the tetrahedral group is 
called a tetrahedral function. Suppose that a tetrahedron 1234 is placed 
as in fig. 14.2-7. Let sy denote the point in the s-plane corresponding to 
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the vertex J. It is easy to see that the other vertices correspond to —59, 
1/s and —1/s9 and thus 


F,(s) = (s?—s) (*- 5| = st— (35+ 5) +1. 
s 


0 So 
Now 
So = e™/* tan 40, 
whence 
2 . 2 
So = itan* 40 
and 
1 2 
= = —ictn’ 40 
So 
Observing that 
2 tan 40 
tan@ = ———_ 
1—tan* 40 


and tan @ = 2s we see that tan 40 and —ctn 40 are the roots ¢, and ¢, 
of the equation 
P+t/2-1 = 0. 
We have 
-t} = (ttt \(ty—h) = —J2x/6 = -273 

and so 

F,(s) = s*-2i/3s? +1. (14.3-10) 
The zeros of F,(s) correspond to the vertices of the twin tetraeder. The 
point corresponding to J’ is 5) and we have immediately 

F,(s) = s*+2i/3s* +1. (14.3-11) 


Finally the midpoints of the edges correspond to 1, i, —1, —i and o, 
whence 
F,(s) = s(s*—1). (14.3-12) 
The constants A and B occurring in (14.3-2) are determined by the 
identity 
As(s*— 1)? + B(s* — 21/38? +1)? = (s*+2i/3s7+1)°. 
Taking s=0 we find B= 1. Taking s? =i we find 4/4 + 24/3 


= —24,/3, whence 4 = 12i,/3. 
Thus 


~~ s(s*—1) (s*— 21/3 s?+1)° 
0) = BNE ai eay 7 O-'= Gaayastey 
(143-13) 
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A3) A function automorphic with respect to the octahedral group is 
called an octahedral function. We obtain a special type if we place the 
octahedron as in fig. 14.2-10. The points corresponding to the vertices 
are evidently the zeros of 


F,(s) = s(s*—1). (14.3-14) 
The midpoints on the edges in the horizontal plane correspond to the 


zeros of s++1. The midpoint on the edge 01 corresponds to sy = tan 40, 
and since tan 0 = |, it is a root of the equation 


1? 4+2t-1=0., (14.3-15) 


The midpoints of the edges issuing from 0 are evidently the zeros of s* —s} 
and those of the edges issuing from 0’ are the zeros of s*—1/s}. Hence 


F(6) = (t+ (638) (54 3) = GHG ous" +9) 
where 4 = s+1/s9 = t¢ +t}; t, and t, being the roots of (14.3-15). 
Now 
6, = 04+ = 07-2tit, = 442 = 6, 
64 = 03-2712 = 36-2 = 34, 
whence 
F,(s) = (s*+1)(s® —34s¢+1) = s'!?-33s8—33s*+1. — (14.3-16) 


Finally we observe that the centres of the faces of the octahedron corre- 
spond to the vertices of the two desmic tetrahedra considered in A2). 
They correspond to the zeros of 


(s*—2i,/3 5? +-1)(s*+2i,/3 s? +1) = (s*+1)? +12s*, 
or 
F,(s) = s°+14s*+1. (14.3-17) 
The constants 4 and B are obtained from the identity 
A(s'? —33s° —33s* + 1)? + B(s® + 14s* +1)? = s*(s*—1)*. 


Taking s = 0 we obtain A+B = 0. Comparing the coefficients of s?° 
we find 


—2x33A4+3x 14B = -1084 = 1 


whence 


and so 
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(s!? —33s® —33s*+1)” 
s*(s*—1)* 


n (s°+14s*+1)° 
, 2(s)-1= “108 ay 


(14.3-18) 


2(s) = —ros 


A5) Finally we wish to construct an icosahedral function, which is a func- 
tion automorphic with respect to the icosahedral group. We refer to 
fig. 14.2-14, In this case the numerical location of the critical points, 
i.e., those corresponding to z = 0, I, c is not so easy as in the previous 
cases. 


B 


Fig. 14.3--2. Rectangular spherical triangle 


First we derive a simple formula for a rectangular spherical triangle. 
We consider a trihedron with vertex at the centre of a sphere and a plane 
through a point A on one edge of the trihedron, perpendicular to this 
edge, (fig. 14.3-2). It cuts the other edges in B and C. The edges cut the 
sphere in the vertices of a spherical triangle with sides a, b and ¢ and 
angles «, Bf and y. Assuming that y = 42 we have 


AC OAtanb 
cosg = —— = ——__,, 
AB OAtanc 
whence 
tan b = tance cos 2. (14.3-19) 


Next we consider an isosceles triangle with angle « and (spherical) 
side a. Let p denote the spherical radius of the circumscribed citcle and 
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r that of the inscribed circle, (fig. 14.3-3). Applying (14.3-19) on a 
triangle which is part of the isosceles triangle we find 


tan 4a = tan p cos 4a, 


or 


tan 4a 
tan p = 3 


; (14.3-20) 
cos ta 


C 


Fig. 14.3-3. The radii of the inscribed and the exscribed circle of an isosceles spherical 
triangle 
In the same triangle 


tan r = tan p cos 4z, 
whence 
tanr = }tanp. (14.3-21) 


If a is known we can find a by 


tan 4a 


cos a = : (14.3-22) 
tana 
We need also a formula for tan (@+r), viz., 
tan (9 +r)= tan a cos 4a. (14,3-23) 


If we project a face of the inscribed icosahedron centrally from O onto 
the sphere we obtain an isosceles spherical triangle whose side shall 
again be denoted by a. By some geometric considerations it is possible 
to find the value of tan a. 

First we wish to prove a remarkable relation between the sides of a 
regular pentagon and a regular dodecagon inscribed in a circle of radius 
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R about a centre M. Let, as in fig. 14.3-4 AB = s,,. denote the side of a 
regular decagon and AC = s, the side of a regular pentagon, such that 
B and C are on the same side of MA. Let P denote the intersection of AC 
and the line bisecting the angle 4A7B. Now it is easy to prove that the 
triangles APB and ABC are similar, as are the triangles CPM and CMA, 


Fig. 14.34. Proof of the relation (14.3-24) 


It follows that 
AP: AB = AB: AC 


and 
MP:CM=CM:CA. 
Hence 
AB? +CM? = AP: AC+MP°CA = AC’, 
or 


st = s?) +R’, (14.3-24) 
the desired relation. 


Let R denote the radius of the circumscribed circle of the upper penta- 
gon 12345 of the iscosahedron. It is also the radius of the circumscribed 
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circle of the lower pentagon 1’2’3’4’5’. Projecting the upper pentagon 
orthogonally onto the plane of the lower pentagon the projections of the 
vertices of the upper pentagon constitute with the vertices of the lower 
pentagon the vertices of a decagon inscribed in the circle of radius R, 
(fig. 14.3-5). It is now readily seen that the distance of the point | to 
the plane of the lower pentagon is a side of a rectangular triangle whose 
other side is s;y and whose hypotenusa is s,. In view of (14.3-24) we 
conclude that this distance is equal to R and it is now an easy matter 
to obtain the result 

tana = 2. (14.3-25) 


Fig. 14.3-5. Construction of the distance of the point J to the plane of the lower 
pentagon 


Now tan 4a is the positive root of the equation 


?+i-1=0, (14.3-26) 
whence 
tan fa = 4(-14+./5) (14.3-27) 
and from (14.3-22) we find 
cosa = 4(-1+./5). (14.3-28) 
Further 


cos” $a = $(1+cos a) = $(3+./5), = 7(6+2,/5) 


whence 
cos $a = 4(1+,/5). (14.3-29) 
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In view of (14.3-20) we then have 
tan p = 3—./5 (14.3-30) 
and, referring to (14.3-23) 
tan (p+r) = $(1+,/5). (14.3-31) 


Finally we need the value of tan(p+2r) = tan((p+r)+r). A simple 
calculation yields 


tan (p+2r) = 3+4/5. (14.3-32) 


Now we are sufficiently prepared to find the polynomials F,(s), F,(s) 
and F;3(s). In order to facilitate the calculations we shall firste evaluate 
the number 

65=tith, 


where ?¢, and f, are the roots of the equation 
?+ét-1=0. 
It is clear that 


2,2 
0203 = O5+tht20, =o05+0,, 


whence 
Os = 020346. 
Further 
G2 = O{—2t,t, = af +2 = 742 

and 

0,0, = 634+1t,t,0, = o3+6, 
or 

G3 = 6,0,—€ = —(é7 +3). 
Hence 


—&((2? +2)(67 +3)—1). (14.3-33) 


Let ¢; = 59 denote the point in the s-plane corresponding to the 
vertex J. It is clear that the points in the s-plane corresponding to the 
vertices of the upper horizontal pentagon are the zeros of s°—s5 
= s°—1?. The vertex J‘ corresponds to t, = —1/sq and the points in the 
s-plane corresponding to the vertices of the lower pentagon are the zeros 
of s>+1/s9 = s°— #3. The numbers ¢, and ¢, are the roots of the equation 
(14.3-26). The points in the s-plane corresponding to the vertices of the 
icosahedron are the zeros of 


Gs 


F,(s) = s(s‘°—a,s°—1). 
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The virtual degree of this polynomial is 12, in accordance with the fact 
that s = oo corresponds to a vertex of the icosahedron. Inserting € = 1 
into (14.3-33) we find 
F,(s) = s(s'°+11s°—1). (14.3-34) 
Let now so denote the point in the s-plane corresponding to the centre 
of the face 0/2, Its spherical coordinates are p = 2/5, 8 = p. Hence 
the points corresponding to the centres of all faces having 0 as vertex 
are the zeros of the polynomial s°+¢>, where t, is the positive root of the 
equation 
2 = 
P+ ——t-1 = 1°+4(34+,/5)t-1 = 0. (14.3-35) 
tan p 
The points in the s-plane correspond:ng to the centres of the faces dia- 
metrically opposite to the faces considered above are evidently the zeros 
of s°+13, where ¢, is the other root of the equation (14.3-35). The ten 
centres of the highest and the lowest faces correspond, therefore, to the 
zeros of 
(s°+43\(s° +43) = s!°+o5t5°—1. 
The points corresponding to the centres of the remaining faces are ob- 
tained in quite the same way. We have only to replace p by p+2r and 
they are the zeros of 
s'°+-6$s5—1, 
where of is obtained from og by replacing ,/5 by —,/5, This is at once 
clear if we compare (14.3-30) and (14.3-32). Hence the centres of the 
faces correspond to the zeros of 


(s'°+055°—1)(s'°+.0%s°—1) 
= s?°4(¢5,+02)s'5+(o50% —2)s'°—(6,+07)s° +1. 
Inserting € = 43+,/5) into (14.3-33) we find 
os = —114-S0/5, of = —114450,/5. 


Thus 
F,(s) = s?°—228s'? +.494s'° —2285° +1. (14.3-36) 


The projection of the midpoint of the edge 0/ from 0’ onto the sphere 
has the coordinates » = 0, 6 = 4a. Hence the midpoints of the edges 
issuing from 0 and @Q’ correspond to the zeros of 


(s°—t?)(s°—#8) = s'°-o58°-1, 


where ¢, and f, are the roots of the equation 


i) — 
r+ me = ?+(1+/5)t-1 = 0. 
an 43a 
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The projection onto the sphere of the midpoint of the edge 12 has the 
coordinates g = r/5, 6 = p+r. Hence the midpoints on the edges of 
the two horizontal pentagons correspond to the zeros of 


s'° +o%s5-1, 


where of is obtained from o by replacing 1+./5 by —1+./5. Finally, 
it is easy to see that the midpoints of the remaining edges (which are in 
the horizontal coordinate plane) correspond to the zeros of s1°+1. 
Inserting & = 1+,/5 into (14.3-33), we find 


65 =—2614125,/5, oo = 261+4+125,/5 


and we get 


F,(s) 


(s'°+ 1)(s?° + 522s'* — 10006s'° — 5225° + 1) 

= °° +4522s?°— 10005s7° — 10005s'°—522s°+1. — (14.3-37) 
We have to evaluate A and B from 
AF? + BF} = F3. 


Taking s = 0 we find 4+B=0. Comparing the coefficients of s°* 
we find 
2x 522A —3x228B = 1728A = 1, 


whence 
A=airs, B= —-ars 
and so 
Beis (s°° +.522s?° — 10005s7° — 10005s'° — 522s* + 1)” 
4 17285°(s'° + 115° —1)° ‘ 
(14.3-38) 
(s?°—2285'° + 4945'° +2285° + 1)? 
2(s)—-1 = ; 


17285°(s'°+11s°—1)° 


It is easy to find the polynomial in s whose zeros correspond to the 
vertices of one of the regular octahedra considered at the end of section 
14.2.4, Let us denote these polynomials by f,(s), kK = 0, 1, 2, 3, 4, corre- 
sponding to the octahedra J, IJ, Il, IV, V respectively. It is evident that 
fo(s) is the polynomial 


2 2 2s be 2 2s 2 
(s?+1) (: arr 7. i}(s EEE 1) 
= (s?+1)(s? +(1+./5)s—1)(s? +(1—/5)s—1) 


or 
fo(s) = s°+2s° —5s*—5s? —2541. 
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The other polynomials are obtained by means of the transformations 


s—> Cs = aks, k = 1, 2, 3, 4, 


where 
e= e275. 


Any transformation of the icosahedral group effects a permutation among 
the polynomials f,(s) and leave the elementary symmetric combinations 
of these polynomials invariant. The polynomials are the roots of the 
equation 
5 4 3 2 
w’+a,w +a,w +a,w +a,;,w+d9 = 0, (14.3-39) 


where the coefficients are polynomials in s and are invariant with respect 
to the icosahedral group. Any polynomial of the lowest degree, being 
invariant with respect to the icosahedral group, is of degree at least. 12 
Now if a, + 0 it is of degree 6, whence a, = 0. The polynomial a; is of 
degree 12 and can vanish only at the points corresponding to the vertices 
of the icosahedron. Hence a, = aF;, where a is a constant. Since if 
a, + 0 it is of degree 18, it is also zero identically. The polynomial a, 
is of degree 24 and is, therefore, bF} (where b is again a constant), for it 
can only vanish at the vertices. Finally ag is of degree 30 and it is, apart 
from sign, equal to the product of the polynomials f,(s). Hence ay = cF; 
and comparing the coefficients of s?° we find c = —1. 

The coefficients a and b may be found as follows. The recursive 
relations (12.3-1) yield 


6,+2aF;=0,  o44+(4b—2a7)F3 = 0. (14.3-40) 

Now 

fils) = 02856 +207*s° —Seks* 4 ..., 

fic(s) = es’? +45*? —Getks!9 4 .., 

Sii(s) = 67*s?4 4 8eks?9 4.4577 4... 
where k =0, 1, 2, 3, 4. Inserting these polynomials into (14.3-40) 
and comparing the coefficients of s'!, s?? and s?° we find 

20+2a=0, 20+4b-2a? = 0, 
whence 

a= —10, b= 45. 


Thus we have 
The octahedral polynomials fy, f1,f2,43,f4 are the roots of the equation 


w> — 10F;(s)w* +45F3(s)w—F;(s) = 0. (14.3-41) 


This result is due to A. Brioschi. 
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14.3.2 — THE INVERSES OF THE SCHWARZIAN FUNCTIONS OF THE SECOND KIND 


The problem of finding a Schwarzian function of the second kind is not 
very difficult. We may suppose that the triangles are rectilinear and it is 
natural to apply the Schwarz-Christoffel integral (10.3-10). It takes the 


form 
111 ) i dt 
s(—, —, —; z] =syte} —————___-,__ (14.3-42 

(. 2 Ys qt day ) 


where s, is the vertex of the triangle at which the interior angle is z/y, 
and c is a constant. It is understood that z varies in the domain Im z = 0. 

The argument of the integrand may be determined as follows. Let 
0) = arg t, 0, = arg(t—1). We agree that arg (l—*) = 0,—2 and that 
the argument of the denominator is 


(1~1/91)80 + (1 = 1/7281 — = 1/92). 


Hence the denominator is positive for t between 0 and 1. 
Now we shall discuss the various cases. 


BI) Let y, = y2 = 2. We take s, = 0. Then 


> dt 
s= ef Ha—pF . (14.3-43) 


We introduce a new variable u by 1—t = u’, (u>O0 if O<1t <1). 
We find 


Viz dy = ref du 
1 ¥t—u? Vi=V1—u? 


The integral is uniquely defined if we agree that arg /1—u? = 4 argt 
= 40). Taking c = 4 we get the function 


Ses i $ du 
Vee (14.3-44) 
which maps the upper half of the z-plane onto a vertical half strip with 
angles 4x, 4x and width 
du 


1 
S2—-S, -{ ——— = in. 
0 Vi—u? 


This strip is a triangle of the pattern as depicted in fig. 14.2-19. 
Inverting the integral (14.3-44) we obtain 


1—z(s) = cos’ s, z(s) = sin’ s. (14.3-45) 
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The function z(s) is a simply periodic function of the second order. A 
period strip consists of two shaded and two unshaded triangles. Since the 
integral (14.3-43) is divergent as z > 00 the third vertex s, is at infinity. 
B2) In the case y, = 2, y2 = 3 we have to consider the integral 


* dt 
S=s,;+te}] ——., 14.3-46 
; [, e(1—t)* ( ) 
We introduce the variable u by 1—f = u3 and we get 
Wirz 1 
Parner Sh = tf =. ae 
ete V1—w? Vie V4—413 


Tf we agree that argV1—u3 = dargt = 40) and arg Vue —1 = darg (—t) 


= 40)—42, then 
V1-w = ivu3-1 


and taking c = i/6 the function s(z) appears as 


f du 


ima —4 
Next we take 
ae (ee (14.3-47) 
Ji V4u3-4 
and we see that 
s= | oe (14.3-48) 
Vinz V4u3 -4 


is a function which maps the upper half of the z-plane onto a triangle 
having the angles 7/2, 2/3, 2/6. It is a triangle of the pattern as pictured 
in fig. 14.2-20. 

The integral (14.348) is of the Weierstrassian type as considered in 
section 5.13.1. Inverting it we find 


1—z(s) = @7(s;0,4),  2(s) = 1— 93(s; 0, 4) = 4¢0'°(s; 0, 4). 


(14.3-49) 


The function z(s) is doubly periodic of order six. A rhombus having one 
vertex at the origin and containing six shaded and six unshaded triangles 
is a period parallellogram. The periods can be found from the numbers 
@ and @’, introduced in section 5.12.3. The first formula (5.13-10) gives 


5 ° du 1 dt 
oO= =} , 
3 1/61 — 4)? 
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performing the substitution u> = 1/t. Hence 


._ QQ) _ v3_ on ile ie . 
&=% rar) na wat (4), (14.3-50) 


(3) 12,/n 
by (10.3-13). It is geometrically clear that 
6'fi = &/3. (14.3-51) 


This follows also from 


ata ‘dt rar 1 
@'/i = 3|s.—s,] -3{ ; Te: Qa) 

o # (1-2) Te)  4V 
In view of (5.6-22) we may express the function z(s) in terms of the sigma 
functions of Weierstrass 


= (FQ). 


2(s) = — alee, (14.3-52) 


a formula which exhibits the zeros and the poles. 


B3) In the case y, = 2, yz = 4 we have to consider the integral 


7 dt 
s=s,te| ———. 14.3-53 
- I r(1—1)* ( 
We introduce the variable u by 1—¢ = u? and we get 
Vi-z 1 
s = s,—4c go itde [ RS Sea 
1 V4u—4u3 Vi-z V4u—4u? 


If we agree that argVu—u> = 4 arg t+ 4 arg (1-1) = 40)+46,—41, 
arg V4u3 —4u = } arg (—1)+4 arg (1-1) = 40, +40,—7, we have 


Vu-uw3 = ifue—u 


and taking c = i/4 the function s(z) appears as 


i: r du 
S=8,;+ a 


Viz V4u3 —4u 
Next we take 
r -{" du 
1 1 /4u?—4u (14.3-54) 
and we see that 
s= | eee (14.3-55) 
V12z V4u3 —4u 
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is a function which maps the upper half of the z-plane onto a triangle of 
the pattern as pictured in fig. 14.2-21. 
Inverting the integral (14.3-55) we find 


1—z(s) = @7(s; 4,0), —_z(s) = 1- @7(s; 4,0). | (14.3-56) 


This result does not differ essentially from (10.2-62). 

The function z(s) is doubly periodic and of order four. A square, 
having one vertex at the origin and containing four shaded triangles, 
is a period parallelogram. The real period is, according to (5.13-9), 


200 1 
20 = 2 ee nf Zi => 
1 V4u3—4u #(1—1) 


where we have performed the substitution u? = 1/t. 
Hence 
ge rare) = 1), (14.3-57) 
r(3) 2,/2n 
by (10.2-59). The other period is determined by 
20'/i = 4 | ee (14.3-58) 
: o H(1—1) , , 


In view of (5.14-19) we may express the functions z(s) and 1—z(s) in 
terms of the Jacobian elliptic function with modulus k = 1/,/2. Since 
now e, = 1, e, = 0, e; = —1, g = ./2, we have 


2 ‘ 
—2(s) = 4 an), ) 2(s) = =e?) (14.3-59) 
(s,/2)’ n*(s,/2) 
The functions under consideration are of the lemniscate type. 
B4) A function automorphic with respect to the covering group of the 
pattern depicted in fig. 14.2-22 can be readily obtained by a simple 
geometric method, utilizing the results of part B2) of this section. On 
applying Schwarz’s reflection principle we see that 
z(s) = 1—°(s; 0, 4) 
maps the z-plane slit along the positive axis onto an isosceles triangle. 


Hence z(s) = @3(s)—1 maps the z-plane slit along the negative axis 
onto the triangle and 


2(s) = V%(s;0, 4)-1 = —4¢"(s; 0, 4) 
(see e.g., 5.7-9) is the function which maps the right half of the z-plane 
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onto the isosceles triangle under consideration. Multiplying by i, this half 
plane is rotated through a right angle about the origin. Hence the desired 
function is 


| 0) = —tie'(s; 0, 4), | (14.3-60) 


being a doubly periodic function of the third order. The period parallelo- 
grams are the same as those mentioned in B2). 
In view of (5.6-22) we may also write 


(she , o1(8)o2(s)oa(s) 
Oe) 


an expression exhibiting clearly the zeros and the poles of z(s). 


; (14.3-61) 


14.3.3 ~ THE INVERSES OF THE SCHWARZIAN FUNCTIONS OF THE THIRD KIND 


There are an endless number of the Schwarzian functions corresponding 
to the solutions of the inequality (14.2-4). Their inverses are automorphic 
with respect to a Fuchsian group of the first kind whose region of dis- 
continuity is the interior of the circle (or the half of the s-plane). The 
boundary of this region is a natural boundary (section 8.2.3); it is im- 
possible to continue analytically a function of this kind across the bound- 
ary. This follows from the fact that the vertices of the triangles of the 
pattern obtained by any one by performing a transformation of the group 
cluster towards the points on the boundary. 

The most remarkable Schwarzian functions of the third kind are those 
corresponding to jy, = 2, y2 = 0, y3 = 3 and to yy = yz = y3 = ©. 
Their inverses are automorphic with respect to the modular group and 
the congruence group, discussed in section 14.2.6. They are called 
modular functions because they are closely related to the modulus of 
Legendre’s complete elliptic integrals to be considered in more detail in 
subsequent sections. 

By rather simple arguments we can obtain a lot of information of the 
above mentioned functions. We start with a triangle in the upper half of 
the s-plane with vertices s; = 00, s, = 0, 53 = 1. Together with an 
adjacent triangle along the imaginary axis it constitutes a fundamental 
domain for the congruence group, (fig. 14.3-6). 

The function s(0, 0, 0; z) which maps the above triangle onto the upper 
half of the z-plane such that s,, s., 53; correspond to 0, 1, 00, respectively 
will be denoted by 

(z). (14.3-62) 
This function is unique and we have 
(0) = 0, (1)=0, t(o) = 1. (14.3-63) 
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S;(09) 
Yy 


(4) 


comer 
0 1 (2) 


(3) 
Fig. 14.3-6. The fundamental domain of the congruence group mod 2. There are 3 
parabolic cycles, viz. s = 0, (s= —1), s=o@ 


The function t(z) satisfies the Schwarzian differential equation 


[r], = 


z—zt+1 


—— 14.3-64 
2z7(z—-1)° ( ) 


as appears if we take a, = a, = a3 = 0 in (14.2-3). The function on the 
right remains unchanged if we replace z by 1—z. On the other hand 
[t], =[t],_,, as follows from (14.3-64). The second theorem of section 
13.4.5 implies that 

_ Ar(z)+B 


cae Cr(z)+D’ 


where A, B, C and D are constants. They are determined by the following 
considerations. 

If z varies throughout the upper half of the z-plane, then 1—z varies 
throughout the lower half. Reflecting in the segment 0 < z < 1 we see 
that t(z) maps the interior of the fundamental region onto the z-plane 
slit along the real axis from 1 to oo and from 0 to —oo. The upper 
border of the right cut corresponds to the circular arc between s = 1 
and s = 0, the lower border to the circular arc between s = 0 and 
s = —1. The upper border of the left cut corresponds to the right half 
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ray Res =1, Ims>0 and the lower border of the left cut corresponds 
to the left half ray Res = —1, Ims > 0. 

If z moves along the upper border of the right cut to +00, then 1—z 
moves along the lower border of the left cut to — oo. Then t(z) moves 
along the right circular arc to +1 and 1(1 —z) along the left circular arc 
to —1l. Thus 


1a Ate 
C+D> 


Taking z = 0 we find A = 0 and taking z = I we find D = 0. It follows 
that 


(1—z) = —. (14.3-65) 


Referring again to (14.3-64) a simple calculation affirms that this equation 
remains unchanged if we replace z by 1/z, whence 


é (=) _ At(z)+B 
z Cx(z)+D° 
If z moves along the upper border of the right cut to infinity, then t(z) 


tends to 1 and t(1/z) to 00, since I/z tends to zero. It follows that C+ D =0. 
If z tends to 0 along the upper border then i/z tends to oo along the 


lower border and +(1/z) tends to —1, whence A = —C. If, finally, z tends 
to 1 so does I/z and, as a consequence, B = 0. 
Thus we also have 
t (-) tN (14.3-66) 
Zz —tz)+1 


The inverse function of t(z) will be denoted by 
H(s). (14.3-67) 


This function is a simple automorphic function with respect to the con- 
gruence group mod 2 and it takes its values once at each point of the 
fundamental domain. 

The equations (14.3-65) and (14.3-66) can be rewritten as 


a( = ) abet (14.3-68) 
and 


a (- *) = 1-As) (14.3-69) 
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The transformations performed on s are represented by the matrices 


a He E Fe (14.3-70) 


and they are the first two transformations different from the identity, 
listed in (14.2-39). They generate a group isomorphic to the quotient 
group of the modular group with respect to the congruence group and 
the elements of this group induce certain transformations of A, namely 


UO). Fh Ol te “for-<4 
lo eee La eee Ly oe 


(14.3-71) 
k Aa aa F Pe a Fi ae A-1 
1 it y-4g’ LO tj g-1’ Ll OJ QC 

The matrices characterize the transformations of s. The expressions 
following the matrices are the results of the transformation of 4. The 
various transforms of A are the six values of the cross ratio of four points 
on a projective line. By this reason the group interchanging these values 
is called the group of the cross ratios. By means of the construction as 


described in section 13.2.5 we obtain the fundamental domain depicted 
in fig. 14.3-7. 


Fig. 14.3-7. Fundamental domain of the anharmonic ratio group. The rectilinear parts 
are equivalent by A — 1—A; the circular paths are equivalent by 4 — (A—1)/A. 


Some particular values of A(s) can easily be found. A fixed point of the 
transformation 


sa —- — 
§ 


is s = i. Inserting this into (14.3-69) we find 
A(i) = 5. (14.3-72) 
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A fixed point of the transformation 
sl 
sa 

s 


is p = $+ 4i/3. From (14.3-71) we have 


whence 
1 
(p) = 1- —. 
A(p) 
Since p is in the shaded triangle, Im A(p) > 0, and so 
A(p) = p. 
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(14.3-73) 


Now we turn our attention towards the modular group. By means of the 


$5() 


Fig. 14.3-8. The division of a triangle with zero angles into six congruent triangles 


altitudes we can divide each triangle with zero angles into six congruent 
triangles with angles 2/2, 7/3, 0, (fig. 14.3-8). The pattern of these triangles 
remains invariant under the transformations of the modular group. 
We consider in particular the triangle with vertices s; = p, Ss. = 1+i, 


s3; = oo. Let 


J(s) 


(14.3-74) 
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denote the function which maps this triangle onto the upper half of the 
z-plane such that s,, s. and s; correspond to z = 0, 1, oo respectively. 
The function J(s) is a simple automorphic function of the first order and 
it takes its values six times in the fundamental region (fig. 14.3-9) of the 
congruence group. Since J(s) is also automorphic with respect to the 
congruence group it must be a rational function of 4 of order six. 


Fig. 14.3-9. Fundamental domain of the modular group 


Now it is easy to find a function of this kind, viz. 
1 ~ 1 A A-1 
s) = (144 (1+ =) 1+1-1 (1+ ) (t+ ) (1+ ). 
f(s) = (144) (14 5) 4179 (1+ ——) (14) (14 


for a transformation of the modular group merely interchanges the factors 
on the right. An easy calculation yields 


_ _ A+1)P(2-ap(2a—-1° 
f(s)= Fa—1)? ; (14.3-75) 


Since A(p) = p, and p?—p+1 = 0, we readily find f(p) = 27. Hence the 
function 


F(s) = 1—34f(s) (14.3-76) 
has a zero at s = p. Taking s = i, ie., A(i) = 4, we find F(i) = 1 and 
from F(s+1) = F(s) we deduce that also F(i+1) = 1. Finally F(s) = 00 
at s = 00. The functions F(s) and J(s) are automorphic with respect to 
the same group and both are simple automorphic functions of the first 
order. It follows that either function is a rational function of the other. 
Since they coincide at the vertices of the triangle we have, evidently, 


F(s) = J(s). (14.3-77) 
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We notice that F(p) = 0 and that the numerator of F(s) is a poly- 
nomial of the sixth degree in A. There can be no other zeros in the 
fundamental domain and we conclude that 

2 1)3 

F(s) =c¢ aera ; 

V(A-1) 
where the constant c is determined by the condition F(i) = 1. It follows 
c = 4/27 and so 


(14.3-78) 


= SE | 
A (A—1) 


It is clear that this expression could be obtained by straight forward 
calculation from (14.3-—75) inserting the expression for f(s) in terms of A. 
In addition we have 


J(s)-1 = 24 aa | (14.3-79) 


14.4 — Picard’s theorem and related theorems 


14.4.1 ~ PICARD’S FIRST THEOREM 


In section 9.9.3 we proved Picard’s theorem for integral functions by 
means of a method due to Landau. A very simple proof is the original 
proof given by Picard himself based on the function t(z) introduced 
in section 14.3.3. 

If the half plane Ims > 0 is filled by an infinity of successive reflec- 
tions of the original triangle with vertices at 0, 1 and oo, the z-plane 
is covered by an infinity of upper and lower half-planes which are the 
conformal images of the reflected triangles as given by s = t(z). Each 
half plane has three adjacent half-planes which are connected with it 
along the segment 0 <z< 1 and the rays -o <z<Oandl<z<o, 
respectively. The totality of half planes which are connected with each 
other in the manner indicated is known as the modular surface. There 
are no points of this surface above z = 0, 1, 00, for these are logarith- 
mic branch points. The modular surface is the Riemann surface of the 
analytic function obtained from 7t(z) by analytic continuation along 
paths which avoid the points z = 0 and z = 1. This analytic function 
may again be denoted by 1(z). 

Let f(z) denote a non-constant integral function omitting the values 0 
and 1. Consider a single-valued branch of the analytic function t(z) 
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in a sufficiently small neighbourhood of f(z)). We shall denote this 
branch by 7(z). Then 


9(z) = r(f(z)) (14.4-1) 


is a single-valued function element defined in a neighbourhood of z = Zp. 
Since f(z) avoids the values 0, 1 and is everywhere regular it can be con- 
tinued analytically throughout the entire (finite )z-plane giving rise to a 
single-valued function, by virtue of the monodromy theorem of section 
12.2.3. But g(z) takes only values in the upper half of the complex plane, 
ie., Im g(z) > 0. Hence the modulus of exp ig(z) is less than I and by 
the Cauchy-Liouville theorem (section 2.12.1) it must be constant. It 
follows that f(z) is constant, contrary to our assumption. 

An alternative statement of Picard’s theorem is 

If f(z) is meromorpiuc throughout the whole plane and does not take three 
different vaiues a, b and c, then it is a constant. 

This follows from the fact that the function 


c—a f(z)—b 
c—b f(z)-a 


is an integral function which does not take the values 0 and 1. 

Picard’s theorem for integral functions will be referred to as Picard’s 
first theorem. A similar theorem is concerned with the behaviour of a 
function in a neighbourhood of any essential singular point. It will be 
discussed in section 14.4.4. 


14.4.2 — LANDAU’S THEOREM 


In this section we will establish another proof of Landau’s theorem, 
stated in section 9.9.4 and we shall obtain an explicit expression for the 
Landau radius R(ag, a). 

Let f(z) denote a function holomorphic in |z] < R which takes neither 
the value 0, nor the value 1. As in the preceding section we consider a 
function element t(/(z)) in a neighbourhood of z= 0. This can be con- 
tinued analytically throughout the disc |z| < R and yields a holomorphic 
function g(z) with Im g(z) > 0. 

Now we make the following remark: [f/Im z > 0, Ima > 0 and 


w=, (14.4-2) 


then |w| < 1. 
In fact, this transformation carries the real axis into a circumference 
through w = 1 corresponding to z = 00. Since a and @ are symmetric 
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with respect to the real axis, their images, w = 0 and w = oo, are 
symmetric with respect to the circumference. 
If we put 
h(z) = $=) (14.4-3) 
g(z)—g(0) 
we have 
\A(z)| < 1, |z| < R. 


By Schwarz’s lemma (section 2.21.2) 


|A(zZ)|R S 21, 
whence 
|A’'(O)|R S 1, 
or 
1 
Rs nO (14.4-4) 
Now 
n'(0) = tim $229), tim OD)=AFO),_ ad _ 
a te g(z)—g(0) °° 2 9(z)—g(0) 
= t'(ao)a, een Se > 
tao) — (ao) 
with 


% =f(0), a, = f'(0). 
It follows that 
RS Rao, a,) 

with 
|t(ao)—t(a)| a2 2 Im t(ao) ; (14.4-5) 

|a,||t’(ao)| la,||2'(ao)| 
This expression has been obtained by Carathéodory. 

The result is sharp. In order to prove this we consider the function 


jays (: =) 


1 — 

1-z 
which is certainly holomorphic if |z] < 1 (in accordance with 10.2-3). 
This function does not take the values 0 and 1. Now ay = f(0) = A), 
whence t(a)) = i. Further a, = f'(0) = A'(i) x 2i = 2i/t'(ag) and so 


2 => 
It'(ao)| 


R(a, a;) = 


R(ag, @,) = 1. 


it'(ao)| 


This concludes the proof. 
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14.4.3 — SCHOTTKY’S THEOREM 
We adopt the same assumptions as in section 9.9.5. The functions 
gz) = (f(z) 


can be defined as a single-valued holomorphic function in the disc |z| < 1. 
Introducing a hyperbolic metric in this disc we deduce from (9.5-22) 
that the hyperbolic radius of the circumference |z| = $ about the origin is 


log ——_. (14.46) 


Re t(dg)+/ to __ 
Fig. 14.4~1. Determination of t, in Schottky’s theorem 


The geometric form of Schwarz’s lemma (section 9.8.2) states that the 
values of g(z) in the s-plane are contained in a circular disc with centre 
t( f(0)) = t(a9) and the same hyperbolic radius. In the Poincaré model 
of the hyperbolic plane let Re t(a@))+ifp denote a point on the circum- 
ference right under the centre, (fig. 14.4-1). Then, in view of (9.5-31) 
the radius of the circle in the s-plane is 


Im t(ao) 

i} dy _ id Im t(a9) 
to y to 

and equating this to (14.4-6) we get 

_ 1-8 


Im t(ag). (14.4-7) 
1+9 


to 


The modular function A(s) is periodic with period 2. A maximum p(t) 
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of the modulus of this function on the line Im 5s = fg is attained on the 
segment 0 < Res < 2, Ims = tg. By the maximum principle the maxi- 
mum of A(s) in the infinite strip 0 < Res < 2, Ims 2 fo, is attained on 


the boundary. On the lines Res =0 and Res = 2 the functioa A(s) is 
real and tends monotonously to zeros as Im s + oo. Hence 


lA(s)| < Ho), = Im s > fo. 


As a consequence the moduli of the values of f(z) = A(g(z)) in the disc 
|zi < 9 do not exceed the number 


Ht0) = # (Fm e(aa)) = 918,40, (1448) 


as asserted in Schottky’s theorem. 

We shall make an additional remark which will be useful in the next 
section. Suppose that |a)| < 4. Then we contend that the upper bound 
in Schottky’s theorem depends only on 3. For let t(z) denote the branch 
which maps the plane slit along the half rays z > | and z < 0 onto the 
fundamental domain consisting of two triangles with vertex at infinity 
(fig. 14.4-2). Since t(z)—> 00 as z0 the disc|z| $ 4, slit along a radius to the 


left, corresponds to a closed point set within the strip of the fundamental 
domain. If z tends to a point of the slit then t(z) tends to a point on one 


Fig. 14.4-2. Additional remark to Schottky’s theorem 


ee 
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of the vertical bounding lines. This closed set has a positive distance to 
the real axis in the s-plane, for it cannot penetrate into a neighbourhood 
of s = Oors = 1, points corresponding to z = 1 and z = © respectively. 
Hence Im t(ap) > y, where 7 is a positive constant, not depending on 
a, as long as |a)| < 4. In Schottky’s theorem we now may take 


14.4.4 — PICARD’s SECOND THEOREM 


Picard’s second theorem is a statement of the behaviour of a function 
in the vicinity of an isolated essential singular point and it completes the 
Casorati-Weierstrass theorem of section 3.2.1. 

Let f(z) be holomorphic in a region 0 <\z| <1 and omit the values 
0 and 1. Then z = 0 is not an essential singular point. 

From the Casorati-Weierstrass theorem follows that we can find a 


sequence @,,@,,... such that 
e* > |a,) > la.) >... [a] 70, as noo (144-9) 
and 
If(a,)—41 < 4. (14.4-10) 
To every number a, we assign a number 5, such that 
em=g¢,, —nSImb,<7n. (14.4-11) 


Next we consider the function 
g(w) =f(e") =f(z),  z =e", (14.4-12) 


which is holomorphic for Re w< 0 and omits the values 0 and 1. The 
function is periodic with period 2zi. The inequalities (14.4-9) are equiv- 
alent to 

—4xn>Reb, >Reb,>..., Reb,7>7—o@. (14.4-13) 


The image of the segment —x S$ Im w S z in the w-plane is the circum- 
ference |z| = |a,| in the z-plane. 
Let us now consider the function 


h(w) = g(b,+4nw). (14.4-14) 
It is holomorphic in the disc |w| < 1, for 
Re (6,+42w) S Re b,+4z|w| < —4n+42 = 0. 
It omits the values 0 and 1. Finally, in view of (14.4-10) 
[h(0)—41 = lo(b,)-41 = [f(4,)-41 < 4, 
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wHente [h(0)| < 4. (14.4-15) 
Now we apply Schottky’s theorem, taking 9 = 4. We find that in the disc 
the inequalit 

yen lA(w)I SB 


holds, where f is an absolute constant for according to the remark at 
the end of the last section 8 does not depend on ay = A(0). 

The vertical segment —z < Im w < zx through 54, corresponds to the 
circumference |z| = ja,| in the z-plane. This segment belongs to the disc 
|w—5,| < 2x and according to (14.4-15) the function does not exceed 
in absolute value the constant 8. This means, however, that on each 
circumference |z| = |a,|, 7 = 1, 2, ..., we also have 


If@1 SB 
and this inequality remains true within the annulus between two such 
circumferences. Since each z satisfying 0 < |z| S$ |a,| is in at least one 
such annulus, we also have 


Aca) = B, |z| s layl, 


in contradiction with the fact that z = 0 is an essential singular point. 
A somewhat more general statement of Picard’s second theorem is 
If f(z) is holomorphic in the region 0 < |z—Zo| < R and omits the 
values a and b, a # b, then Zo is not an essential singular point. 
Indeed, we may apply the previous theorem to the function 


S(Zo+Rz)~a 
b-a ; 


We conclude that in every neighbourhood of an isolated essential singu- 
lar point the function omits at most one value. 

Picard’s first theorem may be obtained from the above theorem by the 
substitution z > 1/(z—a). 


14.4.5 — NORMAL FAMILIES 


An astonishing simple criterium for normality of a family of functions 
has been given by Montel. It states that a family is certainly normal in a 
region if the functions omit two values, say 0 and 1. 

In order to prove this statement we will employ an elegant test for 
normality due to Ahlfors. 

By the chordal derivative of a function f(z) is understood 


x(f) = lim hes), (14.4-16) 
h-0 
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where x(a, 5) denotes the chordal distance of the points a and 6, (section 
1.1.5). Assuming that f(z) is differentiable at the point z, we find from 


(1.1-15) and 
WF (2+h),f(z)) = 2\f(z+h)—-F(2)I 


V1IFlf(Z+h)PV141F(2)7? 


that 


Lan ~ ae (14.4-17) 


1+1f(z)?- 


Ahlfors’s theorem states 

A family of holomorphic functions in a region ®t is normal if and only if 
on every closed and bounded subset of KR the chordal derivatives of the 
functions are uniformly bounded. 

Suppose first that this condition is not fulfilled. Then we can find a 
closed and bounded subset © of 9 and a sequence /,, f2,... such 
that max y(f,) on © tends to oo. If there would be a subsequence 
furs tng» +» being uniformly convergent on any closed and bounded subset 
of St, then this subsequence would tend to a holomorphic function g 
by Weierstrass’s theorem of section 2.20.1. Then y(f,,) would be bounded 
on @, contrary to the assumption. If the subsequence would tend uni- 


formly to co, then the sequence of the reciprocals 1/f,,, I/f,,,... would 
tend to zero, uniformly. Observing that 
uf) = x (-). (14.4-18) 
f 
it would follow y(f,,) ~ 0 which is again in contradiction with the 
assumption. 


The proof of the sufficienency of the condition is based on the following 
statement: Every point zg in &% has a neighbourhood 1 such that, if 
|f(Zo)| < A for all functions of the family, then | f(z)| < 2A for all z in U 
and, if | f(Zo)| > B for all functions of the family, then | f(z)] > 4B for all 
zin WU. 

Consider a closed disc |z—z | S p within 9. Then, by hypothesis, 
xf) < M for a fixed M and all z in this disc. Let | f(z))| < A for all f 
in the family. Assume that | f(z)| < 2A does not hold for some function 
Sand |z—z9| < p. Then there is a point z, closest to zy at which | f(z,)| = 2A 
and | f(z)| < 2A on the segment connecting z) and z,. Integrating along 
this segment we have by Darboux’s inequality (section 2.4.3) 


f(z) -f(Zo)l = 


Proa| S pmax |f'(z)| < pM(1+4A?). 
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On the other hand we have 


2A = If (21) S Fs) -F (Zo) + 1f Zo) < F(21)-F (Zo) + A, 


whence 
A < |f(21)—fGo)l- 


Since p can be taken as small as desired this leads to a contradiction. Thus 
|f(2| < 2A if |z—zo| < p, provided that p is sufficiently small. If 
| fo) > B for every function of the family, then |1/f(zo)| < 1/B and by 
the previous result |1/f(z)| < 2/B in a suitable neighbourhood of zo. 
This concludes the proof of the assertion. 

It follows that the set of points of $ at which f(z) is bounded for all 
functions of the family is open. Also the set of points of 3t at which the 
f(z) are unbounded is open. Since §t is connected it cannot be decomposed 
into disjunct open subsets (section 9.1.1) and thus we find that the func- 
tions f are either bounded at all points of $f or unbounded at all points. 

Let f,, f2,... be any sequence of functions of the family. Then either 
the sequence is bounded at every point of , or the sequence is unbounded 
on every point of Rt. 

Consider the second case. Let z) denote a given point and B an arbi- 
trary positive number. Then | f,(Z))| > Bifn > mo and hence | f,(z)| >4B 
in a sufficiently small neighbourhood of z. If © is a closed and bounded 
subset of t, then © can be covered by a finite number of discs of the con- 
sidered kind and we may conclude that | f,(z)| > 4B for all zin © andn 
sufficiently large. Hence the sequence /,, f,, ... tends to infinity uni- 
formly on ©. 

By the same 1easoning we may infer that the sequence is uniformly 
bounded on every closed and bounded subset of §, if the sequence is 
bounded at every point of . Then there is a subsequence which converges 
uniformly on every closed and bounded subset of and thus we see 
that Ahlfors’s condition implies the normality of the family. 

The following theorem can be proved by means of Ahlfors’s theorem. 

Assume that a family of holomorphic functions in a region is such that on 
every closed and bounded subset Im f(z) > 0. Then the family is normal. 

By straight-forward computation ‘t may be verified that 


x92) = xf), 


z)-i 
(2) _F) a 
F(z)+i 
From (10.2-3) we deduce that |g(z)| < 1 if Im f(z) > 0. Hence the 
family of the functions g(z), being uniformly bounded throughout &, 
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is normal and from Ahlfors’s criterium follows that also the family of 
the functions f(z) is normal. 

A family of functions regular at a point Z, is said to be normal at this 
point, if there exists a neighbourhood of 2, in which the family is normal. 

A family of holomorphic functions is normal in a region § if and only if 
the family is normal at every point of ®. 

The necessity of the condition is trivial. Let © denote a closed and 
bounded subset of R. About every point of © there is a neighbourhood Ul 
such that y(/) is uniformly bounded on a closed disc within U about the 
point. Since we can cover € by a finite number of neighbourhoods of this 
kind, if follows that x(/) is also uniformly bounded on ©. 

Now we are sufficiently prepared to prove Montel’s theorem 

If the functions of a family are holomorphic in a region Rt and omit the 
values 0 and 1, then the family is normal in ®. 

Let z) denote any point of # and & an open disc centred about zp) 
and included in %. Within a sufficiently small neighbourhood of zo 
we can find a function element t(f(z)), where fis a function of the family. 
Among the various values of t(f(z)) we take the value that is in the fun- 
damental domain consisting of two adjacent triangles with vertex in 
infinity. 

Since f(z) avoids the values 0 and I the continuation of 7(f(z)) through- 
out & is possible and yields a single-valued function g(z) holomorphic 
throughout §&. Moreover Im g(z) > 0. From the second theorem of 
this section follows that the family of the functions g is normal. 

Consider now a sequence of functions f of the given family. The se- 
quence of the corresponding functions g contains a subsequence of 
functions g,(z) = t(f,(z)), 2 = 1, 2, ..., which converges either to a 
function g(z) holomorphic in §, or to infinity. By virtue of the theorem 
of secticn 3.12.1 the function g(z) does not take values on the real axis, 
for Im g(z) > 0, unless it is a real constant. Thus either Im g(z) > 0 
or Im g(z) = 0 for all z in &. Since the g,(z) are chosen in the above 
mentioned fundamental domain the limit g(zp) is in this domain. We 
can take the domain such that the only real finite boundary points are 
0 and +1. 

Suppose that g(z) = 0 identically. In a closed disc about zy within & 
we have 

l9.(Z)I < 


uniformly in this disc, provided that n is sufficiently large. Now 


Suz) = A(Gn(Z))s 


where A is the function (14.3-67) and if g,(z) +0 then f,(z) > 1, 
uniformly in the closed disc. 
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If g(z) = +1 or —1, then g,(z) > +1 or —1 and f,(z) > o0, uni- 
formly in the closed disc. 

It remains to consider the case that g(z) does not have one of these 
three exceptional constant values. Since g(z) is holomorphic in # the 
image of this disc, as given by g, is an open set which does not meet the 
real axis. The values of g(z) at points of a closed disc within & constitute 
a bounded set which has a positive distance from the real axis. On this set 
the functions g,(z) tend uniformly to g(z). Hence 


Su(Z) = AGalz)) + (G2) = f@), 


uniformly on the closed disc within §. 

Thus we proved that the given family is normal at the point zy. Since 
Zq is an arbitrary point of St we may conclude that the family is normal 
throughout §. 


14.4.6 AN ALTERNATIVE PROOF OF PICARD’S SECOND THEOREM 


The following theorem enables us to give a very short proof of Picard’s 
second theorem. 

If z = 0 is an essential singularity of the function f(z) then the sequence 
of functions 


fAz) =f(27"z) (14.4-19) 


is in no punctured disc about z = 0 a normal family. 

By a punctured disc we understand a disc from which the centre is 
omitted. 

Suppose that the function f(z) is holomorphic in the punctured disc 
0 < |z| < 1. Consider the sequence (14.4-19) in the annulus 


Mg: 27? < [zi < 3x 277, 


The values that f,(z) takes in M5 coincide with the values of f(z) in the 
annulus 
W227 8 < [2] < 3x 22-%, 


Since 2%, and 2,4, overlap, each value taken by f(z) in the disc 0 < |z| 
<3x277is taken by at least one of the functions f,(z) in U%»_. Supposing 
that the sequence (14.4-19) is a normal family, there is a subsequence 
Jinn» ngs +++ Which converges either to a holomorphic function fo(z) or 
tends to oo. 

In the first case /o(z) is holomorphic in My and, consequently, bounded 
on the circumference |z| = 4. Since the convergence of the subsequence is 
uniform on the circumference the functions f,,(z) are uniformly bounded 
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on |z| = 4, ie., we can find a constant M such that 


fn(3e")| SM 
and 
[fame SM, k= 1,2... 


This asserts the existence of a sequence of concentric circles shrinking 
to the origin on which | f(z)| is bounded. Since f(z) is holomorphic in 
each annulus bounded by two consecutive circles, the maximum prin- 
ciple (section 2.5.3) shows that f(z) is locally bounded at z = 0. By 
Riemann’s theorem (section 2.8.3) the function f(z) can be extended to a 
function holomorphic throughout the disc about z = 0, contrary to 
the hypothesis. 

In the second case the subsequence f,,, kK = 1, 2, ... tends to co 
uniformly on |z| = 4. Hence the sequence 1/f,, tends to zero, uniformly on 
this circumference. As above we may conclude that 1/f(z) is locally 
bounded at z = 0 and can be extended to a regular function having a 
zero at z = 0. It follows that f(z) possesses a pole at z = 0 (section 
3.2.1), contrary to the assumption that z = 0 is an essential singularity. 
This concludes the proof of the theorem. 

A direct consequence is Picard’s theorem. Without destroying the 
generality we may assume that f(z) is holomorphic in the punctured 
disc 0 < |z| < 1 and omits the values 0 and 1. Then the functions 
F(z) = f(2~"z) of the above theorem constitute a normal family, by 
Montel’s theorem. This is a contradiction. 

The theorem of this section permits a stronger conclusion. Since the 
family f,(z) is not normal in the annulus 2%, there is at least one point Zo 
of %, and a disc &: |z—Zo| < € in %), such that the sequence is not 
normal in & 9. We consider the homothetic discs 


RK, 2 |Z-27"Zo| < 27"e,n = 1,2,.... 


The values taken on by f(z) in %o are the values taken on by f(z) in &,. 
Let now aand 5 be two different numbers. Suppose it is not true that at 
least one of the equations f(z) =a, f(z) =6 has a root in infinitely many 
of the discs St,,. Then there is an integer ny such that f(z) # a, f(z) #6 
with z in &,, 2 2 mo. It follows that the sequence f,(z) is normal in %y 
and we have a contradiction. This result is due to Julia and may be 
stated as follows 

If z = 0 is an essential singular point of the function f(z), then there 
exists a sequence of homothetic discs in which f(z) assumes every value with 
at most one exception. 

This theorem may also be stated in the form 
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If z = 0 is an essential singular point of f(z), then there exists at least 
one ray arg z = @ such that f(z) assumes every value with at most one 
exception in each angular region 0@—a < argz < @+a, no matter how 
small the positive number « is. 

A ray of this kind is known as direction of Julia. A simple example 
provides the function exp (1/z). The Julia directions are given by 
arg z = +47. 


14.5 — The elliptic modular function 


14.5.1 — THE MAPPING PROBLEM FOR THE TREBLY ASYMPTOTIC TRIANGLE 


The Schwarzian function t(z), introduced in section 14.3.3, maps the 
upper half of the z-plane onto a triangle with vertices at s; = oo, s,; = 0, 

= 1 and angles equal to zero. It is a solution of Schwarz’s differential 
equation 


(14.5-1) 
This is an equation of the third order. The solution is much facilitated by 


considering the linear differential equation of the second order 


nay 2 aZtl 
OFS at 
z’(z-1) 


As was pointed out in section 13.4.5 a quotient of two linearly independent 
solutions of this equation is a solution of the equation (14.5-1). The 
equation takes a more manageable form if we perform the substitution 


w = uz*(1—z)*. 


w =0. (14.5-2) 


This has no consequences for the quotient of two solutions. Inserting 
this into (14.5-2) and replacing afterwards u by w again we get the 
differential equation 


z(1—z)w’+(1—2z)w’—4w = 0. (14.5-3) 


This is an equation of the so-called Fuchsian type. A general theory of 
these equations will be dealt with in the next chapters. 

The theory asserts the existence of at least one solution which is regular 
at z = 0. Such a solution can be obtained by inserting the power series 


w(z) = y cz” (14.5-4) 


into the left member of the differential equation. Supposing that this 
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series has a positive radius of convergence we may differentiate it term 
by term. Equating the sum of the coefficients of equal powers of z to 
zero we obtain the recursive relations 


n(n+ 1)c,4,—n(n— 1)c, +(n+ Lc, 41,—2nc,—4e, = 0, n=0,1,...5 


or 
2 
Cat _ (R+t 


me bes (14.5-5) 


Since ¢,+1/¢, ~ 1 as n > 00 we find that the radius of convergence of 
the series (14.5-5) is unity. 
Solving the equations (14.5-5) we find 


_,, (= Bn—3) 4)? _ co P*(n+4) ; 
a“ o( n(n—-1)...1 x I?(n+1) cane 


and the desired solution is 


w,(z) = 2 cr r(v+4) Bg 3) 


Ko F(v+1)- oe) 


It follows that all solutions regular at z = 0 differ only by a multiplicative 
constant. 


14.5.2 ~ LEGENDRE’S COMPLETE ELLIPTIC INTEGRALS 


Although we are now in possession of an analytic expression for a 
solution of the differential equation we need a second one which is not 
regula at z= 0. This can be found in a very easy way, for we may inden- 
tify (14.5-7) by a simple integral, namely Legendre’s complete elliptic 
integral of the first kind 


dg | 
K ZzZ=> ———————==r~zw = 
| ” o V1—z sin? 6 | eet) 


where the square root takes the value 1 at z = 0. This is the same integral 
as (5.144) occurring in the theory of the Jacobian elliptic functions. 
There z = k? is the square of the modulus of these functions. 

It is our next aim to study the integral as a function of z. It is not diffi- 
cult to show that this function is holomorphic in the z-plane cut along 
the real axis from I to oo. 

If |z| < 1 the integrand may be expanded in a series of powers of z, the 
series being uniformly convergent with respect to @ (since |sin 0] S 1). 
Hence we may integrate term by term and we get 
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K(z) = ¥ (-1)"A, (2) 2, (14.5-9) 
v=0 
with 
{= 
A, = sin" @d0, n=0,1,2,.... (14.5-10) 
0 


By virtue of (4.7-39) we have 


A, = 48(044, 3) = ED, 
From (2.16-19) we deduce 


(-*) = ~H-3-1)..-(-4-n4+I) = (-ayp (=) ot 
n/ n! ni 
iy T'(n+4) 


=e (4) F(n+1) 


Thus 


K(z) =4¥ Hg", jz) <1 (14.5-11) 


and this is the same series as (14.5-7) if we take cy = 42. It follows that 
Legendre’s complete elliptic integral of the first kind is a solution of the 
differential equation (14.5-3), being regular at z = 0. 
It is easily verified that the differential equation remains unchanged if 
we introduce the variable z’ = 1—z. As a consequence the equation is 
also satisfied by the function 


K’(z) = K(z’ a K(1—z), (14.5-12) 


the complementary integral of K(z). Here the primes do not indicate 
differentiation. 

The function (14.5-12) is regular at z = 1; it is holomorphic in the 
entire z-plane cut along the real axis from 0 to — oo. From the represen- 
tation of K(z) as an integral follows that K(z) > oo as z— 1. Hence 
K’(z) + 00 as z— 0. Thus 

The integrals K(z) and K'(z) represent two linearly independent solutions 
on the differential equation (14.5-3). 

There exists an important relation between these two integrals which 
is a special case of Abel’s identity (15.1-19) in the theory of homogeneous 
linear differential equations of the second order. Since the functions 


486 THE SCHWARZIAN TRIANGLE FUNCTIONS [14 


are solutions of (14.5-3) we have 


aK dK 
z(i—z) —~ +(1-—2z)— —-iK=0 
( Fe ( en i 
and 
a’K’ dK’ 
z(1-z +(1—2z 1K’ = 0. 
( ore: ( ) a 


Multiplying the second equation by K and substracting from the result 
thus obtained the first equation multiplied by K’ we readily find 


yf ’ K 
ka z(1—-z) (« dks -«) = 0, 
dz dz dz 
whence 
dK’ dK 
z(1—z){[K K’ ) =C 14.5-13) 
( ) ( dz dz ( 


where c is a constant. This is Abel’s identity. 
We may also write, observing that K(0) = 4x, 


dK’ c _ 4c l 
dzK  z(1—z)K*(z) x? z 


where y(z) denotes an ordinary power series in z. Integrating we get 


+y(z), 


K'(z) = “ K(z) log z+ (2), (14.5-14) 


where g(z) is regular at z = 0. It appears that K’(z) has a logarithmic 
singularity at z = 0. Notice that the logarithm denotes the principal 
branch. 

The evaluation of the constant c in Abel’s identity is not easy and 
requires some preparatory work. 

Finally we remark that the results obtained in this section are special 
instances of more general considerations which are the subject matter 
of the chapters 15 and 16. 


14.5.3 ~ LEGENDRE’S RELATIONS 


By Legendre’s complete elliptic integral of the second kind we under- 
stand the function 


, a es 
E(z) -{ V1—zsin’ 6d6, (14.5-15) 
is) 


where the square root is positive at z = 0. This function is holomorphic 
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in the z-plane cut along the real axis from 1 to oo, as is K(z). We en- 


countered this integral in section 5.16.5. 
If |z| < 1 we have the expansion 


ete) = 5 (-1)'4, (4) 2 
v=0 v 
where A, is again the integral (14.5-10). Since 


ka arrern el 


2 r(v+4) 2” 
v=o F*(v+1) 2v—-1 


we now have 


E(z) = —4 jz] < 1. (14.5-16) 


Replacing sin 0 by the variable t Legendre’s integrals appear in 
the form 


K(z) = | go OM (14.5-17) 
o V(1- ry\(1 - zt”) 


and 
* f/l—zt2 


o ¥1-?t? 


E(z) = dt. (14.5-18) 


Performing the substitution u = ¢~? we get 


K(z) = | u7*(u—1)4(u—z)"* du (14.5-19) 
1 
and 
E(z) = + u-*(u—1)"*(u—z)* du. (14.5-20) 
1 
The derivatives are 
&= z ( u~*(u—1)7*(u—z)*du (14.5-21) 
dz Jt 
and 
. = -+{ u~#(u—1) *(u—z) *du. (14.5-22) 
a “4 


Legendre’s famous relations are expressions of these derivatives in 
terms of K and E. 
In the integral (14.5-20) we may split off the factor y—z by writing 


(u—z)*® = u(u—z)~*—2(u—z)* 
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and we obtain the identity 

[ut —y-tu—2) du 
-|" u~#(u—1)7*#(u—z)*du— z| u~*(u—1)"#(u—z)7* du. (14.5-23) 
In view of (14.5-22), (14.5-20) and (14.5-19) this is equivalent to 


E(z) = K(z) +22 ee), 


2z 26) = E(z)—K(z). (14.5-24) 


ig. (uu 1-2)" = 0 


or 


The identity 


yields 
( u~#(u—1)*(u—z)*du 
Ji 
~{u ~4(u—1)-*(u—z)- *du~ |" u~*(u—1)*(u—z) *du. (14.5-25) 
1 
Writing 
(u—z)7* = (u—z)" (u—z) = (u—z)7*(u—1)+(u—z)*(1—2), 
the first integral on the right appears as 
{ w Hutu 2) Fu t(1—2) | u~*#(u—1)"#(u—z)"? du, 
1 1 
and so the equation (14.5-25) becomes 
{ u~?(u—1)*(u—z)"*du = a-2){ u~#(u—1)-*(u—z)"*du. 
1 1 
(14.5-26) 
In the integral on the left we split off the factor u—1 by writing 


(u—1)* = u(u—1)°>*-(u—1)7? 


and we get 

2 _ _ = "sag £ _ 2 

| u~*(u—1)7*#(u—z) *du— | u~*#(u—1)"#(u—z) *#du 
1 1 


= (1-2) | “wu 1)"*(u—z)"7#du. 
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By virtue of (14.5-19), (14.5-21) and (14.5-22) this turns out to be 
equivalent to 


d =) 


K(z)+2 —— = 2(1—z) 


wis (14.5-27) 
dz 


Inserting the expression for dE/dz from (14.5-24) we finally have 


2z(1 2 - E(z) Pee | (14.5-28) 


It is clear that similar relations must exist for K’(z) and E’(z), where 
E’(z) is the function 


E’(z) = E(z’) = E(1—z). (14.5-29) 


These relations are evidently 


dé’ ©) 


2(1—z) — = K’(z)—E’(z) (14.5-30) 


and 


re ees = a= AF) 


zK'(z)—E'(z). (14.5-31) 


It is now an easy matter to evaluate the constant c in Abel’s relation 
(14.5-13). First we observe that 


lim zK'(z) = 0, (14.5-32) 


z70 
as follows immediately from (14.5-14). Secondly 
{" 
lim E'(z) =| cos @d6 = 1. (14.5-33) 
z70 Jo 


By making z > 0 in (14.5-13) we now find, taking into account (14.5-31), 


“0 


C= hie z(i—z)K(z) ——~ = 4} lim K(z)(zK’(z)-E(z)) = - 


and Abel’s identity appears as 


a = MO (14.5-34) 
4z(1—z) 


Riz) a Ki 


dK'(z) 
dz 
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Accordingly the relation (14.5-14) becomes 

K'(z) = — ~ K(z) log z+ 9(z). (14.5-35) 
The functions g(z) will be determined in section 14.5.11. 


Replacing in (14.5-34) dK’/dz and dK/dz by their expressions (14.5-31) 
and (14.5-28) we obtain 


K’E+KE’—KK’ = in, | (14.5-36) 


which is Legendre’s relation (5.17-8), but now proved without the theory 
of the Jacobian elliptic functions. 


14.5.4 — SOLUTION OF THE MAPPING PROBLEM 


According to the general theory the function 
iK’(z) 
K(z) 


is a solution of Schwarz’s differential equation (14.5-1) and maps, there- 
fore, the upper half of the z-plane onto a triangle in the s-plane with 
zero angles. It is clear that t(0) = oo, for K’(0) = co and that t(1) = 0, 
for K(1) =o. Further, since K‘(4) = K(4) we also have 7(4) =i. 
Hence the function (14.5-37) is the same as the function t(z) considered 
in section 14.3.3. 

It follows immediately from (14.5-37) that 


1(z) = (14.5-37) 


which is the relation (14.3-65). 

It is clear that t(z) as defined by (14.5-37) is holomorphic in the z- 
plane cut along the real axis from 1 to oo and from 0 to —oo. If we 
continue t(z) analytically along a small circumference about the origin 
in the anti-clockwise sense the function K(z) retakes its original value, but 
K’(z) is transformed into K’(z)—2iK(z), since log z becomes log z+2zi. 
Hence 1(z) undergoes the transformation 


t(z) > t(z)+2. (14.5-38) 
Instead of (14.5-35) we may write 


K(z) = — ws K(z’) log z’+ 9(z’), 2’=1—z, 
ci 


14.5] THE ELLIPTIC MODULAR FUNCTION 491 


If z is continued along a smal! circumference about z = 1 in the clockwise 
sense, then z’ moves along a circle about z’ = 0 in the anti-clockwise 
sense and K(z) is transformed into K(z)—2iK’(z). Hence t(z) undergoes 
the transformation 


2(z) 


na —2t(z)+1- 


(14.5-39) 
These transformations are characterized by the matrices (14.2~35) and 
(142-32) respectively. Hence, repeating the above process in all possible 
ways we see that the various values of the analytic function generated 
from t(z) by analytic continuation throughout the z-plane are obtained 
from one value by means of the linear transformations of the congruence 
group mod 2. 
Since Abel’s identity (14.5-34) is equivalent to 


dt(z) _ ni 


dz : 42(1~z)K?(z)’ (oa) 
we may represent t(z) by the integral 
x 7 dt 
= — : 14.5-41 
caer 1 M-DKO) a a 


This integral is convergent at z = 1, for K(z) behaves like the logarithm 
of |!—z at this point. 


14.3.5 — A COVERING THEOREM 


An interesting application of the theory of the function t(z) is the 
following covering theorem 
If a function 


f(z) = z+ ya," (14.5-42) 
v=2 


is holomorphic throughout the open disc |z| < 1 then the image of this 
disc as given by this function covers an open segment of arbitrarily given 
direction which contains the origin and whose length is not less than 


An? 


=p 0,228... (14.5-43) 
4. 


0 

This result is sharp. 
Consider an open segment containing the origin whose end points 
are not covered by the image of the disc |z| < 1. Let « denote the end 
point with the largest distance to the origin. Then f(z) does not take the 
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values « and —a. Hence the function 
A(z) = 4 +a7'F(2)) 


omits the values 0 and 1. 
Among the possible values of t(4) we may take 


(4) = 3, 

whence 

1(A(0)) = 7. 
It follows that the function c(A(z)) is regular at z = 0 and since A(z) 
omits the values 0 and 1 if |z| < 1, it can be continued analytically 
throughout the open disc. By the monodromy theorem this function is 
single-valued. 

Since Im 1(A(z)) > 0, the values of 


are for |z| < 1 within the unit circle (see (10.2-3)) and it follows from 
Schwarz’s lemma that 


gO) St 
Now 
F . t(h(z))-i 1 h'(oy Li. 
g'(0) = lim plat) a ——— TOs Wt = —17/(4). 
z40 4 ah(z))+ 7% 4ai 
Here, of course, the prime denotes differentiation. It follows that 
|x| = 4}r’()I. (14,5-44) 
According to (10.3-33) we have 
K(4) = ——r*(4) (14.5-45) 
i 1 


and from (14.5-40) we get 


. — me 167? 
"Og —iF® 


and (14.5-44) appears as 


This proves the first part of the theorem. 
If A(s) is the inverse of t(z) we readily see that the function 


iii= 22 (i i+) = 
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is holomorphic throughout the open disc |z| < 1. It does not take the 
values 2x0—1 = —1 and 2x1—1 = 1. Further 


4i 
3(0) = 4i/’(i) = —~ = - ‘ 
Fol ) ( ) 1'(4) An? 
Hence the function /,(z)/fo(0) omits the values + 4n?/F*(4). This 
concludes the proof of the theorem. 
In quite the same way we may prove 
If the odd function 


a 
F(z) =z+ ¥a,z"*! 
v=1 


is holomorphic throughout the open disc |z| <1 then the image of this 
dise covers the disc |w| <1), where Ig is the number (14.5-43). 


14.5.6 ~ THE PERIODS OF WEIERSTRASS’S PE FUNCTION 


A wholly different approach to the theory of the modular functions is 
possible by the study of the Weierstrass pe function, considered as a 
function of its periods. We shall see that the functions A(t) and J(t) are 
closely related to the elliptic functions. 

Let 2m, 2w’ be a pair of primitive periods of a Weierstrass pe function. 
We can express all other periods by adding integral multiples of the two 
periods. The numbers 


20’ = a2u'+ b2a, 


26 = c2w'+d2a, (145-46) 


a, b, c and d being integers, are again primitive periods if and only if 
2a@, 2m’ can be expressed as sums of integral mutiples of 20, 2a’. This 
condition is necessary, but also sufficient, for any period is then expressi- 
ble in integral multiples of 2, 20’. 

Solving (14.5-46) we have, writing D for ad—bc, 


ae - (d2é' — b2), 

‘ (14.5-47) 
2m = — (—¢26'+.a2d). 

D 


The determinant of this transformation is 
D 1 


D? D 
Since the coefficients in (14.547) are integers it follows that D = +1. 
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We introduce the ratio of the periods 
t= — (14.5-48) 


and we assume that @ and w’ are such that 


Imt > 0, (14.5-49) 
as in section 5.8.1. The ratio of the new periods is then 
pacers (14.5-50) 
ct+d 


and Im 7 > 0 if and only if D = 1. Hence 
A change of primitive periods of the Weierstrass pe function induces a 
transformation of the ratio t by an element of the modular group. 


14.5.7 — THE ABSOLUTE INVARIANT 


It is possible to find an automorphic function of the modular group by 
means of the invariants g, and g, of Weierstrass’s pe function. In 
(5.11-17) we derived expressions for these invariants in terms of g and @, 
where as in (5.8-8) 


q = exp Zit. (14.5-51) 
We have 
- 4 
92. = (*) g+20q?+...) (14.5-52) 
0) 
and 
m\° 1 1,2 
93 = (*) (GGis-39 +...) (14.5-53) 
0) 
An easy calculation yields 
12 
A= 93-2797 = (*) (q?+ Pars as (14.5-54) 
o 


Now we combine these expressions to form a function from which the 
variable @ cancels and which is, therefore, a function of the ratio t+ 
alone, namely 


I(t) = 2 2 | (14.5-55) 


This is the so-called absolute invariant of the pe function. 
Inserting the expansion (14.5-52) and (14.5-54) we get 
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1 
I(t) = a728 (= +egteiq’+ ,) (14.5-56) 
P 


and introducing the variable tf = q* = exp 2zit we see that the function 
J(t), when expressed in terms of ¢, has a pole of the first order at ¢ = 0. 
This corresponds to t = io. 

Let 2. 2’ of given ratio t = w’/w generate the set of lattice 
points representing the periods of the pe function. Then the periods 
2@ = a2w'+b2, 2a’ = c2w'+d2a, where a, b, c and d are integers and 
ad—bc = | generate the same pattern of lattice points and the associated 
pe function and the invariants g,, g3, 4 are the same. Hence J(t) is 
unaltered if t undergoes a transformation of the modular group. A 
fundamental domain is e.g. the figure consisting of two triangles in the 
upper half of the t-plane with vertices at p—1, i, p and oo (fig. 14.3-9), 
with p = exp(2zi/3). Since J(t) has a pole at a parabolic point we may 
state 

The function J(t) is a simple automorphic function with respect to the 
modular group. 

The series (14.5-52) and (14.5-53) are uniformly convergent if 
\q7| < r <1. It follows 

The function J(t) is holomorphic in the upper half of the t-plane. 

According to the convention of section 13.4.3. the function J(t) has 
a single pole of the first order in the fundamental domain. Hence J(t) 
is of the first degree. Otherwise stated 

The function J(t) takes on each value once and only once in the fundamen- 
tal domain. 

It is clear that the function J(z) introduced in this section coincides 
with the function considered in section 14.3.3 if we identify the variables 
s and t. For in section 5.12.1 we found that g, = Oift = 7,and g, = 0 
if t = p = exp (27/3). Hence 

Ji) = 1, J(p) = 9. 
Since two simple automorphic functions belonging to the same group and 
being both of the first order can only differ in a multiplicative constant, 
the identity is established. 

Squaring the expressions (5.10-2) we easily deduce 


2 
“8 


Fe De? (93(0) + 93(0)), 

Gay a (93(0)— 94(0)), (14.5-57) 
x? 4 4 

45> ie (95(0) + 93(0)). 
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In section 5.10.2 we already obtained 
Ant =)" 98(0)98(0)98(0) (14.5-58) 
\2@. 
and from (14.5-57) we easily deduce 
oye (= e): (98(0) + 98(0) + 95(0)). (14.5-59) 


Thus we may bring J(t) into the elegant form 


a eae rs 


93(0)95(0)95(0) 


The mapping properties of the function may be summarized as follows 

The function J(t) maps the fundamental domain Ry, consisting of two 
triangles with vertices at 00, i, p, p—1 and angles, 0, 42, 4x and adjacent 
along the imaginary axis in the t-plane from i to ico onto the z-plane, 
the mapping being one-to-one. The interior corresponds to the z-plane 
cut along the real axis from —o to 1. If we complete this interior with a 
vertical side on the left of the boundary and a circular arc from p—1 to i, 
then the points of the upper border of the slit must be added to the region 
in the z-plane. The left half of the fundamental region corresponds to the 
upper half of the z-plane. 


14.5.8 — EXISTENCE OF A FUNCTION WITH PRESCRIBED INVARIANTS 


A consequence of the last theorem of the previous section is that the 

equation 

J(t) = z, (14.5-61) 
where z is any given complex number, has always a solution t in the fun- 
damental region. This enables us to solve the following problem: 

Given two numbers g,, g3 we ask whether there exist two numbers 
@, w’ such that 

g2(w, w') = g2, 93(, @') = 93, (14.5-62) 
where g,(@, w’) and g3(w, w’) are the expressions (5.4-2) with 
w = 2n@+2n'o’. The answer is affirmative. 

It is always possible to choose the periods 2w,2w’ of a pe function in 
such a way that its invariants g,(w, w’') and g3(@, w') take prescribed 
values 9, 93, provided that 

93-2193 # 0. (14.563) 


In section 5.13.4 we solved this problem under the restriction that g, 
and g, are real numbers. Our general method covers this case. 
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1) If gz = 0 we take t = p = exp (2771/3). Then w’ = wp and from 
(5.12-4) follows that g,(w, w’) = 0. If we determine w from 


0 
ae aa 


the equations (14.5-62) are satisfied (}°’ denotes summation excluding 
n=n' = 0). 


(20)° = 4 


2) If g3 = 0 we take t = i, hence w’ = wi. Then, in view of (5.12-3), 
92(w@, w') = 0 and w may be determined from 


0 
(2w)* = a oe at . 
Ch (n+ni) 

3) There remains the case g, # 0, g3 # 0. The equations (14.5-62) are 
satisfied if and only if 

g2(@, w') — 92 g3(@, w') 25 93 

g3(@,@') gs  92(w, @')—27g93(w, w') —-g3—-2793 
Now we solve the equation 


J(t) = “— 
92-2793 
and determine w from 
= 1 
140 5’ ae 
ota mae oe 
93 
60 
» Gano ae t)* 


This concludes the proof of the assertion. 
An alternative statement is 
The differential equation 


w? = 4w*—g,w—g3 (14.5-64) 
can be solved by a Weierstrassian pe function 
w= (zl, w’), 
provided that the inequality (14.5-63) holds. 


14.5.9 - THE FUNCTION A(t) 
If a pe function is given, the numbers 
= (a), e: = P(wt+o'), e3 = O(a’) (14.5-65) 


are uniquely determined. In view of (5.15-4) it is natural to consider the 
function 
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AG) SED (14.5-66) 


e;—e3 


It may be seen from (5.11-19) that 4 depends on t only. 

The function (1) takes the values 0 and | nowhere in the upper half 
of the t-plane. 

This is a direct consequence of the fact that e,, e, and e, are unequal. 

Let us now perform a transformation (14.546) of the periods. For 
the new periods we have 

é, = e(cw'+da), 

é, = @(cw'+dw+aa'+ ba), (14.5-67) 

é3 = §o(aw'+ ba). 
Since we obtain the same pe function, the numbers é@,, @,, @; must be the 
same as €,, €,, €3, but possibly arranged in different order. In general 
the function A(z) is altered. If, however, cw’+dw and ow differ by a 
period, that is, if cw’+(d—1)@ is a period, we have @, = e,. This 
occurs if and only if c is even and d is odd. Similarly, if aw’ + bw and w’ 
differ by a period, that is, if (a—1)w'+5w is a period, we have é, = e3. 
This occurs if a is odd and & is even. If both situations occur then, of 
course, é, = e, and / is unchanged. If, conversely, 6 and c are even, then 
a and d are odd, as a consequence of ad—be = 1. Thus 

The function A(t) is unaltered by the transformations of the congruence 
group mod 2. 

As we pointed out in section 14.3.3 every transformation of the 
modular group is contained in one of the six cosets of the congruence 
group. It is clear that the transformations of the same coset perform 
the same permutation on ¢,, e2, €;. We may list the various permutations 
as follows, (the matrices characterizing the cosets): 


i eon : : - 
7€; = Oi, €2 = 7, €3 = €3:4, 


Oo -1|.. Ss ‘ 
1 0 1@; = @3, @ = @,, @; =e, :1-A, 
(14.5-68) 

? Gre =e é =e é, =e eae 

1 1 eM rS 2h 2 Ess <a cee ee be 
F Pale =e é, =e é, =e eats 

0 1 7€; = Cy, €2 = 03, O23 = cree td 
k a ne eae ee re ae 

1 0 1 3° 2 1° 3 22 2 . 
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In the last column are listed the corresponding transforms of A. 

Thus we established 

The quotient group of the modular group with respect to the congruence 
group mod 2 is isomorphic to the symmetric group of three symbols and 
to the group of the cross ratios. 

It is easy to verify that J(t) can be expressed rationally in terms of 
A(t). From 


pa. {ere 
e&;—e3 e,— &3 
follows 

2 —_ — 

1—a(t—a) = © es)" —(e2 es\(er €2) 
(e,—e3) 
4. e7 +e3 +03 —e; C2 —€, C3 Cn 3 
(e,—-e3)° 


whence in view of (5.4-4) and (5.45) 
92 
(e,-e 3)” 


Taking into account (5.4-11) we now have 


1—A1—a) = 3 


92 
It) = 2 = 93 = (e,—e3)° 
A 16(e; —e2)’(e2—e3)"(e3—e1)" 16 (222) (<2) 
€;—@3/ \e,—@3/ 


_ « (1-a0l-4)? 
ee asa 
or finally 
92_ 94.493 
1) = #§ FY 
AA) 
being the same expression as (14.3-78). As a consequence the function 
A(t) can have no singularities other than ordinary poles. Hence 

The function A(t) is a simple automorphic function with respect to the 
congruence group mod 2. 

Let Bo denote the fundamental domain of the group consisting of two 
triangles with zero angles and vertices at 00, the other vertices being at 
~—1, 0, +1. Some particular values of 2 may be found as follows. 

If we make the change of periods by means of 


‘ (14.5-69) 


0’ = w'+oa, 


i.e. 
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then A changes into A/(A—1). The transformation in the t-plane has a 
fixed point at t = 00, whence 


Aco 
Heo) = AO), 
A(oo)-1 
or 
A(co) = 0. 
Making the change of periods by means of 
o' = -o, 
&=0', 
ie, 
= 1 
ji=--—, 
t 


then A changes into 1—A. The point t = iis a fixed point, whence 
A@®) = 4. 
Since t = © is transformed into 7 = 0 we have 


4(0) = 1—A(oo), 


whence 
A(0) = 1. 
Performing the change 
a =a’, 
® =o+o’, 
i.e., 
~ 9 
t=—-, 
l+t 


then t = oo is transformed into t = 1 and A into 1/A, whence 


1 
A) = ——, 
(1) Ho) 
or 

A(1) = 00. 


If we introduce the variable ¢ = exp zit, then (14.5-56) takes the form 
1 
I(t) = a7r8 (5 tegteyt?+.. / (14.5-70) 


and it appears that the function has a pole of the second order at tr = 0 
of the r-plane. From (14.5-69) we deduce 


lim 4?(z)J(t) = 3. (14.5-71) 


to 
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Hence A(t) has a simple zero at ¢ = 0, and thus we see that A(t) is of the 
first degree. 

The function 1(t) takes on each value once and only once in the funda- 
mental domain. The function maps the right half of its fundamental domain 


onto the upper half of the t-plane. 

The last assertion follows from the fact that A increases from 0 to | 
if t moves along the imaginary axis from ico to 0. 

It shoud be noticed that the ¢ of (14.5-56) is the auxiliar variable 
(13.4-6) for the transformation tT = t+ 1 and the ¢ of (14.5~70) that of the 
transformation t = t+2. The first is a transformation of the modular 
group which alters A(t). 

It is now clear that the function A(t) introduced in this section is the 
same as the function A(s) of section 14.3.3 if we identify the variables s 
and t. 

We can now complete a remark made in section 5.15.1. To every value 
of t with Im t > 0 we can construct Jacobian functions, for & and k’ 
may be evaluated, e.g., by (5.15-6). 

Since the equation 


A(t) = k? 


has a solution in the upper half of the closed t-plane, provided that k* # 0, 
k? #4 1, we may state 

To every value of k which is different from 0 and +1 there exist Jacobian 
functions with modulus k. 

Otherwise stated 

The differential equation 


w'? = (1—w?)(1—k?w’) (14.5-72) 


admits as a solution a Jacobian elliptic function with modulus k, provided 
that k? #0, k? #1. 

Finally we wish to express A(t) in terms of the theta functions at 
z= 0. From (5.10-2) we deduce 


930) 
95(0) 


A(t) = (14.5-73) 


and this yields, in view of (5.9-15), introducing the variable g = exp zit, 


[] (+47 

A(z) = 164 a , 
Ha+e'y 
yv=1 


lqi<1. (14.5-74) 


THE SCHWARZIAN TRIANGLE FUNCTIONS . [14 


Denoting the expression on the right by Q(q) it is clear that this 
function is holomorphic within the open disc |q|< 1 and does not assume 
the value 1. In particular 


Q(0) =0, Q'(0) = 16. (14.5-75) 


This latter result has remarkable consequences. 


14.5.10 — A COVERING THEOREM 


With the help of the function Q(q) introduced at the end of the pre- 
vious section we can prove the following remarkable covering theorem 

Let f(z) be holomorphic in the unit disc \z| < 1, f(0) = 0, f'(0) = 1 and 
f(z) # 0 at all points of the disc punctured at z= 0. Then the conformal 
image of this disc as given by f(z) completely covers the interior of a circle 
about the origin whose radius is 1/16. This result is sharp. 

Since Q’(0) # 0 the function Q(qg) is uniquely invertible in the vicinity 
of g = 0. Suppose that « is a value not taken by f(z) in [z| < 1. Consider 
the function 


i206 (2) (14.5-76) 
id 
where O denotes the inverse of Q. The function has a meaning for z in 
a small neighbourhood of z = 0 and since f(z)/a omits the value | it can 
be continued analytically throughout |z| < 1 and by the monodromy 
theorem g(z) turns out to be a single valued function of z. In par- 
ticular g(0) = 0. Since |g(z)| < 1 we have by Schwarz’s lemma 


lg(O)| S 1. 
Now 
f(2) = «Q(9(2)), 
whence 
1 = |f'()| = |alQ’O)[g’(0)| S 16a 
and so 
lal 2 ye. 


That the constant 1/16 cannot be improved upon is shown by the 
function 


fle) = $sQ(2) = 2+... 


which leaves out the value 1/16. 
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14.5.11 — THE EXPANSION OF THE COMPLEMENTARY ELLIPTIC INTEGRAL OF 
THE FIRST KIND 


In section 14.5.3 we obtained the formula (14.5-35) for the function 
K’(z). No information was got for the function p(z) and we devote this 
section to the problem of finding the expansion of this function in a 
neighbourhood of z = 0. 

Suppose that the function 


= “ K(z) log z+ (2), 


where y/(z) is regular at z = 0, is also a solution of the differential equa- 
tion (14.5-3). Then the difference of this function and the function 
(14.5-35) is a solution which is regular at z = 0. 

Hence 


p(z)—W(z) = cK(z). 


If now ~(0) = w(0) we conclude that ¢c = 0 and so (z) = (z). 
Our first task will be the evaluation of the constant g(0). Consider 
(with reference to (14.5-35) and (14.5-37)) the function 


1 tog 2+ (C2) Sai 
(z) = 5 log z+ K(2) ° (14.5-77) 
Next we introduce 
q(z) = exp zit(z) = z exp (~ to) : (14.5-78) 
Then 
QO(9(z)) = A(c(z)) =z 
and so 
Q(a(z)) _ 2 
q(z) (2) 


By making z— 0 along the real axis from the positive side, the function 
t(z) + io and g(z) > 0. 
Hence 
i 
16 = Q'(0) = —., 
0) = 70 
or 
q'(0) = ve 


It follows from (14.5-78) by differentiating and taking afterwards z = 9 


A. = exp (- et) = exp (—2¢(0)), 
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whence 
(0) = log 4. (14.5-79) 
In order to obtain an expansion for g(z) we try to find a solution of 
(14.5-3) having a logarithmic singularity at the origin. A simple trick, 
rather common in the theory of the linear differential equations, is the 
following: instead of the power series (14.5-4) we substitute the series 


Wp, 2) Ze cz Fee", (14.5-80) 
v=0 v=0 


where p is a real and positive number. The power z? is the principal 
power. Inserting (14.5-80) into (14.5-3) we find 
z(1—z)w’(p, z)+(1—2z)w'(p, z)—4w(p, z) = p?epz°~}, 
provided that 
2 
Cnt1 a(n pty (14.5-81) 
c, (nt pti)” 
It follows that 
2 
= Epes) co. (145-82) 
r(ntpt+i) a 


Assuming that cp is a constant the functions c,, considered as functions 
of the complex variable p, are regular at p =0. The series (14.5-80) is 
convergent in the disc |z| < 1 and uniformly convergent with respect 
to p for p near p = 0. Hence the sum w(p, z) is also regular at p = 0 
at each point z # 0. The derivatives with respect to p are obtained by 
differentiating term by term. Since the operations 

d 06 

dz’ op 
are permutable, we get 


z(i— 2) +(1- 22) =i — = Coz’ ‘(2p +p? log z). 


By making p > 0 we see that 
dw(p, Z) 
Op = \p=0 
is again a solution of (14.5-3). 
Differentiating (14.5-82) logarithmically we find in view of (4.8-1) 


dc,/Op 
Cn 


(14.5-83) 


= 2(¥(ntpt4)—V(ntpt+1)) 
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and so 
A 2 ~ 
On| EOD wing yy—vin+ 1). (14.5-84) 
&p |p=0 I*(n+1) T 
Since 
ioe) oO 0 , 
aw(z, p) =Yez"logzt+Y “| 2” (14.5-85) 
Op = \p=0  v=0 v=0 OP |p=0 
we find that the part regular at the origin is 
= ac, , 
yv=0 0p p=0 
The coefficient of z° is 
2 
“0 n(Y(4)— (1). (14.5-86) 


Tu 
Differentiating both members of (4.6-26) logarithmically yields 
P(z)+¥(z+4) = —2 log z+2¥(2z) 
and, taking z = 4, we get 
¥(1)— ¥G) = 2 log 2. (14.5-87) 
If in (14.5-86) we take co = —4 we find the value log 4. The part 
of (14.5-85) involving the logarithm becomes then 


ae K(z) log z 
T 


and we may conclude that the function (z) in (14.5-35) has the expan- 
sion 


I*(v+4) (wry 4.4)— w(y41))2" 
Porn +4)—Y(v+1))z". 


g(z) = — +¥ 


From (4.8-4) we deduce 


v(n+4) = = + ¥(n-4) = a + =. Hise = +¥G) 


and 


1 2 2 
Pint+1) =—+¥@)=— 4+ 
¢ ) n @) 2n 2n-2 


2 
pine ey) 


whence in view of (14.5-87) 

1 1 
P(nt+4)—P(ns+1 =2(-~ 54... 
(n+4)— (n+) ie ~ 
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where the expression between the brackets on the right is to be inter- 
preted as 0 if n = 0. Thus we finally have 


1S PUt) Aly? afl 1 8) | 
| Ke ~ on Bo Pye)” “(lee +4 (5 oo, aN 


(14.5-88) 


the desired expansion. The expansion is valid for |z| < 1 and |arg z| < x. 


CHAPTER 15 


LINEAR HOMOGENEOUS DIFFERENTIAL EQUATIONS 


15.1 — General theory 
15.1.1 — THE EXISTENCE THEOREM 


In many problems we encounter analytic functions which are character- 
ized by functional equations of a special type, viz., differential equations, 
rather than by their power series expansions. We shall restrict ourselves 
to an important class of differential equations, having simple properties, 
the linear homogeneous equations which are of the form 


w 4 pi(z)w"" D+... + pga a(z)w' t+ pa(z)w = 0. (15.L-1) 


The coefficients p,(z),..., p,(z), are supposed to be single-valued func- 
tions. 

The main theorem of this section states: 

If the coefficients in (15.1-1) are regular at z = Zo then there exists a 
unique Solution of the equation such that this solution and its first n—-\ 
derivatives assume arbitrarily assigned values, at z = Zo. 

Consider first the case nm = 1. We have to solve an equation of the form 


w'-+ p(z)w = 0. (15.1-2) 


The solution which takes a prescribed value w(zp) at z = Zo is evidently 


w(z) = w(z0) ex ( — [_ econ) (15.1-3) 


where the path of integration is included in a sufficiently small neigh- 
bourhood of z = Zp. 

We wish to give another proof which may be generalized to the higher 
cases. Since p(z) is supposed to be regular at z = z) we can expand this 
function in a power series 


P(2) = 2. Py(2—2Z0)"s (15.1-4) 
having a positive radius of convergence. We try to find a solution 
w(z) S » c,(z—Zo)’s (15.1-5) 
v=0 


where ¢y has a prescribed value. The other coefficients are so determined 
[507] 
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that the series satisfies the differential equation formally. Inserting 
(15.15) into (15.1-2) we find by collecting terms with equal powers of 
Z—Zp the recurrence relations 


C1 + Polo = 0, 
2¢2+ Pol, +Pilo = 0, 
eS (15.1-6) 
ACy+ PoCy—1+PiCn-2t ++» +Pn-1€0 = 9, 

It is obvious that we can evaluate successively c,, c,,...in terms of cg 


and thus the uniqueness of the solution has been established. It remains 
to prove that the relations (15.1-6) lead to a power series (15.1-5) with 
a positive radius of convergence. It then follows that the formal operations 
leading to (15.1-6) are permissible and, consequently, the series (15.1-5) 
represents the desired solution with the prescribed initial value. 

Let ro denote a positive number not exceeding the radius of conver- 
gence of the power series (15.1-4). If 4, is not smaller than the maximum 
modulus of p(z) on the circumference |z—Zo| = rp, then by Cauchy’s 
inequality (2.18-2) 


IPal S Moro", n=0,1,2,.... (15.1-7) 
Now we shall show that numbers M and r can be found such that 
lc, S$ Mr“. (15.1-8) 


For n = 0 this is trivial. We may take r = rg. Suppose the inequalities 
(15.1-8) to be valid for all subscripts <n, where now x is positive. 
From (15.1-6) we deduce 


nic,| S MMopnr*~" = nM(rM,)r“", 
if r = ro and this remains true for all smaller r. If r is sufficiently small 


then rM, S 1 and (15.1-8) follows. Hence the series (15.1-5) is conver- 


gent, provided that |z—zg| <r. 
Next consider the case of an equation of the second order. We shall 
write it in the form 


w’’ + p(z)w'+q(z)w = 0. (15.1-9) 
Expanded in series the coefficients are 
ple) = ¥ p(2—20)", 
pon (15.1-10) 
q(z) = d a(z—20)", 


both having a positive radius of convergence. 
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We try to find a solution of the form (15.1-5), where cg and c, have 
prescribed values. Inserting (15.1—5) into (15.1-9) we find by collecting 
terms with equal powers of z—Z, the recurrence relations 


2¢2+ Poly + Golo = 0, 
3x 2¢3+2pyCo+ Pil, +406, +9; Co = 0, 
n(n—1)c,+(n—1)pon—1+("—2)pi Cpa + ais + Py-204+ (15 1-11) 
+ 4oln-1 $91 p-3 + vee $Gn-200 = 9, ‘ 
It is obvious that we can evaluate successively c,, c3,... in terms of 


Co and c, and thus the uniqueness of the solution is proved. 

Next we wish to establish that the relations (15.1-11) lead to a power 
series (15.1-5) which has a positive radius of convergence. 

Let again rp denote a positive number not exceeding the radii of con- 
vergence of the power series (15.1-10). If M) is not smaller than the 
maximum moduli of p(z) and g(z) respectively on the circumference 
|Z—Zol = ro, then 


[Pal S Moro", |dal S Moro”, n=0,1,2,... (15,.1-12) 


It remains to show that we can find numbers M and r such that (15.1-8) 
holds. For n = 0,1 this is trivial; we may take r=ry. Suppose the in- 
equalities (15.1-8) to be valid for all subscripts < n. From (15.1-11) we 
deduce 

n(n—1)le,| S MM,((n—1)+ ... +1)r?-"4+-(n—-Dr?~") 
2 


= n(n—1)M (4r+ | Mor" 

\ n 
and these inequalities remain true for all smaller r. If r is sufficiently 
close to zero then (4r4+-r?/n) My S 1 and (15.1-8) follows. 

The above proofs show already the general features for the treatment of 
equations of higher order. In our subsequent work we need only the 
cases of the first and the second order. 

Finally we wish to observe that the solution obtained is the only 
regular solution satisfying the prescribed initial conditions. It remains to 
investigate the question whether or not there may exist non-regular 
solutions which satisfy the initial conditions. Since w(z 9) is finite a 
power series representing w(z) cannot involve powers of z—Zo with 
negative exponents. If the series should involve fractional powers of 
Z~Zg with positive exponents, then after a certain order the deriva- 
tives would become infinite at z = z). The derivatives are obtained 
from the differential equation by successive differentiation and are, 
therefore, necessarily finite at z = zg. 
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We tacitly assumed that Zp is finite, If, however, zo = co we have 


to consider power series in terms of z71. 


15.1.2. — THE WRONSKIAN 


Two functions w (z) and w,(z), holomorphic in a region §R, are said 
to be linearly independent if the function 


w(z) = CoWo(z) +c, w,(z), (15.1-13) 


where cy and c, are numerical constants, vanishes identically if and only 
if co = c, =90. In the contrary case the functions are called /inearly 
dependent. That means: we can find constants cy and c,, such that 


CoWo(Z) +, W,(z) = 0 (15.1-14) 


identically, and at least one of the numbers Co, c, is different from zero. 
Differentiation yields 


CoWo(Z) +e, W;(z) = 0 (15.1-15) 


identically. These two relations between cy and c, are only consistent 
if the determinant of Wronski (Wronskian) 


| Wo(Z) w,(z) 


Moor) = Iie) wile) 


(15.1-16) 
vanishes identically. Hence 

The non-vanishing of the Wronskian is sufficient for linear independence 
of the functions Wo(z), W,(z). 

Thus, for instance, the Wronskian of the functions cos z and sin z is 
cos? z+sin* z = 1. Hence these functions are linearly independent. 

A converse of the above assertion will be stated in the following form 

If wo(z) and w,(z) are solutions of the differential equation (15.1-9), 
regular at z = Z9, and if their Wronskian vanishes at z = Zo, then the 
functions are linearly dependent and their Wronskian is identically zero. 

Since the Wronskian is zero at z = Zy we can find numbers ¢o, c, from 
which at least one is different from zero, such that 


CoWo(Zo) +C1 Wy (Zo) = 0, 
CoWo(Zo) +1 Wi(Zo) = 0. 


Hence the function (15.1-13), being also a solution of the differential 
equation (15.1-9), takes the value 0 at z = zp as does its derivative. 
From the theorem of the previous section follows that w(z) is identically 
zero. This concludes the first part of the theorem. The second part is a 
consequence of the previous theorem. 
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This latter part can be established in another way. Multiplying the first 
of the equations 


Wo + p(z)Wo+4(z)Wo = 0, 


vi 4 (15.1-17 
wi’ + p(z)w; +4(z)w, = 0, ) 
by —w, and the second by wo we have after adding 

Wo Wr — WoW, + P(z)(WoWi — WoW) = O. (15.1-18) 


Observing that the Wronskian has the derivative 


W'(z) = wows —wow,, 
we find 
W'(z)+ p(z)W(z) = 0, 


W(z) = W(zo) exp [" — p(£)de. (15.1-19) 


This identity is referred to as Abel’s identity. We encountered this in a 
particular instance in section 14.5.2. 

It is clear that W(z) vanishes identically if and only if W(z,) = 0. 
It follows that two linearly independent solutions cannot vanish simulta- 
neously at a regular point. 

Another consequence is the following 

Any solution is expressible as a linear combination 


w(z) = CoWo(z)+¢, W,(z) (15.1-20) 


of any two linearly independent solutions wo{z) and w,(z). 
At the regular point z) we determine the constants cy and c, in such 
a fashion that 


whence 


CoWo(Zo) +1 Wi(Zo) = w(Zo), 
CoWo(Zo) + C1 Wi(Zo) = w'(Zo). 


This is possible since W(z,) # 0. Hence the solutions w(z) and cg Wo(z) + 
+ ¢c,w,(z) have the same initial values, as have their derivatives and, 
consequently, they coincide throughout a neighbourhood of Zo. It follows 
that we can write down the general solution as soon as we are in possession 
of two linearly independent solutions. Now there exist solutions wo(Z), 
w,(z) with w9(Zo) = 1, wo(Zo) = O and w,(zo) = 0, wi (Zo) = I; they 
are evidently linearly independent since W(z)) = 1. Thus 

The differential equation (15.1-9) possesses a system of two linearly 
independent solutions regular at z = zo, where zo is a regular point of the 
coefficients p(z) and q(z). 
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A set of linearly independent solutions will be called a fundamental 
system at Z = Zo. 


15.1.3 ~ THE MONODROMY GROUP 


Let w(z) denote a solution of (15.1-9) in a neighbourhood of z = Zo. 
Consider a closed path C in the open z-plane, beginning and ending at 
Zo and not passing through any singularity of the coefficients. We can 
apply the process of analytic continuation simultaneously to the coeffients 
and the solution w(z) under consideration along C. The continuation will 
not disturb the relation (15.1-9) because of the principle of permanence of 
functional equations (section 12.1.7). 

After completing the circuit the coefficients of the differential equation 
resume their original forms as power series in z—Zg, being, by hypoth- 
esis, single-valued. But w(z) need not resume its original form, though 
it will remain some solution v(z), say. To trace this change the process of 
analytic continuation must be simultaneously applied to both solutions 
wo(z) and w,(z) of a fundamental system at z = zy. They will assume 
the new form 

vo(z) = Aq Wo(Z)+ Ao1 W1(Z), (15.1-21) 
04(z) = 4yqWo(z) + 411 W;(z). 


Between the Wronskians of vo, v, and wo, w, respectively exists the 
relation 
40 401 


W(v9, 01) = G10 444 


W(wo, Wi). (15.1-22) 


If the determinant involving the coefficients a;; in (15.1-22) were zero, 
then there would exist a linear relation between vy and v,. But returning 
along the same path the linear relation would persist. 

This can also be seen in the following way. If C is a closed path 
then by Abel’s identity 


W( cleo) vi(zo)) = Wolo), wa(zo)) exp | —P(CdE, 


whence 


| 
G90 Gon 


= exp | —p(0dt. (15.1-23) 


410 


Let y,, y2 be two closed continuous paths starting and ending at the 
same point z,. Continuing the solutions wo, w, along y; we obtain a set 
which may be represented symbolically by 


Ba sa is 
Gio 4111 LW 
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on applying the rule for multiplication of matrices. Continuing after- 
wards along y, we obtain the set 


[ boo por ey ay eg - | att [*°| 
Lbyo bys G10 4111 LW Cio Crd Lyd’ 


where the elements of the matrix on the right are obtained by applying the 
tule for multiplication to the matrices on the left. This is the result of 
continuation along the path 727. 

Thus we see that the linear transformations belonging to closed paths, 
beginning and ending at zo, form a group, the monodromy group of the 
equation. It might seem that this group depends on zy. But this is not 
true, for any closed loop beginning and ending at a point z, can be trans- 
formed into a circuit beginning and ending at zy by adding a path connect- 
ing Z) and z, whichis percorsed in opposite directions. A relation between 
Vo, Vy and Wo, W, remains unaltered by continuation along this path. 
It is readily seen that the monodromy group is a representation (i.e., a 
homomorphic image) of the homotopy group of the extended plane 
punctured at the singularities of the coefficients (section 12.7.5). 


15.1.4 — THE DIFFERENTIAL RESOLVENT 
From (15.1-21) follows that the quotient v,(z)/v9(z) is obtained from 
the quotient 


ja (15.1-24) 
Wo(z) 
by means of a linear fractional substitution 
ieee (15.1-25) 
Vg = Agi ST Ago 


Since wy and w, are linearly independent the function s(z) has a meaning. 
It is now clear that the Schwarzian derivative (13.4-12) is a single- 
valued function 


(15.1-26) 


[s]. >= R(z), 


called the differential resolvent of the equation (15.1-9); the expression 
on the right is called the invariant of this equation, for it does not depend 
on the particular choice of a fundamental system. 

In order to evaluate R(z) we substitute w = u@ into (15.1-9), where @ 
is a function to be chosen suitably. The function u(z) satisfies the differ- 
ential equation 

ul (22% +p) u' + fe © p+q)u = 0. (15.1-27) 
? \@ 9 


514 


LINEAR HOMOGENEOUS DIFFERENTIAL EQUATIONS 
The middle term vanishes if 


2 , 
£ = —P; 
9 
i.e., we may take 
1 el ar 
o(z) = exp (- All (db) . 
Then 


n2 
oe (2) = —4p’, 
9? 9 
or 


and (15.1-27) takes the form 


ul’ +4R(z)u = 0, 


(15.1-28) 
the so-called reduced form of (15.1-9). The function R(z) stands for 


R(z) = 2q(z)—4p°(z)— p'(z). (15.1-29) 
Let uo, uv, denote a fundamental system of (15.1-28) at a regular point 
of R(z). It is clear that 


Uguy —Uyup =O 
identically. Introducing the function 


s(z) = “12 
‘ ) Uo(z) : 
we have 


Ugly —Uouy 
uo 


and by logarithmic differentiation, taking the above identity between ty 
and u, into account, 


ul 
—logs' = —2-2 
dz 
Differentiating again 


2 2 
+2 (3) = R(z)+ : (= log s) 
Uo Ug 2 \dz 
and this leads to (15.1-26). 
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Any Schwarzian equation (15.1-26) is the differential resolvent of a 
linear homogeneous equation (15.1—-9), where p(z) can be chosen arbitrarily, 

Indeed, if R(z) is given we can take p(z) arbitrarily. Then g(z) is 
determined by (15.1-29) and the equation (15.1~-9) with these coefficients 
p(z) and q(z) has precisely the reduced form (15.1-28). The above con- 
siderations ensure that (15.1-26) is the corresponding resolvent. 

This theorem finds an application in the theory of conformal mapping 
of circular polygons. For we may replace the Schwarzian equation by a 
linear equation of the second order and in many cases we obtain a 
manageable form by choosing appropriately p(z). 

As an illustrative example we consider the equation (14.5-1). Now 


Zz —z+l1 
R(z 
@) 227?(z—1) 
If we take 
2z-1 
AZ) = 7 
«) z(z—1) 
then 
2 , -1 
+ = 
iP +P = 3G-pF 
whence 
ae zz =a) 1 
22°(z-1)? 2 2(z-1) 


This yields again (14.5-3). 


15.1.5 — THE CHARACTERISTIC NUMBERS 


Any solution v(z) of (15.1-9) regular at z = zp) can be expressed as a 
linear combination 


v= CoWotC Wy, 


of the solutions of a fundamental system. We ask whether it is possible 
to select the constants cg and c, in such a way that, after continuing v 
along a closed path, it is reproduced apart from a multiplicative constant 
o. It is clear that we exclude the trivial case cg = c, = 0. 

After continuation along C the functions wa, w, are carried into 
Vg, Vy as represented by (15.1-21) and v becomes ov. As a consequence 
the relation 


G(CoW HE Wy) = CoM +10 = (Codoo +61 410)Wo (Coder +61 411)" 
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must hold identically. Hence 


Glo = CoGog +f) A105 
OC, = Cody, +, 44,1. 


(15.1-30) 


Since the constants cy and c, do not vanish simultaneously, a relation 
(15.1-30) can subsist if and only if o is a root of the characteristic 
equation associated with the path C 


499-0 410 


=0. (15.1-31) 


Go1 a4,;—0 


It cannot have a zero root, for the determinant (15.1-23) is different from 
zero. To every root of (15.1-31) corresponds at least one system Co, ¢, 
which affords a function v having the desired property along C .The 
roots of (15.1-31) are called the characteristic numbers of the transforma- 
tion. 

We contend that the characteristic numbers are independent of the choice 
of the initial system of solutions wy, w,. Let wo, wi denote another 
fundamental system. For the sake of brevity we shall write 


vet 


Then there is a square 2 x 2-matrix Q such that 
w* = Qw. 
Analytic continuation along C yields 
v* = Qv = QAw. 
If 
v* = Bw* = BQw, 
we have evidently 


QA = BQ 


and also 
Q(A—cE) = (B—cE)Q. 


Since the determinant of a product of matrices is the product of the 
determinants of the factors, we find, because det Q # 0, 


det (A—cE) = det (B—cE), 


which exhibits the invariance of the characteristic equation and, conse- 
quently, of the characteristic numbers. 

Assume first that the roots ¢, and o, of (15.1-31) are different. The 
corresponding solutions, starting with a given fundamental system, are 
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denoted by vg, v,. After the loop has been described once they become 
Uo and uw, respectively with 
Ug = Go; uy, = 0,0. (15.1-32) 


The functions v9, v, are linearly independent, for a relation covy+ 
+c,v, =0 becomes, after performing the continuation along the circuit 
Once, Cody V9 tC, G10, = 0. Since 

1 1 
Go 


= 0,—d9 # 0, 


by hypothesis, we conclude that covo = cv, = 0 identically. Hence 
Co = Cc, = 0. 

Secondly we suppose that 69 = a; = o. We can find a solution v, 
such that after performing the continuation along C it becomes ug = ovg. 
Let vo, v, denote a fundamental system. After performing the continua- 
tion we must have, a being a constant, 


Ug = BU 


(15.1-33) 
uy = avgtov, 


for the characteristic equation has only the root o. 
The transformations (15.1-32) and (15.1-33) are called canonical with 
respect to the given loop C. The system v9, v, is also called canonical. 


15.2 - The theory of Fuchs 


15.2.1 — SOLUTIONS AT A SINGULAR POINT 


By a singular point of a homogeneous linear differential equation we 
understand a singular point of at least one of the coefficients. We consider 
only isolated singularities. At a singular point of the differential equation 
the behaviour of the solutions become more involved. It is, however, 
possible to state general rules in special cases, discovered by Fuchs. 

Without loss of generality we may assume that a singular point is at the 
origin. First we consider an equation of the first order 


w' + p(z)w = 0. (15.2-1) 


A fundamental system at a regular point consists of one function only. 
If z=0 is a singular point of p(z), this function may be expanded in a 
Laurent series 
2 
P(z)= ¥Y ez”. (15.22) 


v=—-o 


Let zy denote a point in the vicinity of the origin. Integration of (15.2-2) 
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along a path, issuing from zy and remaining in a neighbourhood of Zo, 
yields 


= _ plea =U(z)tplogz, p=c.4. 


Hence a solution of (15.2-1) regular at z = z, appears as 
w(z) = 2°e(z), (15.2-3) 


with o(z) = exp y(z). It is determined up to a multiplicative constant. 
The function ¢(z) is single-valued but not necessarily regular at z = 0. 

Next we focus our attention on the case of a second order equation. We 
assume again that z = 0 is a singular point. Let C denote a small circle 
about the origin such that within it or on it there is no other singular point 
of the equation. In a small neighbourhood of z») on C we can find a 
fundamental system of solutions regular at z9 and we shall suppose that 
this system is canonical with respect to C. 

Suppose first that the two characteristic numbers are different. Per- 
forming the analytic continuation along C the solutions wy and w, are 
carried into the solutions 69 Wy and o, w,, where oy and o, are the charac- 
teristic numbers. The function z’ has a similar property, for continuation 
along C yields the function e?*”z?, It is, therefore, natural to take the 
numbers fy and p, in such a way that 


=6,. (15.2-4) 


The numbers po» and p, are determined up to an additive constant, being 
an integer. Since og and a, are different the difference py—/p, 1s not an 
integer. 

It is now clear that the functions 


Q(z) = 2 ”wo(z), g,(z) = 27 "'w,(z) 


return to their initial values after continuation along C. Otherwise stated: 
the functions @y and @, are single-valued functions in a neighbourhood of 
the origin. Thus we have 

If the characteristic roots at a singular point z = 0 are different then 
(15.1-9) possesses two linearly independent solutions 


Wo(z) = 2°%po(z), wi(z) = 2?',(z) (15.2-5) 


where Qo and @, are single-valued functions in a neighbourhood of z = 0. 

It should be noticed that the characteristic numbers do not depend on 
the radius of C. Any closed path homotopic to C in a neighbourhood of 
Zz = 0 (from which the origin is deleted) gives rise to the same transfor- 
mation of the fundamental system. 
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If the characteristic roots are equal the situation is more complicated. 
Let again C denote a small circumference about z = 0 and assume that 
Wo, W, is a canonical system regular at a point zy on C. Analytic continua- 
tion along C carries wo into oW» and w, into awot+ow,. Hence the 
quotient w,/Wo is transformed into w,/wg+a/o. The function 


Cae 


2ni 


increases by a/o after continuing along C once. Asa consequence the 
difference 

oz) = 2) _ I tog 
Woz) 2ni 


returns to its initial value. As above we find that 


wo(z) = 2°po(z), 


with e?* =o, the function @» being single-valued. Writing ¢,(z) 
= ~(Z)@o(z) we have in addition 


w,(z) = z°(co(z) log z+ 9,(z)). 


The function g, is again single-valued. Thus 
If the characteristic roots at z = 0 are equal then (15.1-9) possesses 
a fundamental system of solutions 


wo(z) = 2°po(z), — wi(z) = 2°(cpo{z)logz+,(z)), ———(15.2-6) 


where Qo and @, are single-valued functions, ¢ being a constant. 

The functions @ and g, may be singular at z = 0. This is rather 
harmless if they have only a pole there, for we can increase the exponents 
Po: P1 Or p by a Suitable integer in order to cancel the pole. In the case 
of an essential singular point this is not possible. The solutions for which 
the functions @ have no essential singularity at the point under consider- 
ation will be called semi-regular and a singular point of the differential 
equation at which there are only semi-regular solutions will be referred 
to as a regular-singular point. 


15.2.2 — FUCHS’S CRITERION FOR A REGULAR SINGULARITY 


There is a very simple test which enables us to decide whether or not a 
singular point of a linear homogeneous differential equation is a regular 
singular point. This is the content of Fuch’s theorem which states for an 
equation of the first order 

The necessary and sufficient condition that an isolated singular point 
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of the equation (15.1-2) should be a regular singularity is that it should 
be at most a simple pole of the coefficient p(z). 

Let z = 0 be the singular point. Suppose that the equation (15.1—2) has 
the solution 


w(z) = z?e(z), (15.2-7) 
where #(z) is regular at z = Oand (0) # 0. Then 


= pz) = MO 2 4 FO), (15.2-8) 
wz) zz) 

Since 7'/o is also regular at z = 0 we see that p(z) has a pole of at 
most the first order. This pole is absent, of course, if p = 0. Conversely, 
if p(z) is of the form p/z+y(z), the function w (z) being regular at z = 0, 
we may determine ¢ from o’/o =w and it is clear that (15.2-7) is a 
solution of the differential equation under consideration. 

Now we turn our attention to the case of an equation of the second 
order. For this case Fuchs’s theorem states 

The necessary and sufficient conditions that an isolated singularity of 
the equation (15.1-9) should be a regular-singular point are that it should 
be at most a simple pole of the coefficient p(z) and at most a double pole of 
the coefficient q(z). 

We suppose that wo and w, are semi-regular solutions at the singular 
point z = 0 and that wo has the form 


wo(z) = 2”90(2). (15.2-9) 


According as the characteristic roots are unequal or equal, w, has the 
form 


_ { 2'9,(2) ' 
wi) = | o(ep¢(z) tog 2+-0,(2)), ne 


the functions @y and ¢, being regular at z = 0. The ratio of these solutions 


err o1(2) 


ay os Walz) = (z)’ 
(2) = — s (15.2-11) 
Wo(Z) lice z+ wat 


is again semi-regular and the same can be stated for 


zhi po- 1 _ ye) gt 9. (2) 
‘(== (o: oa)” dz pole)! (15.2-12) 
dz a d oe) 
z fet+z— ——}. 
dz @o(z)) 
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In view of (15.1-18) we have 
ar — ~ - end mseWi , 
2wi(z) riedeeh nse 

(ooy+2 22) wiledm =e) 


— (P(2)+2! a 1) s(2). 


Hence s’(z) is a solution of the first order equation 


w+ ((2)+2 we) w=0. (15.2-13) 
Wo(z) 
To this equation we apply Fuchs’s theorem for equations of the first 
order. Since wo/wo has a pole of at most the first order we deduce that 
p(z) has a pole of at most the first order at z = 0. 
Since w(z) is a solution of (15.1-9) we have 


q(z) = — (ote PZ 2). (15.2-14) 


Differentiating the coefficient of w in (15.2-13) we obtain 


p(e)+2 MO) _» (wil) 
Woz) — \wo(z) 
a function which has at most a double pole at z = 0 and so has wo/Wo. 
It is now clear that g(z) has at most a double pole at the origin. This 
establishes the necessity of Fuchs’s conditions. 

In order to prove the sufficiency we proceed as follows. First we 
assume provisionally the existence of a semi-regular solution w(z). Then 
(15.2-13) satisfies Fuchs’s condition and it possesses a semi-regular 
solution 


s'(z) = 2°(dg+a,z+...), 
from which follows 
s(z) = gir cet P25 oe lapie, 
mae pt+2 


where the logarithmic term occurs only if p is a negative integer; then 
the corresponding term in the series is missing. As a consequence also 
w,(z) = s(z)wo(z) is semi-regular. 
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It remains to prove the existence of at least one semi-regular solution. 
We proceed as in section 15.1.1. Let 


p(z) = = + Pot PrZ+ . ++ 


feck (15.2-15) 


be the Laurent expansions of p(z) and q(z) about z = 0. First we consider 
a special case: we assume that q(z) has only a simple pole. i.e., g_, = 0 
and, moreover, that p_, is not zero or a negative integer. As we shall see, 
in this case there is even a regular solution. If we suppose the existence of 
a solution 


w(z) = cotez+..., (15.2-16) 
formal substitution yields 
2(2x leg +3x2c3z+ ... +n(n—1)c,2"-7 + ...)+ 
+(poytPoZ+ Dz? +... )ey + 2cgz+3e3z7 +... +ne,z" 1+...) 
+(qQattqoZt G27 +». Meg te; Zteg z+... $G,2"+...) = 0. 
Combining coefficients of equal powers of z we get the recurrence relations 
D-10, 44-19 = Y¥, 


2(1+ p-1)c2+ Poi +4-101+40C0 = 0, 


n(n—1+p_;)c,+(n—1)pocn-1t.-. + 
+ Pn-2€1+49-2Cn-1+40Cn-2+ - +» +4n-20 = 9, 


(15.2-17) 


The number cy can be chosen arbitrarily; then the other coefficients of the 
series (15.2-16) can be evaluated successively in a unique way. 

The convergence of the series (15.216) whose coefficients are evaluated 
from (15.2-17) can be proved by almost the same method as applied in 
section 15.1.1. We have the same inequalities as in (15.1-12), but the 
estimate for |c,| is now 


2 
n[n—1+p-ylle| < n(n—1)M (ar+ r) Mor "-+1q_a|rMr-*. 
n/ 


Then (15.1-8) follows if we take r sufficiently small. 

The general case (i.e., the case without the restrictive conditions for 
p_, and g_,) may be reduced to this special one. We contend that there 
is always a solution of the type 


w(z) = z°@(z), (15.2-18) 
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where g(z) is regular at the origin and p is chosen appropiately. In 
fact, substituting (15.2-18) into (15.1-9) we find that g(z) must satisfy the 
differential equation 


grt (o(2)+ 72) y+ (a@)+ é p(z)+ mee ») pO, ~ Wo2219) 


The coefficient of g has only a pole of the first order if p satisfies the 


indicial equation 
p(p—1)+p_,pt+q-2 = 0. (15.2-20) 


This same equation is obtained if we substitute the series 
Coz? +, 2° +e, 207A +... (15.2-21) 


into (15.1-9) and collect coefficients of equal powers of z. 
We shall denote the roots of the equation (15.2-20) by py) and p, and 
we shall assume that py) = p, if po and p, are real. It follows from 


Po Pi = 2Po—(Po+P1) = 2Po+P-1~1 (15.2-22) 


that 299+p_, cannot be zero or a negative integer. Hence our prelimi- 
nary considerations allow us to conclude that to p, corresponds a regular 
solution @, and thus a solution 


Wo(Z) = 2°°@o(z) (15.2-23) 


is asserted. If the difference p)—/, is not an integer then 2p, +f is not 
zero, nor it is a negative integer and we find a second solution 


w,(z) = 2°'@,(z), (15.2-24) 


such that w, and w, are linearly independent. 

If the roots differ by an integer an independent solution with respect to 
W can be found as follows. We employ the function s = w,/wo, where Wo 
is the solution (15.2-23) and w, has to be determined from s. Its derivative 
satisfies the differential equation (15.2-13), that is 


sia. (Porras +r(2)) w=0 (15.2-25) 
Zz 


where r(z) is regular at z = 0. By assumption py—p, = m is a non- 
negative integer and from (15.2-22) follows that 2p) +p_,=m-+1. Hence 
w'(z) _— m+1 eS) 
w(z) Zz 
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and 
s‘(z) = 27> * (bo +b,z+...), 
whence 
s(z) = z-"o(z)+c log z, 


¢ being regular at z = 0. The constant c is not necessarily different from 
zero. Finally we have 


w,(z) 


s(z)Wo(z) = 27° "po(z)e(z) +. cz"°@(z) log z 
cz?°po(z) log z+-2°'¢,(z), 


Ml 


in accordance with (15.2-6). Summing up we have 

If z= 0 is a regular singular point of the differential equation (15.1-9) 
and if po and p, are the roots of the indicial equation (15.2-20), there 
exist linearly independent solutions 


Wo(z) = 2°°po(z), w,(z) = 2”'@,(z), (15.2-26) 


where @y and ~, are regular at z = 0, corresponding to the roots of the 
indicial equation, provided that the difference of the roots is not an integer. 
If, however, the difference py—p, is a non-negative integer. there exist 
linearly independent solutions 


Wo(Z) = 2° @olz), w1(z) = z°°c wo(z) log z+2"'g,(z). (15.2-27) 

For the sake of illustration we consider again the differential equation 
(14.5-3). Now p_;=1, g_,=0 and the indicial equation is p? =0. Hence 
there is a regular solution at z =0. By taking the constant appropriately 
we get the function K(z). The other solution K’(z) is related to K(z) as 


may be seen from (14.5-14). This is in accordance with the general 
theory. 


15.3 — Bessel functions 


15.3.1 — THE DIFFERENTIAL EQUATION OF BESSEL 


A famous example of a differential equation with a regular singular 
point is Bessel’s equation 


z?w''+zw'+(z?—K7)w = 0, (15.3-1) 


where « is an arbitrary constant. The origin z = 0 is a regular singularity. 
Replacing z by 1/z the equation becomes 


zw" + zw! + (5 -x*) w=0 (15.32) 
Z 
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In this case Fuchs’s condition is not satisfied at z = 0. Otherwise stated: 
The point z = « is not a regular singular point of Bessel’s equation 
(15.3-1). Else the equation has no singular points. 

The indicial equation of (15.3-1) is 


p(p—1)+p—K = p?—K? =0 (15.3-3) 


whose roots are p = +k; we may assume that Rex 2 0. 
In accordance with the general theory there must be a solution at z= 0 


z*@(z) (15.3-4) 


where ¢ is regular at z = 0. Inserting the series 


io 
Loe (15.3-5) 
v=0 


into (15.3-1) we find that the coefficients must satisfy the recursive rela- 
tions 

(2x+1)c, = 0, 

n(2k+n)c,+C,-2 = 0, n= 2,3,..., (15.3-6) 


The fact that the equation (15.3-1) remains the same by changing z 
into —z suggests that c,,4, =0, 7 =0,1,2,.... The relations (15.3-6) 
are satisfied if we take the remaining coefficients such that 


Con-2 nm Co 
Cy = — A =... = (-1)!" S —_>_____ 
4n(k+n) 2°"nl(k+1)...(K-+n) 
= (-1)"co EeeD) n=0,1,2,.. 


provided that « is not a negative integer. It is common use to take 
1 
© 2T(e+1)’ 
2" being exp (x log 2). Thus we obtain the function 


(- = Zz K+2v 
Tele) = i, ae) : a7 


a solution of Bessel’s differential equation. It is easy to verify that 
z-*J,(z) is an integral function. Hence term-by-term differentiation is 
permissible and the formal process for finding a solution is justified. 

The function (15.3-7) is called a Bessel function of the first kind of 
order x. It is assumed that z” represents its principal value in the region 
z+ |z| # 0. Recapitulating: 
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If « is not an integer the functions J,(z) and J_,(z) constitute a funda- 
mental system of solutions of Bessel’s differential equation. 

The expression (15.3-7) makes sense if K is a negative integer —k. 
Then the first & terms in the expansion of J_,(z) vanish and we have 


4 (-1) 1 z —k+2y 
Ju(2) =k ereeren Gi 


= 5 (af emg CP (a 


v=o(k+v)!v! vi! I(«+v+4+1) 


J_z) = (-1)4),(2), (15.3-8) 


Thus it appears that J,(z) and J_,(z) are linearly dependent if « is an 
integer. 


whence 


15.3.2 — THE RECURRENCE FORMULAE 


There exist simple relations between Bessel functions whose orders 
differ by an integral number. 

Differentiating z“J,(z) we get 
dJ,. 7 d a) (-1) 1 2K tev 
dz  dzv=o v! I(x+v+1) 2"t? 


“EGP rerila) 7 


Kz" 'J,(z)+2" 


Or 


8 = — < J,(z)+J,-1(2). (15.3-9) 


Differentiating z~*J,.(z) we get 


—Kz-*"'J,(z)+2-" MS aie :: el) : z” 
; dz = dzy=0 vy! T(«k+v4+1)2""* 


-¥& ) z* ea 


an 7 P(«-+v+1) \2 


Sey (=U! Zz 


—K @y" 
veo vi F(k+1+v+1) 


eee pet (2), 


or 
sad. ey (Z)— J 41(Z). (15.3-10) 
dz vA 


15.3] BESSEL FUNCTIONS 527 


Adding corresponding members of (15.3-9) and (15.3-10) we obtain 


2 SF = Jy-1(2)—Jers) (15.3-11) 


and subtracting corresponding members 


Jet i(Z)+Ix-1(2) = = JC) (15.3-12) 


The relation (15.3-12) may serve to prove that the Bessel functions of the 
Jirst kind whose order is half an odd integer are elementary functions. 

It is sufficient to verify this for x = —4 and x =}. According to 
(15.3-7) we have the expansion 


Oe @) =, en v) \2 6 i: 


r(n+3) = G0" ray 


From 


and F'(4) = Vz it follows that 


1.) = V2 30", 


mzv=o (2v)! 


| J_4(z) = y2 aes (15.3-13) 
TZ 


If « = 4 we have the expansion 


or 


From 

I(n+3) = (nt+4)r(n+4) 
and the above results we find that 
2 © (- 1)’2?"* 1 


qe) = mzv=o0 (2v+1)! 


or 
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J,(2) = yz sin z. (153-14) 


A simple consequencz of these formulas is that Fresnel’s integrals 
(8.13-31) may be expressed in terms of Bessel functions. Performing the 
substitution tf = $nu? we find 


Z , 1 3nz2 2 
C(z) = | cos4nu*du = - — cos tdt, 


0 o | «Tt 
or 
1 nz 
C(z) =! | J_4(tdt (15.3-15) 
2Jo 
and similarly 
1 4nz? 
(2) = 5 | Jy(tdt. (15.3-16) 
0 


15.3.3 — SCHLAFLI’S INTEGRAL 


The representation (4.7-35) of the reciprocal of the gamma function 
is the key to obtain a representation of Bessel functions of the first kind 
as a contour integral. The expansion (15.3-7) may be written as 


~o (_1\y K+2v 
J2)= > ¥ a (=) | er Fai, 
L(a) 


2Qniv=o v! \2 
Inverting summation and integration, and observing that 


oo(-2)-£ 26) 


v=o vi 2 t’ 


we readily find 
22 
ta 


Jz) = ot (=) | t~"*) exp ( ) dt. 
2ni\2/ Jia 4t 


If we suppose that a = 1, we have on the rectilinear part of the Hankel 
contour [ft] = 1 and hence for |z| < h 


exp (= =) 
4t 
As a consequence the integrand in (15.3-17) is uniformly bounded on a 


closed disc about the origin and by arguments similar to those employed 
in section 2.20.5 it follows that the integral represents a holomorphic 


(15.3-17) 


2 


< exp <e™. 
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function of z which may be differentiated within the sign of integration. 
Expanding it in a Taylor series we obtain the series for J,(z). 

The integral (15.3-17) is due to Schlafli. It will be convenient to modify 
it slightly. Let t = 4uz and assume z > 0. Then (15.3-17) transforms 
into 


J,{z) = as u~™* exp dz (u- *) du. 
u 


rare (15.3-18) 


The same Hankel contour may be taken, for the transformation yields 
a contour of the same form as the original contour. 

The integral on the right is a holomorphic function of z as long as 
Re(zu) < 0 on the rectilinear part of the contour, ie., if Re z > 0. 
Hence (15.3-18) is valid for Rez > 0 by the identity principle. 

Let us now take a = 1. Then L(a) is a contour consisting of half 
rays from ~—co to —1 and a circumference C of radius unity about the 
origin. On this circumference we have u = e®, —x < 6 < x and on the 
straight tails u = ve*™, v > 0. Inserting the variable into (15.3-18) we 
get 


bast as 1 
J,(z) = J (ert on_e em yt v*) exp dz (-»+ *) dv+ 
2ni 1 v 


+ ~| exp (—«i0+ iz sin 0)d0. (15.3-19) 
Tt “x 


In the last integral we bisect the range of integration and write —0 
instead of @ in the lower part. This integral becomes 


4 Ld 
al exp (kiO —iz sin 0)d0+ ~{ exp (—xi+iz sin 0)d0. 
20 Jo 2n Jo 
In the first integral of (15.3-19) we write v = e*. It follows that 


Jz) = mee exp (—x@—z sinh 0)d0+ 
tq ) 


(15.3-20) 
+ =f cos (k9—z sin 6)dé. 
Jo 


This expression simplifies considerably if x = k is an integer. We then 
have 


52) { cos (kO—z sin 6)d8. (15.3-21) 
14 


co) 
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At the end of section 3.14.4 we encountered the particular case 


Jo(z) = 4 | cos (z sin 8)d0. (15.3-22) 
hvo 


15.3.4 — BESSEL’S SOLUTION OF KEPLER’S EQUATION 


Bessel discovered his functions by attempting to solve Kepler’s 
equation (3.13—23), viz., 


u-esinu=t, O<e<i. (15.3-23) 
This equation defines ¢ as a strictly increasing function of u, since 
dt 
du 
Hence uw can be considered as a strictly increasing function u(t) of t. 
It is clear that 


= 1-ecosu > 0. 


u(tg)—¢ sin u(to) = to 
and 
u(to+2n)—e sin u(to+2n) = to +27. 
But also 
u(to)+2n—< sin (u(to)+2n) = to+2n. 
Since the solution of the equation (15.3-23) is uniquely determined it 
follows that 
u(tg +22) = u(to)+2x 
and, consequently, sin u(¢) is a periodic function of t, the period being 
2x. By similar arguments it is readily seen that sin u(t) is an odd function 
of t. Since u(z) = 2, we have sin u(x) = 0. 
The theory of Fourier series asserts that «sin u(t) can be expanded 
in a uniformly convergent sine series. Thus we have 


esin u(t) = ¥\ A, sin vt, (15.3-24) 


v= 


with 


A, = =| esinu(t)sinntdt, n=1,2,. 
Avo 


Integration by parts yields 


A, = - 2e sin u(t) cos nt 


2 i cnt d(e sin u(t)) dt, 
3 dt 


nt 
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whence, in view of (15.3-23) 


4 uF Te 

A, = 2 (“ -1) cos ntdt = = o cos ntdt— me cos ntdt. 
ntJq \dt nt Jo dt nnJo 

The last integral vanishes. In the preceding integral we replace ¢ by 

u—e sin u and we find in view of (15.3-21) 


A, = 2s cos n(u—e sin u)du = 2 J,{né) 
NN Jo ds 


and the equation (15.3-23) is solved by the series 


ey . 
u(t) = t+ }) — J,(ve) sin ve. 
yell Vv 


15.3.5 — BESSEL’S FUNCTIONS OF INTEGRAL ORDER 


If x = & is an integer, then the Hankel contour in (15.3-18) may be 
replaced by a circumference about the origin, for u~“*" returns to its 
initial value if we percorse this contour once. In this case 


Jz) = BS [uD exp 4z (u— s ) du. (15.3-25) 
2nid, \ u/ 
This formula may be the starting point for obtaining elementary prop- 
erties of the Bessel functions of integral order. Thus e.g., the formula 
{15.3-8) is readily obtained if we replace u by —1/u. 
If we expand exp 4z(u—I/u), considered as a function of u in a 
Laurent series near the origin, we deduce at once from (2.23-8) 


eipas (u- *) = ¥ wz). (15.3-26) 
u 


v=—-c0 


The function on the left is a generating function for the Bessel coefficients 
on the right. 
Performing the substitution u = e’® yields 


exp (izsino)= ¥ J,(z)e™. 


Adding and subtracting corresponding members of this equation and the 
equation obtained by replacing @ by —8@ we get the Fourier series 


cos (z sin #) = Jo(z)+2 ¥, J2,(z) cos 2v6, 
v1 (15.3-27) 


sin (z sin 8) = 2)" J,4,(z) sin (2v+1)8, 
vai 
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due to Jacobi. In particular, if 9 = 47, 


cos Z = J o(z)—2J 2(z) + 23 4(z) + oer 


; (15.3-28) 
sin z = 2J,(z)—2J3(z)+ .... 


If 0 = O we have the identity 
1 = J,(z)+2 >. J2,(z). (15.3-29) 
v=1 


Another interesting application of (15.3-18) is the finding of an expans- 
ion of a polynomial in a series involving Bessel functions. We start with 
the following simple remark. According to (3.3-4) the residue of 


trims Der 
m being a positve integer, at the point ¢ = 0 in the ¢-plane is 


a AE 
=0 => ml ' 
In view of the definition of residue we then have 
t 
2m TL ot Der ay, (15.3-30) 
2nid¢ 


where C is any contour encircling the origin in the t-plane once in the 
anti-clockwise sense. The transformation 


1 ( 1 ) 
t=—lu-— 
2 ui 
carries a small circle C about the origin in the u-plane into an ellipse in the 


t-plane percorsed in opposite sense. If —C’ is the image of C, where C is 
percorsed in the anti-clockwise sense, then it follows from (15.3-30) 


-1)! 
zm = (m al e“d(t~™) 
2ni Jug 
m a ! —m 
ee! un Of exp iz (u- =) © (u- =) du. 
2ni Cc \ u/ du u 
Expanding by means of the binomial theorem (2.16-20) we have 
ae m,,m —m m,,m — v {—m v 
(u- IN 2 (-1yrun(d—u2y-™ = (-1ytu"¥ (1) ( ) u2 

u/ v=0 \v 


= mma (M+v—-1)! 3, 
“ye », (m—1)!v! ne 


Within the unit circle term-by-term differentiation of the binomial series 
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is permissible and if C is within the unit circle we may also integrate 
term-by-term. We find 


(=) = (=)? y ae Lae "exp be(u— *) ag 


2ni v=0 y! 


If « is an integer the Hankel contour in (15.3-18) may be replaced by a 
circle about the origin and the above result appears in the form 


@ ny (2v+ me +v—1)! 


Finally, taking account of (15.3-8) 


(5) = y a - Joy+m(Z)- (15.3-31) 


=0 


J ~(2y4+m(Z): 


This formula has been derived under the assumption m > 0. It does not 
hold for m = 0 as is clear from (15.3-29). We notice the particular case 


A = J,(z)+3J3(z)+5J5(z) +... (15.3-32) 
15.3.6 — SOMMERFELD’S INTEGRAL 
Bessel’s function J,(z) can be written as 
Iz) = 29(2), (15.3-33) 


where g is regular at z = 0. Starting from (15.3-1) a simple compu- 
tation shows that @(z) satisfies the differential equation 


270" +(2«+1)z0' +279 = 0. (15.3-34) 


A method of frequent use in the theory of linear differential equations is 
the application of Laplace’s integral 


I e-f(t)dt, (15.3-35) 


where s is a complex variable and C a suitably chosen path. We shall apply 
this method to the equation (15.3-34). It is convenient to introduce the 
variable s = —z?, Then (15.3-34) takes the form 


— —19 = 0. (15.3-36) 
Replacing @ by (15.3-35) yields 


i (st? -(«+1)t—d)e“f (tdi = 0. 


SS 
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This is trivially satisfied if f(¢) = 0 identically. Another solution of 
(15.3-36) can be obtained by performing integration by parts on 


J e “st?f(t)dt 
c 


- [ er@ae 


—vrf(pe* 


+ ( e7"(t7f'(t)+20f(t))dt, 
c Je 


where the first term in the last member of the equation denotes the differ- 
ence of the values of the function before the bar at the endpoints of C. 
The equation (15.3-36) is satisfied if 


f'(t)—(k- Dy ()—-4f (1) = 0 (15.3-37) 
together with 


rf (the * . = 0. (15.3-38) 


It is easy to verify that 
f(t) = "> 1e- 1/4t 


is a solution of (15.3-38). Hence 
o(z) = | 1 exp (2 -) dt (15.3-39) 
Cc \ 4t 
is a solution of (15.3-34), provided that 


t**! exp (22;- =| 
\ At 


= 0. (15.3-40) 
c 


Now we perform the transformation t = —1/4t’ and omit afterwards 
the prime. The image of C shall again be denoted by C. Omitting a multi- 
plicative constant we find 


c z 
aif 2) apie) ar, 
(z) t. A ar 


with the additional condition 


~(K+1) {. 2 \ 
t exp ('- —}) =0. (15.3-41) 
At/\¢ 
Adjusting constants we may say that 
kK ~2 
cue (=) (eee exp (:- =) dt (15.3-42) 
2ni\2/ Je At 


satisfies Bessel’s differential equation, provided that (15.341) holds. By 
taking C suitably we can find a variety of solutions represented by an 
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integral. If we identify C with a Hankel contour L(a) then (15.3-41) is 
true and we obtain again the integral (15.3-17) for J,(z). 

Applying the substitution ¢ = 4z exp —iu the integral (15.3-42) trans- 
forms into Sommerfeld’s integral 


-1 [ : . 
—| exp i(ku—z sin u)du te 
mers ) (15.3-43) 


which represents a solution of Bessel’s differential equation, provided that 
exp i(ku—z sin u)|c = 0. (15.344) 


Here again C is the image of the path occurring in (15.3-42). In partic- 
ular, the Hankel contour L(!) transforms into a figure L consisting of two 
half-rays from m+ico to x and from —z to ~n+ioo, connected by a 
segment from x to —2, (fig. 15.3-1). This is Sommerfeld’s representation 
of J,.(z). 


L (1) 


Fig. 15.3-1. Hankel’s contour and Sommerfeld’s contour 


15.3.7 — THE HANKEL FUNCTIONS 


As already remarked we can find other solutions of Bessel’s differential 
equation by modifying the path C. Consider the function 
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PB tio 
F(z) = | exp i(ku—z sin u)du, (15.345) 


va-ico 


the path of integration being a half ray from «—ioo to «, a segment from 
a to B and finally a half ray from B to B+ioo, « and f being real and the 
half rays being vertical, (fig. 15.3-2). 

Put z = re!®, Consider first the lower part of the path of integration 
and let ¢ = a—in, 7 > 0. An easy computation yields 
Re(—iz sin t) = r sin « sin 6 cosh y—r cos a cos @ sinh 9 


= tre“ cos (9@—«)—4re" cos (0+«) S fre "—4fre" cos (8+2). 


Fig. 15.3-2. The contour C of (15.3-45) 


This tends to —0o as 7 > ©, provided that cos (0+«) > 0. This is the 
case if 


—inte < 0@+a < 4n-¢, 0<«é < 4a, (15.346) 


for then cos (0+a) 2 sine. 
Since 


—4in-ateS 0S 4n-a-e 
the point z must be restricted to the closed domain 
—4n-a+e < argz < 4n-a-e (15.3-47) 


which is in a half plane bounded by the line arg t=42—a, (fig. 15.3-3). 
Ina similar way we can handle the upper part of the path of integration. 


537 
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Writing now t = B+in, 4 > 0, we have 
Re (—iz sin t) = 4re" cos (9—8)—4re "cos (0+) 
S tre"cos (9—B)+4re™" 


and this tends to — co as 9 — oo, provided that cos (0— 8) < 0. This is the 


case if 
t+inte S 0-8 S 3n-« 
or 
+inte+B <0 < 3n-e+f. (15.3-48) 
a — 
le = 


KY 


| 


tm£:-ll 
7 


r iW, 
y 


: 
R 

il) 
/ 


Fig. 15.3-3. The domains (15.3-47) and (15.3-48) 


This range coincides with (15.3-47) if we take B = —n—a or B = n—«. 
Because e” tends more quickly to oo as y it is now clear that the integrals 
Fn-atio 

| exp i(ku—z sin u)du (15.3-49) 
aio 

are uniformly convergent in any bounded and closed set of the z-plane 

included in the domain (15.3-47). In addition we find that the condition 

(15.3-44) is also satisfied. 

The following remark is now of utmost importance. Sommerfeld’s 
path can be considered as the sum of two paths L, and L,, (fig. 15.3-4), 
whereby L, consists of the imaginary axis from —ioo to 0, the segment 
from 0 to —z and the half ray from —xz to —2+io0. It is the path con- 
sidered above with a = 0, 8 = —7. Similarly L, consists of the half ray 
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Fig. 15.3-4. The paths of integration for the Hankel functions 


from m+io to x, the segment from z to 0 and the negative imaginary 
axis from 0 to —ioo. Itis the above path with a = 0, 8 = z percorsed in 
the opposite sense. 

The functions 


(15.3-50) 


exp i(ku—z sin u)du; 


2 


are solutions of Bessel’s differential equation. They are referred to as 
Hankel’s functions and from the above considerations follows that they 
are holomorphic throughout the right half plane. It is clear that they are 
also holomorphic functions of the parameter x. 

In view of the fact that Sommerfeld’s contour is L = L,+L, we con- 
clude that 


J(2) = 4(Hi(2) + H2(2)). (15.3-51) 


The integral (15.3-49) provides an analytic continuation of Hankel’s 
functions throughout the z-plane. We take x = —4z. The integral 


1 ~jnatio 
-| exp i(xu—z sin u)du 
7 


-in-io 
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represents a solution of Bessel’s differential equation throughout the 
region 0 < argz < 2 i.e., the upper half plane. The path of the last 
integral is obtained from L, by shifting it to the left over a distance jz. 

Let now z denote a point in the first quadrant. Integrating along the 
perimeter of the rectangle with vertices —x, —a+in, —3n+in, —3nx, 
n > 0, (fig. 15.3-5) we obtain the value zero. Since the integrand tends 
to zero as 4 > © the integral taken along the segment from —2+ in to 
—3n+in tends to zero as 4 > oo and we may infer that 


"- -[- gn +f 3ntioo 


Fig. 15.3-5. Analytic continuation of the Hankel functions 


By a similar reasoning we find 


is +[ 7 -[" 
4n—ioo 
As a consequence 


esas a es a ed 
pansies 


Thus the integrals along the two paths yield the same value for all z in the 
first quadrant. By shifting again to the left we can repeat the process of 
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continuation and thus we find that Hj (z) can be continued through-out 
the whole z-plane (avoiding the origin). The reasoning for H2(z) is quite 
the same. 


15.3.8 — NEUMANN’S FUNCTIONS 


The function H1,(z) is represented by the integral 


(z)=- & exp i(—Ku—z sin u)du. 

I 
Replacing the variable u by u—z effects the shifting of the path of inte- 
gration to the right through the distance x. Denoting this new path 
symbolically by L; +2 we get 

eXt! 

Hifz) = -— exp i(—Ku+z sin u)du. 

u Ly+nx 


Fig. 15.3-6. Modification of the paths for the Hankel functions 


Reflecting the path L,+7 in the origin we obtain L,, percorsed in the 
reverse sense (fig. 15.3-6). Hence replacing u by —u we get 


HE Az). == : { exp i(ku—z sin u)du, 
Tm Jr, 
the integral on the right being that for H(z). A similar reasoning is 
applicable in the case of H2,,(z). Thus we arrive at 


H1,(z) = &™ H(z), 
H?,(z) = e“*"H2(2). 


(15.3-52) 
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The complex conjugate of H(z) is 


H(z) = - . _ exp —i(ku—Z sin u)du, 
iy 


where L, is obtained by reflecting L, in the real axis. Replacing u by —u 
the path L, becomes —L4, (fig. 15.3-6). Hence 


Hy(z) = — =| exp i(ku—Z sin u)du, 
on 
or 


| H@ = H2@).| (15.3-53) 


It follows that if x and z are real the Hankel functions are conjugate 


complex. 
N,(z) = x (H.(z)—Hx(z)) (15.3-54) 


The functions 
are called Neumann’s functions, They are real if « and z are real. 
Solving H}(z) and H2(z) from (15.351) and (51.3-54) we obtain 


Hy(z) = Jn(z) +iN,(2), 


H2(2) = Jz) —iN4(2). eee) 
We notice that from (15.3-52) and (15.3-51) follows 
J_,(z) = de H(z) 447" H2(z) | (15.3-56) 


and this yield (15.3-8) if x is an integer. 
Finally we wish to express Neumann’s function of order « in terms of 
Bessel functions. The equation (15.3-56) may be written as 


J-,(2) = HHi(2)-+H2(z)) cos xx +4i(Hi(2)—H2(2)) sin xen 
= J,(z) cos kx—N,(z) sin kz, 
whence 


| N,(z) = J,(z) cos kx—J _,(z) : 


sin Kn 


(15.3-57) 


542 LINEAR HOMOGENEOUS DIFFERENTIAL EQUATIONS [1s 


15.3.9 — BESSEL’S FUNCTIONS OF THE SECOND KIND 
Neumann’s functions multiplied by z 
Y,(z) = 2N,(z) (15.3-58) 


are called Bessel’s functions of the second kind. They are of particular 
importance if x = k is a non-negative integer, for then we have 

If « is a non-negative integer k then the functions J,(z) and N,(z) con- 
stitute a fundamental system of solutions of Bessel’s differential equation. 
It is clear from Sommerfeld’s integral (15.3-43), that J,(z) is holo- 
morphic with respect to Kk, (section 2.9.1). Applying de I’H6pital’s rule 
we find from (15.3-57) 


Y,(z) = lim xN,(z) 
Kok 


= lim —zJ,(z) tan «a+ lim 


O5(z)_ 1 aS -4(2) 
( ‘ 


Kk wok \ OK coskx Ox / 
or 
Y,(z) = lim hee —(—1)' “te ; (15.3-59) 
nok \ 6K OK 


Differentiating the series (15.3-7) with respect to k we get 


@(z)_ f (=" tz) 
“Oe eMart fa) (ioe 5 Mctv4), 


where ¥ is the function (4.8-1). Hence 


. OJ ,(z) z <(-1) 1 (=) 
lim —“~ = J,(z) lo - Wik+v+1). 
rk OK KIB (k+v)! \2 ( ) 
The evaluation of the limit of 0J_,.(z)/d« requires the separate considera- 
tion of the sum of the first k terms in the expansion of J_,,(z). Differ- 
entiating this sum we get 

k-1 v —K+2v 

-1 1 

= > set (5) log ea + 

v=o vl IP(-—K+v4+1)\2 2 


ee (-1)” h(—K+v41) (z\**™” 
veo vi F(—K+v4+1) \27 


Now we observe that I'(t) and Y(t) have poles att =0, —1, —2, .... If 
—m S 0, m being an integer, we have in view of (4.6-12) and the first 
remark in section 4.8.1 


lim Pp) = lim (etm FG) = ans = (-1)"*'ml. 
to-mI(t) t-m(tt+m)r(t)  (-1)" 
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Making x — k the second sum tends to 
=—J k-y—-1 ! = ~k+2v 
a) ee 


Differentiating the remainder of the series we get 


Cay (=1) ee (2) 7" (toe 2 —¥(—K-+9+1)) 


vek vl I(—K+v+l1) 


and making « = k this tends to 


~¢ cy (2) 7 (los E -#(- k++) 


vex vi F(—k+v+1) 


= —-(- 1 (2) log +(-1 Ky es (2) "voen, 


v0 vi(k+y)!\ 
Hence (15.3-59) becomes 
2 (<1) /2\H™ 
Yi(2) = 2s(2) log = =e G ) (Pvt 1) + (kb ve) + 
ay eva (2) (15.3-60) 
v=0 v} 2 


If k =O the last sum must be omitted. The function Y,(z) is clearly 
linearly independent of J,(z). The coefficients occurring in the second 
sum on the right are “known” numbers, for by virtue of (4.8-3) and 
(4.8-6) we have 


WI)= -y, V(m+1)=14+44+...4+ 2 —y, (15.3-61) 
m 


m being a positive integer. 

Since Y,(z) is essentially Neumann’s function and the Hankel functions 
can be expressed in terms of Bessel’s and Neumann’s functions, we may 
conclude that 

The Hankel functions H}(z) and H2(z) constitute a fundamental system 
of solutions of Bessel’s differential equation for every value of the param- 
eter Kk. 
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15.4 — Legendre’s functions 


15.4.1 - SOLUTION OF LEGENDRE’S DIFFERENTIAL EQUATION 


In section 3.14.1 we obtained the result that the polynomials of 
Legendre satisfy the differential equation 


| (z?—1)w''+2zw’—n(n+1)w = 0, (15.4-1) 


where nv is a non-negative integer. This equation will be referred to as 
Legendre’s differential equation. 

It is easily verified that the equation has regular singular points at 
z = +1. At these points the indicial equation is 


p(p—1)+p = 9, (15.4-2) 


having the double root p = 0. 
Replacing z by 1/z the equation (15.4-1) becomes 


n(n+1) 


(1—z?)w"’—2zw'— —— w = 0 (15.4-3) 
Zz 


and it follows that z = oo is a regular singular point of (15.4-1). The 
indicial equation at this point is 
p(p—1)-n(n+1) = 0, (15.44) 
with roots 
Po=ntl, py = —n. 
The most manageable forms of the solutions are those which proceed 


in descending powers of z and are, therefore, appropriate to the singularity 
ad infinity. Substituting the series corresponding to 


yi c2"” (15.4-5) 
yv=0 


into (15.4-1) we obtain the recursion formulas 
(n—m+2)(n—m+1c,-2+m(2n—m-+ Ie, = 0 (15.4-6) 


where m => 2. We may take c, = 1 and it follows from the fact that the 
equation (15.4-1) remains unaltered if we change z into —z that all 
coefficients with odd subscripts are zero. Hence a solution is 


wo(a) = at (1 AMD gn g MO DN=Y(N=3) a) 
1) ( 2n—1)° * 2-4(2n—1)(2n—3) +) 
(15.4-7) 
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Actually the series terminates after a finite number of terms and is, there- 
fore, a polynomial! of degree n. 

The solution corresponding to the root pp = 1+1 may be found by 
replacing n by —(n+1) in the recursion formulas (15.4-6). Now we 
obtain the solution 
zoe) (1+ (n+1)(n+2) Pa 

2(2n +3) 


(n+ 1)(n+2)(n+3)(n +4) =< 
24(2n + 3)(2n +5) “ 


Wo(Z) = 


(15.4-8) 


By applying the ratio test (1.6-12) it is found that this series is convergent 
if |z] > 1. Hence w,(z) is regular at z = 00. 

Thus we see that wo(z) and w,(z) constitute a fundamental system at 
z = o. Notwithstanding the fact that the difference of pg and p, is an 
integer the solution w,(z) does not contain a logarithmic term. The equa- 
tion (15.4-1) cannot have two independent solutions which are poly- 
nomials, for in the contrary case all solutions would be polynomials. 

Since Legendre’s polynomial (3.13-27) is a solution, it must be equal 
to w,(z) apart from a multiplicative constant. It follows from Rodrigues’s 
formula (3.13-27) that the leading term in P,(z) is 


1 a an _ 2n(2n—1)...n sac (2n)! 
2"n! dz” 2"n! 2"(n!)? 


Ze 


Hence 


_ (2n)! fy n(n—1) ,-2 
P,(z) = 2"(n!)? (: 2(2n— 1) : 
% n(n—1)(n—2)(n—3) zeta, 0) 
2°4(2n—1)(2n—3) 


(15.4-9) 


The first polynomials are 


P(z) = 1, 

P,(z) =z, 

P,(z) = 4(3z’—1), 

P3(z) = 42(5z7 —3) 

P,(z) = 4(35z* —30z? +3) 

P,(z) = 42(63z* —70z” + 15), etc. 


15.4.2. — LEGENDRE’S FUNCTIONS OF THE SECOND KIND 


A second solution of (14.5-1), besides the polynomial P,(z), is the 
power series (15.4-8) for w9(z). In order to obtain a convenient multiplier 
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we make use of Abel’s identity (15.1-19). The Wronskian of wo(z) and 
w,(z) is 


’ , c 
WoW, —WoW, = 


4 (15.4-10) 


where c is a constant. Since z? (wow, — WoW) tends to 2n+1 as z + 00 
the value of this constant is —(2n+1). If we now define 


2"(n!/? 


Q,(z) = (n+ yi Mo (15.4-11) 
then evidently 
Q,(2)P,(z)— Onl z)Pa(Z) = a | (15.4-12) 
The function 
2"(n!/)? -ntt), (+1442) ats 
0,2) = ZOE (pwn, OAD) ea 
(2n+1)! \ 2(2n +3) (15.4-13) 


(n+1)(n+2)(n+3)(n+4) ots 
2-4(2n-+3)(2n+5) 


is called Legendre’s function of the second kind (and of order n). An 
alternative expression for this function may be obtained from (15.4-12) 
which is equivalent with 


d (Q,(z)\ _ 1 
dz (a) (1—z?)P2(z)" (15.4-14) 


We cut the z-plane along a line-segment connecting the points —i and 
+1. If zis in the remaining region we have evidently 


? dt 
Q,(z) = Pca GP )PX) | (15.4-15) 


In fact, if z > oo then P,(z)/z” tends to a constant and Q,(z)/z” tends to 
zero as does the integral. 

This integral yields interesting information about Q,(z). At the end 
of section 3.14.1 we proved that P,(z) has exactly 7 simple roots between 
—1land +1, We denote them by a,,..., a,. Expanding the integrand of 
(15.4-15) in partial fractions we get 


1 A B = <A, “ By, 
2\p2y) t + 27 & : 
(i-f°)Pj(t) 1-t 14+ vai(t—a,)° v=i1t—a, 
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Multiplying both members by 1—#? and taking tf = +1 or tf = —1 we 
see at once that A = B = |. 
In order to find the contribution of the first two terms by integrating 


between Zp and z we put 
z+1 = re, z—-1t=re®, 


where @ and @’ are between —z and xz. Hence 


=| lees +if do = log” +100 0) 
90 


Zo 1+t ro P Yo 
and 
--[% —-i a = “tog” — i(0’— 6), 
whence 
7 r To . , a , 
= log — —log — +i(6-6’)—i(@)—6)). 
stat r ro 


If we let zg + 00 then ro/rg > 1 and 8,—69 — 0. It follows that 


| Z = 5 (toe = +i(@- 6')) = i log 2. 


Dest eo z—1 


Next we observe that the numbers B,,..., B, are all equal to zero. 
Indeed, if not, integration would yield logarithmic terms and this is in 
contradiction with the fact that the zeros of P,(z) are regular points for 
the differential equation and hence also for Q,(z). Thus we may infer that 


Q,(z) = 4P,(z) log = -W, mk 


provided that z is not on the segment —1 < x S I. The last term is 


(15.4-16) 


W,-1(z) = PG) (15.4-17) 
yv=1Z—-@ 

a polynomial of degree n—1. If nm = 0 this polynomial is absent. In the 

next section we shall describe a method for evaluating W,_,(z). The 

formula (15.4-16) shows that Q,(z) has a logarithmic singularity at the 
pointsz = +1. 

It is possible to define Q,(x) for —1 < x < 1. If z tends to x from the 

upper half of the z-plane then 0 > 0, 6’ 2, r>1+4+x and r’ > 1—x. 

Hence Q,(z) has a limiting value which we shall denote by Q,(x+0/)- 
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Thus 


Q,(x+0i) = $P,(x) log ra —4niP,(x)— W,_4(2). 
TE: 


By a similar reasoning we find, denoting by Q,(x—0/) the limiting value 
of Q,(z) as z > x from below, 


1+ 
Q,(x—0i) = $P,(x) log ae +4niP,(x)— W,_,(x)- 
—xX 
Hence 


Q,(x+0i)—Q,(x—0i) = —7iP,(x). (15.4-18) 


It appears that Q,(z) is discontinuous at every point between —1 and 
+1, the jump being —ziP,(x), if the segment is crossed from above to 
below. 

If —1 < x < 1 we define 


and it follows that 


On(x) = ¥Pa(3) log * — WY,-.(3) (15.4-20) 
—x 


15.4.3 — NEUMAN’S AND SCHLAFLI’S INTEGRAL 


The first member on the right of (15.4-16) may be written as 


1 
4P,(z) log =~ = | Pul2) a, (15.4-21) 
Za ag Zit 


It is natural to consider the function 


1¢* Pye 
fe) =1 [kD ae 
2J_, z-t 
where z is in the z-plane cut along the segment connecting —1 and +1. 
By straightforward computation it may be verified that this function is a 
solution of Legendre’s equation (15.4-1). 
Indeed, the derivatives of this function are 
1 re d 1 


+1 
d 
n(z) = P,(t)— — dt = — P(t) -—- —— dt 
ful?) [ i sere Aer a: 5; 


+1 +1 t 
+ i Palt) dt 


2p d=, 7-0 


_ Palt) 
z—t 
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and 


we) = (FA, - POY sO a 


(z—1)? —t/|_ ape2=t 


Hence 


(2? 1) fn (z) + 22fn(z)— n(n + 1) f,(z) 
= [ 1 (2? —1)P)"(t)+2zP\(t)—n(n+1)P,(t) 


a z—t 
2 +1 

*Pa()) 
t 


dt+ 


z?—22t+1 
{= P,(t 


(2-1) 
= ite (t? —1)P)'(t) +-21Pi(t)—n(n+ DP, 


-1 z—t 


AD ay 


+ [errs + 2PKyae—P,()+P(—1)—(e+ DPA) 


+(2-1)P,(—1) = (2+0P,(t) 


+1 


=0. 
-1 


+1 +1 +1 
+{ Pi(t)dt—P,(t)| + 
-1 bay -1 


—(2+)P,(1) 


This proves the assertion. Taking into account (15.4-16) and (15.4-21) 
we may conclude that 


17) PG), _ 1 (7? P,(z)—P,(t) 
Q,(z) — Al dt= Al dt—W,_,(z). 


1 z2-t -~1 z—t 


The expression on the left is a solution of (15.4-1). The right-hand mem- 
ber is clearly a polynomial of degree not exceeding n—1. Since only 
polynomials of exactly the degree m satisfy Legendre’s equation (15.4-1) 
this right hand member is identically zero. Thus we have derived Neu- 
mann’ s integral 


Q,(z) = an PAO (15.4-22) 
and 
W,-1(2) = tf BOAR! dt. (15.4-23) 


The formula (15.4-22) holds also for z between —1 and +1. It must 
then be interpreted as a Cauchy principal value. 
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From Neumann’s formula (15.4—22) and (3.14-11) we deduce at once 
the relation 


| (n+ 1)0,4(2)—2n-+1)20,(2)+(n=19,-(2) = 0.| (15.4-24) 


Inserting (15.49) into (15.4—23) we find by straight-forward compu- 
tation 


Qa) png Loy Fe n(n—1) 
2"(n!)? (: bi E aa ss 
is ( _1n(n=t) | ee 21-9) re Fee 
5 32(2n-1) 2x4(2n—1)(2n—3) 


W,,-1(z) a 


(15.425) 
The first polynomials W,,_ ,(z) are 
W_,(z)=0, for Po(z) = 1 identically; 

W,(z) = 1, 

W,(z) = 32, 

W,(z) = $(15z7—4), 

W,(z) = 3¢2(21z?—11), 

W,(z) = ¢49(945z* —735z? + 64), ete. 
It is not difficult to obtain a formula of the type (3.14-17) for Q,(z). 


Taking into account Rodrigues’s formula (3.13-27) we may write 
(15.4-22) as 


Q,(z) = on oe cl (t? —1)"dt. 
“ 7 ee) ee dt" 
Integrating by parts we get in succession 
—1 +1 
Q,(z) = eae 


_ (-1)’2 
= gntint 


(t?-1)’dt 


gq") 
dt’ 3 


1 a6 d’-? ‘ h 
| (z—-t) spon —1) dt =..6% 
-1 


etc. After n steps we arrive at 


Q,(z) = — [ Lala (15.4-26) 


ont 4 (z—1y"™! 


being Schldfli’s integral for the Legendre function of the second kind. 
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15.4.4 — LEGENDRE’S FUNCTIONS FOR GENERAL PARAMETERS 
The equation (15.4-1) is a special case of the equation 
(z?—1)w" 4+ 2zw’—K(k+1)w = 0, (15.4-27) 


where x is any complex number. In view of the representation of Legen- 
dre’s polynomials by means of a Schafli integral (3.14-17) it is natural 
to investigate under what circumstances an integral of the type 


f.(2) -{ ee ye dt (15.4-28) 


represents a solution of (15.4-27). It is clear that if z is in some appropi- 
ately chosen simply connected region the function f(z) is holomorphic. 
Inserting (15.4~28) into the left hand member of (15.427) we get 


(2° —1fx'(z) + 22f,(z)— K(x + 1)f,(2Z) 
= (k+1) {f-1¥ ae ((« +2)(z? —1)+-22(t—z)—K(t—z)*)dt 


c(t- z)*3 
Zien) ES _ ((-+2)(12—1) —2(1e + a(t —2) dt 
yet ea" ,, (-1)") 
=| ( +o (t—z)**? —(x + Ge zine c 


where the last expression denotes the difference of the values of the func- 
tion 
2 Kt+4h 
V(t) = ein 
(t = z)** 2 
obtained by analytic continuation along C. Thus we see that 
The integral (15.4—28) is a solution of Legendre’s equation (15.4-27) 
if the function V(t) as defined in (15.4-29) returns to its initial value if 
t percorses the path C. 
By taking C appropriately we can find generalizations of the Legendre 
functions considered in the previous section. 
It should be noticed that the theorem of section 2.9.1 applied to 
(15.4-28) asserts that f(z) is also holomorphic with respect to kK. 


(15.4-29) 


15.4.5 — LEGENDRE’S FUNCTIONS OF THE FIRST KIND 


The points ¢ = +1 and ¢ = z are in general ramification points of the 
function V(t). We cut the complex plane along the half ray from — 0 to 
—1 and we take C as a simple closed circuit encircling the points t = 1 
and t = z once in the anti-clockwise sense, whereby C remains in the 
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cut plane, (fig. 15.4-1). It is clear that in this case V(t) returns to its initial 
value if t describes the path C. If x is a non-negative integer then r=1 is an 
ordinary point and C may be taken as a small circle ¢ = z. Then the inte- 
gral (15.4-28) reduces to Schlafli’s integral (3.14-17), apart from the 
multiplier. Hence it is natural to define with Pochhammer’s notation 


(1+,z+) —@-1F_ i 
(z) = — t, A 
P.(z) — | to a (15.4-30) 


as Legendre’s function of the first kind of order x. The integrand will be 
specified precisely by taking arg (f+1) = arg (t—1) = 0, if tis a point 
of C on the real axis to the right of ¢ = 1. Further we shall take —2 
S arg (t—z) < zat this point. Then P,,(z) is well-defined as a single-valued 
holomorphic function in the cut plane. 


Fig. 15.4-1. The path of integration (1+, z+) for Legendre’s function of the first kind 
We wish to evaluate P,(z) at z = 1. Then C may be taken as a small 
circle about t = 1 and we have 


Piij< a a 3 ( (+0) dt = Res St " 
Qni J 2"(t—1)**! 2niJ¢ 2*(t—1) z=1 2"(z—1) 


and it follows from (3.3-5) that 
P,(1) = 1 (15.4-31) 


irrespective of the value of x. 


15.4.6 — LEGENDRE’S FUNCTIONS OF THE SECOND KIND 


By taking another contour we may expect another solution of the 
equation (15.4-27). Let z not be a real number between —1 and 1. The 
contour will be taken as a figure-of-eight encircling the point tf = 1 once 
in the clockwise sense and the point t= —1 once in the anti-clockwise 
sense and such that z is outside either of the loops. We may take the path 
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such that it crosses itself at ¢ = 0, (fig. 15.4-2). Also in this case the 
function returns to its initial value if ¢ returns to its starting point on C. 
Let —x < argz <7 and let arg (z—t)— argz as ¢->0 along C. 
Further we shall suppose that arg (t+ 1) = arg ¢—1) = 0 if ¢ is the 
point on C on the real axis to the right of ¢ = 1. 

We proceed to prove that, after introducing an appropriate multiplier 
the function f,(z) represents Q,(z) if x = n, a non-negative integer. 


Fig. 15.4-2. The path of integration (—1+, +1—) for Legendre’s function of the 
second kind 


Assuming that Rex > —1 we have 


(-14, +1-) K = 
i (? het dt -{ votes | ae, +f 
(t—z)**! 0 - 


er +1 (2? = hy +1 (t 21)" 
gaat Rare 
-1 (=2) ~1(t=2) 
Interchanging ¢ and z in the denominator, on agreeing that 
z—t = (t—z)e™, 
1—t = (t—1)e"4 


dt = e*"'2i sin al 


we may conclude that 


(-14,4+1-) 2 4\« 
1 | (t*-1) a 


2i sin xx ax*t(z—1)"*! 


+1 2.0 4\K+1 
| (t 1) 


- an*4(z—2)"*! 


1 1-27" 
-{ at y dt 
=12 (z-1) 


For x = n this last integral represents Q,(z) as is clear from (15.4-26). 
By this reason we define 


1 a(~-14, t1-) (t?-1)* 
yea dl 4-32 
a ) 2i sin =| et N(z—2)*t? ae ) 


as Legendre’s function of the second kind of order «. The function is 
single-valued and holomorphic in the plane cut along the real axis from 
~oto +1. 
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15.4.7 — ASYMPTOTIC BEHAVIOUR OF LEGENDRE’S FUNCTIONS FOR LARGE 
VALUES OF |z| 


As we have seen in the previous section the function Q,(z) may be 
represented by 
+1 (1-17) 
-4 (z—t)*** 


One) = dt (15.4-33) 


provided that Rex > —1. We may write this as 


ort +1 (1-17) 
Q,{z) = sal 1 (1—t/z)*** 


If we let z > oo under the condition |arg z] < 2 we get 
Him **40,(2) =f eat 


1 1 P(e-+1)FQ) 
= aif O- uu du = eH T(k+3) ” 


or 


lim 2°*30 (z) _ Jn r«+1) 


zZ> 0 7 geri I(x +3) ? Rex > —1. (15.4-34) 


The similar problem for P,(z) requires more attention, because the 
path of integration includes the point z. In 


(14,24) 2_14\K 
| 1" dt 
(t—z)*** 
we perform the substitutions 
t—1 = (z—-Il)u, 
t+1 = (z—1)u42, 
t—z = (z—1)(u—1). 


I 


We get 
(14,74) > \* 
1" | uX(u—1)°"* (u+ =| du. 
Z— 


If we let z > co as above we find, taking into account (15.4-30), 


lim z7*P _ 1 (Ps 04) —(k+1) 

lim z (Z) = si | u°“(u—1) du 
—e kn 
Qt aj 


(14,04) 
{ uw*(1—u) * du. 
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If we now suppose that —} < Rex < 0 we have 
(14,04) ; 
| ee (e*"—1) | u?*(1—u)-&* du, 
19) 


whence 


—sin Kt 


1 
lim z~*P,(z) = - ( u**(1—u)" FP du. 


zZ7 0 nh Jo 
We evaluate the last integral by employing (4.6-26) and (4.6-13). We 
have 
1 —_— 
| w*(1—u)" du _ FQ«t+ir(-«) _ 9, PAK k) 
0 T(k+1) I(k+1) 
2K gi« a 
se rennjee 2 Oe) 
aft sinx«nx ['(k+1) 


Thus we obtain 


lim z~*P,(z) = cide a 


We T(e+1)’|~ 4<Rex <0. (15.4-35} 


15.4.8 — LEGENDRE’S FUNCTIONS AS INFINITE SERIES 


Supposing that Re x > —1 Legendre’s function of the second kind 
may be represented by (15.4-33), or 


+1 (1 = ry 
Zz dt. 15.4-36 
Q.( = OR Eke athe (f= 47" ( ) 
If |z| > 1 the integrand can be expanded in a series uniformly convergent 
with respect to ft, so that 


Q,(z) = ez PE ei (zh 


where F_(,+1)(Z) is an ordinary power series in terms of z~ ! with leading 
coefficient equal to unity. Inserting Q,(z) into the left hand member of 
(15.4-27) we obtain the recursive relations (15.4-6) for the coefficients of 
F_¢¢41)(Z), by replacing n by —(«+1). Hence 


(e+ Ie+2) -2 

2(2K +3) 
4 FD (c+ let 3)(K+4) 4 
2x 4(2« + 3)(2e +5) 


F _441)(Z) Sele 


(15.4-37) 


and in view of (15.4-34) we have evidently 
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By the identity principle this result is true for unrestricted values of x, 
negative integral values excluded, and for all values of |z| >1, Jargz|< xz. 

It is clear from (15.436) that Q,(z) is singular at z = 1. On the other 
hand P,(z) and P_(,+1)(Z) are regular at z = 1, taking the value | there. 
Since these latter functions are solutions of the differential equation 
(15.4-27) (this equation remaining invariant if we replace x by —(k+1)) 
and cannot constitute a fundamental system, we necessarily have 


P,(z) S P_ (+ 1)(2); (15.4-39) 


this result being true for unrestricted values of « on account of the identity 
principle. 

If « is not an integer the functions Q,(z) and Q_(,+1)(z) constitute a 
fundamental system. Taking into account (15.4-39) we may conclude that 


P,{z) = Ay Qx(Z) +A et 1) Q- 4 19(2Z), (15.440) 


where 4, and A_(,,,) do not depend on z. Multiplying by z~“ and making 
zZ— oo we find under the assumption —4 < Rez < 0 from (15.4-35) and 
(15.4-34) 


= Vr T(k+1) 1 
gett T(k+4) geth 


F_ (+12). (15.4-38) 


XD ge ge Tw) 
Ja Picti) . "SS SG)’ 
whence 
y _ 1 rh+nyrb-«) 
= (641) PS oe 


I(«+1)l(—«)- 
From (4.6-13) follows 


Tt 
(($+K)l($—-K) = ‘ 
COS KX 
—T 
r(i+K«)I'(-x) = — 3 
sin Kt 
whence 
A_(x+1) = Bian KT 
Tt 
and 
1 
A, = — tan kz. 


Thus we have proved 


Pelz) = = (Qn(2)~Q-qeo()) am em, (154-41) 
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By the identity principle this is true for all values of x which are not halves 
of an integer. 
Replacing tan xz by 


F4g-K)I G+) 


T(1—«)I(k) 
we find by some elementary manipulations 
2° F(k+4) 1 I(-x-4) 1 : 
zs , Re F(z T a Ls > 
( )= Jn T(k +1)" z)+ a I(-«) get ( +12) 
(15.442) 
where 
F(z) = 1— STD .-24 MDH 2NE—3) nag 


2(k—-1) 2°4(2« —1)(2x —3) 


provided that x is not the half of an odd integer. If « is a non-negative 
integer the second term vanishes and it is easily shown that the first term 
reduces to (15.4-9). 


15.4.9 — RECURRENT RELATIONS 


The relation between Legendre’s polynomials derived in section 3.14.3 
remains true for the general Legendre functions P,(z) and Q,(z). It is 
sufficient to prove them for the function f,(z), defined in (15.428). 

Observing that 

d (P?-1)"** e417 -1)" — («+1)(?-1)*! 


— eo , 


dt (t—z)*** (t—z)**! (t—z)**? 
we find on integrating along any path C 


ne 2{ ae? —1)* aes (i? (22S 4 


(t—z)*! et =o? ; 
whence 
[Gta-? (aI pana Ie 
c (t~z)* Je (t-2)"*? e(?—z)" 
or 
=" > dt = 3fes(2)—2/(2). (15.4-43) 


Expanding the equation 
201\« 
d t(t*-1) dt 
cdt (t—z)* 


=0 
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we get 


2 K 2, Ce Ko 2 K 
fe ty at+2x | va arf Me aha. 
c (t-2) Jo (i-2z) c(t—z) 


Writing (t?—1)+1 for ¢? and (t—z)+z for ¢ we find that 


a 2_4\« a 220 4\K71 e 20 4\K 
(i=!) at+2n | (Ce fi Kz | GI ned 


K+1 
( + yy t—z)* Es (t-—z)* . (t—z)**! 


and using (15.443) we get 
Het Ife i(2)— Qe + I)fz)+-2kfe4i(2) = 0. (154-44) 


By adjusting constants we obtain relations for P,(z) and Q,(z) which are 
generalizations of (3.4-11). 
Differentiating (15.443) we get 


Sfe+i(2)— AZ) = («+ 1)f.(2) (15.4-45) 


and by adjusting constants we obtain a generalization of (3.1415). 

By simple algebraic manipulations it is possible to derive formulas 
which are generalizations of the remaining recurrent relations listed in 
section 3.14.3. 


15.5 — Fuchsian equations 


15.5.1 ~ FUNDAMENTAL RELATIONS 


Linear differential equations having no other singularities than regular 
singular points are of particular interest. They were investigated thorough- 
ly by Fuchs and are called after him Fuchsian equations. 

At first sight it is not clear which conditions p(z) and q(z) of the 
second order equation (15.1-9) must satisfy in order that z = 00 be a 
regular point or a regular singular point. To study the behaviour at 
Z = 00 we have to perform the substitution z’ = 1/z. Omitting primes 
from z the transformation leads to 


we (2= (2) ws aa(_)¥=0. (15.5-1) 
Zz v4 Zz 4 Zz 


The behaviour of the solutions of (15.1-9) at z = oo is determined by 
that of the solutions of (15.5-1) atz = 0. Hence z = oo is a regular point 
of (15.1-9) if the functions 


ce (+) . ah (-) (15.5-2) 


Zz Z 
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are regular at z = 0, or, which amounts to the same, if the functions 
2z—z*p(z), —z*a(z) (15.5~3) 


are regular at z = oo. 
The point z = oo is a regular singular point if the functions (15.5-2) 
have at most a simple pole and a double pole at z = 0. The first condition 


asserts that 
1 1 
4, (2) 
zZ z/ 


remains finite as z > 0, or that zp(z) remains finite as z > co. The 
second condition asserts that 

i 9 ( ‘) 

z Zz 


remains finite if z > 0 or that z?¢(z) remains finite as z > 00. This may be 
stated in the following form 

The point z = 00 is a regular singularity if p(z) has at least a simple zero 
at z = © and q(z) at least a double zero. 

As an example we may consider Legendre’s equations (15.4-27). Here 
we have 
2z 


et es 


_ _ K(«+1) 
q(z) = aoa 


p(z) = 


and the conditions of a regular singular point at z = oo are fulfilled. 
In the case of Bessel’s equation (15.3.-1) we have 


ge? 


ra==, a2) = 25 
Zz Zz 
and it appears that g(z) has no zero at z = oo. Hence z = o is nota 
regular singular point. 
Let a,,...,a, denote the singular points of the equation (15.1-9) in 
the open plane. Supposing that they are regular singularities the functions 
p(z) and q(z) have the form 


A) z) = 2@) 15.5-4 
p(z) ie: q(z) Ve)’ ( ) 

where 
W(z) = (z—a,)...(z-a,) (15.5-5) 


and P(z), Q(z) are polynomials of degree < n—1 and S 2n—2 respec- 
tively. If z= oo is a regular point, then the degree of Q(z) does not 
exceed 2n— 4. 
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The decompositions of p(z) and q(z) in partial fractions are 


a) Se) agay Se yee 


v=1Z—ay ve1(z—a,)’ v1 z—a, 


(15.5-6) 
The condition for the degree of Q(z) leads at once to the relation 
YC, = 0. (15.5-7) 
v=1 


If z = 00 is an ordinary point we have additional relations. For large 
|z| we have 


n , 2 \ 
2z—z7p(z) = 2z— A, (zta,t a ‘) 
y=] \ Z 
and this remains finite as z > oo if and only if 


yA, = 2. (15.5-8) 


Further 
z*q(z) = Y Be 20,24 Lt Y Cle" +ay24+ abe aways 
Taking into account (15.5-7) we conclude that z*g¢(z) remains finite as 
Zz — oo if and only if 
y (B,+C,a,) = 0 (15.5-9) 
and ; 


(2B,a,+C,a?) = 0. (15.5-10) 
1 


iMs 


These are the fundamental relations for Fuchs’ equation if z = co isa 
regular point. 


15.5.2 — THE RESOLVENT 


We consider in more detail the resolvent (15.1-29) of the equation 
(15.1-9). The behaviour of this function at z = oo is described in the 
theorem 

If the point at infinity is a regular singular point it is a zero of multi- 
plicity at least two for R(z). It is of multiplicity at least four if the point 
is a regular point for the equation (15.1-9). 

If z = o is a regular singular point then p(z) has at least a simple zero 
at z = oo and hence p’(z) has a double zero there. Since also q(z) has a 
double zero the assertion is at once clear. 
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Suppose z = oo is a regular point. Then we have an expansion 


c 
2z—z*p(z) SS tg aE aly 
Zz 


or 
Co Cy 
Pz) =~ SS aa 
) = 
and 
2 2c 
p(zj=—-S+4+ 
Zz Zz 


It is now clear that in 4p?(z)+p’(z) the terms with z~? and z~3 are 
absent. Since also q(z) has a zero at least of order four the truth of the 
assertion follows. 
At the (finite) singular points a,,..., a, the function R(z) has double 
poles. Let us introduce the numbers @,,..., %,41, by means of 
4(1—o;) = lim (z—az)R(z), k=1,...,n, 
oe (15.5-11) 
4(1—a2,,) = lim 2?R(z). 
zo 


Since 


lim (2—a,)?4(z) = By, 


27 aK 

lim (z—a,)"p°(z) = Ay, 
zaK 

lim (z—a,)’p'(z) = — Ay 


we have fork = 1,...,n, 


3(1—of) = 2B,-447+ A, = 2B,—4A,(A,—2). — (15.5-12) 
Again 
lim z7q(z) = S (B+ C,a,); 
lim 2*p%(2) = (YA, 
za yv=1 
lim z’p'(z) = — Sa, 
Hence : 


H(1—a241) = 23 (B+C,a,)-HE ANY 4-2). (15:5-13) 
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Assuming that z = 00 is a regular point the relations (15.5-9) and (15.5- 
10) appear in the form (14.1-8) and 14.1-9) respectively, and in addition 
we have «?,, = 1. It should be noticed, however, that the relations in 
section 14.1.2 are obtained under more restrictive assumptions, namely 
that R(z) is related to a problem of conformal mapping. 

Finally we may state the following theorem 

The resolvent of a Fuchsian equation of the second order may be written 
in the form 


n ay: n—2 
Ao = 1 py (i a, ) + Bot Biz+ Seer +B,-22 ; (15.5-14) 


2 v=1 (z—a,) W(z) 


where W(z) = (z—a,)... (z—4,). 
In fact, the numerator in the second member on the right is of degree 
< n—2, since lim z’R(z) is finite. From (15.5-11) follows 


zZ7o 


4 (1-03) + fy-2=H( abs) (15.5-15) 


15.5.3 — THE RELATION OF FUCHS 


At the finite singular points the indicial equations are 
p(p—1)4+A,p +B, = 0, 5 eee (15.5-16) 


It is readily seen that at z = o0 the indicial equation is 


plp-1)+2- 5 A,)o+ ¥(B,+C,a) = 0. (155-17) 


Let p®, p denote the roots of the equations (15.5-16) and p$*?, 


p* the roots of (15.5-17). It is clear that we have the following 
relations 


pete =1-A, k= 1,040, (15.5-18) 
and 
pt P+ pet) = AHL. (15.5-19) 
v=1 


As a consequence 


j n+l 
& (00? + 6%") =n-l, (15.5-20) 


the re.ation of Fuchs between the roots of the indicial equations. If z = o 
is an ordinary point the roots of (15.5-17) are in view of (15.5-8) and 
(15.5-9) equal to 1 and 0 and (15.5-20) remains true if we replace n by 
n—l, 
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Given the singular points a,,...,a, and the roots of the indicial 
equations, it is possible to evaluate the coefficients A, and B,,k=1,..., n. 
In fact, the A, follow from (15.5-18) and the coefficients B, are deter- 
mined by 


pp = B,, k= 1,0... (15.5-21) 
The coefficients C, satisfy the relation (15.5-7) and 


ps pet? = Yi (B+ Cya,). (15.5-22) 

Hence n—2 of them remain undetermined. They are called the accessory 
parameters (see also section 14.1.2). 

The number of accessory parameters does not exceed the number of 
singular points minus three. 

Finally we wish to deduce a relation between the roots of the indicial 
equation and the numbers «,, introduced in the previous section. If 
k =1,...,n we find from (15.5-12), (15.5-18) and (15.5-21) 


oe = —4B,+A,(A,—2)+1 = —4B,+(A,—-1)’ 
— 4p 0 +(09?-+ 0)? = (080) 
If k = n+1 we have from (15.5-13), (15.5-19) and (15.5-22) 


2 
n+ 


4 y (B,+C,a,)+(5 A,)( 3 Ay—2)+1 


Nl 


n n 
—4) (B,+C,a,)+( > A,-1)? 
v= v=1 
= — Apt pt D4 (pet D4 piety = (GRP = perhy, 


Since the sign of the a, has not been fixed we may put 


a, = pP—p™, k=1,...,.n41. — (15.5-23) 


15.5.4 — FUCHSIAN EQUATIONS WITH ONE OR TWO SINGULAR POINTS 


It is clear that a Fuchsian equation with no singular points has no other 
solutions than constant functions, for every solution is regular thoughout 
the extended plane. 

The roots of an indicia! equation determine the linear transformation 
which undergoes a fundamental system of solutions, if we perform analytic 
continuation about the singular point to which the indicial equation is 
associated. Hence these roots are not affected by a fractional linear 
transformation of the independent variable. 
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First we donsider an equation having only one singular point. Accord- 
ing to the above remark we may suppose without loss of generality that 
this point is placed at the origin. By virtue of (15.5-8), expressing that 
the sum of the residues of p(z) at the finite singular points is equal to 
two, we may infer that 


pz) =. (15.5-24) 


Since z = o0 is a regular point the function q(z) has a Zero at least of 
order four at z = 00. On the other hand the multiplicity of its pole at z=0 
does not exceed two. This is only possible if ¢(z) is identically zero and the 
desired equation is of the form 

zw’ +2w’ = 0. (15.5-25) 
The indicial equation is 

p(p—1)+2p = 0 

having the roots pp = 0, p; = —1. A fundamental system of solutions is 


w(z)=1, w(z)=27 


In the case that there are two singularities we can place them at z = 0 
and z = oo. Then, since there is only one finite singularity 


A BoC 
pz) =—, qz)=>+-, 
Zz Zz Zz 
with C = 0, in accordance with (15.5-7). The desired equation is 
zw + Azw’+ Bw = 0; (15.526) 


a linear differential equation of the Eulerian type. The indicial equation 
at z = Ois 
p(p—1)+Ap+B=0 


and if the roots py and p, are different it is easily verified that 
w(z) = 2°, w,(z) = 2? 


is a fundamental system of solutions. If both roots have the value p then 
a linearly independent system of solutions is 


woz) = 2°, —-w,(z) = 2? log z. 


Thus we see that the Fuchsian differential equations of the second order 
with one or two singular points can be integrated in terms of elementary 
functions. 

The next type in order of complexity is that with three regular singular 
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points. It gives rise to non-elementary solutions and will be amply studied 
in the subsequent paragraph. 


15.6 — Riemann’s equation 
15.6.1 — PAPPERITZ’S FORM OF THE EQUATION 


The most celebrated equation in the Fuchsian class is that with three 
singular points. It has been studied thoroughly by Riemann and, therefore, 
named after him. Riemann did not derive an explicit form of the equation 
if the singular points and the roots of the indicial equations are given. 
For he made the fundamental discovery that a lot of information can 
be obtained without knowledge of the coefficients of the equation. An 
elegant and symmetric form of the equation has been obtained for the 
first time by E. Papperitz. Knowing the explicit form of the equation 
it will be possible to write down the solutions. 

For the sake of convenience we assume that the singular points a,, a, 
and a; are finite. Since there are no accessory parameters, the coefficients 
A,, B, and C, occurring in (15.5-6) can be expressed in terms of the affixes 
of the singular points and the roots of the indicial equations. These roots 
are usually called the exponents of the equation. 

The evaluation of the numbers A, and B, offers no difficulty as we saw 
in section 15,5.3. There remains the evaluation of the C,. In order to avoid 
unnecessary calculations we proceed as follows. We may write 


g(a) = ee, (15.6-1) 
w°(z) 
where Q(z) is a polynomial and #(z) = (z—a,)(z—a@,)(z—a;). By hy- 
pothesis z = oo is a regular point of the equation and, therefore, g(z) 
has a zero of multiplicity at least four at z=oo. Hence the degree of 
Q(z) cannot exceed the number two. Thus g(z) may be written as 


1 oe 
q(z) = 3 Ss 15.6-2) 
@) W(z) » zZ—-a, ( 
where the constants D,, D,, D, are determined by 
B, = lim (z—a,)*q(z) = lim D,2—“* = Pe, 
za, zm WIZ) Wax) 
with k = 1, 2, 3. Hence 
D, = po! a, —4a3)(a,—a3) (15.6-3) 


and cyclically. 
It is common use to denote the singular points by a, b and c respectively 
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and the corresponding exponents by a, «’; B, B’; y, y’. These exponents 
satisfy Fuchs’s relation (15.5~20) which now takes the form 


ata’ +B+p+yty' = 1] (15.6-4) 


In view of (15.5-18), (15.6-2) and (15.6-3) we have 
A Fuchsian equation with three singular points is 


1- a , ie fed ta LS os ta 
veld EET th 
z—a z—b Z—~C 


g (Ae Ne) CD pe) = 


z—-a z—b z—e Wz) 


(15.6-5) 


with 
W(z) = (z-a)(z—b)(z—c). (15.6-6) 


This result is due to Papperitz. 


15.6.2 ~ SOLUTION OF RIEMANN’S EQUATION BY MEANS OF INTEGRALS 


One of the pleasant features of Riemann’s equation is the fact that it can 
be solved in a closed form, i.e., we can find explicit expressions for the 
solutions. The derivation of these expressions requires some heavy com- 
putation but the result is worth the trouble. 

First we make the substitution 


w = (z—-a)'(z—b)'(z—c)"v = f (z)u, (15.6-7) 


in order to obtain a solution with exponent « at z = a, etc. 
Differentiation yields 


w= —*_ f(z)otf(z)v’ 
z—-a 
and 


wl = (20-8 +22 —F__) peo 28 —*_ f(z)o' +f (z)v”, 
(z—ay (z—a)(z—b) za 
where the summation must be performed about all terms which are 
obtained by cyclic permutation from the term written behind the sigma 
sign. 
Inserting these expressions into Riemann’s equation we may omit the 
common factor f(z). The coefficients of v’ becomes 
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gp eeSt oy 8 Sy Pee (15.6-8) 
z—a z—a z—a 
The coefficient of v becomes 
a(a—1) ap o 1-—a—a’ 
Sean + (z—a)(z—b) * (“Je z—a : 
, aat’(a — b)(a—c) 
(z—a)p(z) 
Se cxoc’ 5 CU B-B') + Ba —a') + 208 aa'(a — b)(a—c) 
(z—a)* i (z—a)(z—b) + (z—a)(z) 
_ 5 ((ox'(e— lee) (abla), , (2+ Ba" 2°82) 
(z—a)W(z) v(z) 
nee zaa'(z +a—b~c) +(4+B~ af’ —a'B)(z—c) 


Wz) 
Taking into account (15.6-4) we find that the coefficient of z in the 
numerator is 


—Laa'+22a—Lap’—La'B = 22a—(La)(Xa’) 
= (Xa)(2—LZa') = (Ya)(1+ Za). 
The constant term in the numerator is 
— Xaa'(a—b—c)—Z(a+ B—ap'—a’B)c 
= La(e(a+B+p’+y+y'—1)+ Bp’ +yy' + By’ + B'y-B-) 
= La((at+B+y)atp’+y')—(at+B+y)) = (Za)(Za(a+ p’+y’—1) 
= —(Za)Za(a'+B+y). 
Hence the coefficient of v turns out to be 
(Za)((1+20)2—Za(a’+B-+9)) (15.6-9) 
w(z) 


Now it is easy to verify that the new differential equation may be 
written as 


W(z)o"" — (eh'(z) + x(z))o" + (Zu + Iw'"(z) + (w+ 1)x'(z))v = 0, (15.6-10) 
with 


u+l= —(a+B+y), 
W(z) = (z—a)(z—b)(z—c). (15.6-11) 
x(z) = Xa’ +B+y)(z—b)\(z—c). 
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Indeed 
wy +4 


—(1+20)2(2—b)(2—) + Zo! +B +9)(2—Dle—c) 
= —(1+2a)2(z—b)(z—c)+(2a)E(z—b)(z—c)+ 
+2(a'—a)(z—b)(z—c) = X(-1+0’—«)(z—b)(z—c). 
Differentiation yields 
p40 = X(-1+a'—a)(z-c) + 2(-1+0'—a)(z—b) 
X(-2+f'-Bt+y'—7)(2—-a@) = 2(-1-Za—-1+0+f'+y')(z—a) 
= —(1+2a)2(z—a)—(a' +B +y)(z—a). 


Since 
—typ" = (1+ 24)2(z—a), 
we get 


sey ty! = —L(a'+B+y)(z-a) = —Z(a' +B+y)z+ 
+2(a'+B+y)a = —(14+2a)z+2(o'+B+y)a. 
The next step is the task to find a function U(t) such that any integral of 
the type 
v= I U(t)(t—z)"* dt (15.6-12) 
c 


is a solution of the equation (15.6-10), provided that the path Cis suitably 
chosen. The exponent 4+1 has been chosen in order to ensure that the 
function (z—a)*(z—b)* (z—c)’ v should be regular at z = oo. 

First we observe that differentiation within the sign of integration is 
legitimate if C does not depend on z, nor passes through one of the 
singular points a, b and c. We suppose that C remains in the open plane. 
Inserting (15.6-12) into (15.6-10) the condition that the equation should 
be satisfied becomes 


[¢-a u@+0-2v@+Ht-2P 0") + 
+(t—z)(x(z) +(t-z)z'(2))) Ut = 0. 
Since W(z) and y(z) are polynomials of the third and the second degree 
respectively we have (observing that ’(z) = 6) 


W(z)+(t—z)b'(z) +4(t—-z)"w"(z) = W(t) -(t-z)* 
and 
(2) +(t—z)x'(z) = x(1)-4(t—z)’x'"(2). 
But 
x" (z) = 22(e’ +B+y) = AL+at+B+y) = —2p. 
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Hence the condition becomes 


| eae He-2)an)ucoar =0. (15.6-13) 
c 
At this stage we introduce an auxiliary function 

V(t) = (t-z)W(U(D). (15.6-14) 
Its derivative with respect to tis 


or = ay OO) 


t—z)" WU. 
yo'y 


This is identical with the integrand in (15.6—13) if U(t) satisfies the differ- 
ential equation 


AY) «pu, 


or 
ayU)ldt _ xt) _ a+ B+y 
wU u(t) t—a 
A solution is 
U(t) = (t—ay TAtI— (gy tye yt ety, 


Summing up we have established the following theorem 
A function of the type 


+1 at, 


(2a) (252-6) | (tate BYE Mt=2) 


(15.6-15) 
where the exponents occurring in the integrand are 
Hg = +B+y, 
My = Ot B'+y, (15.6-16) 
He = at B+y’, 


= —a—-B-y-1, 


is a solution of Riemann’s equation provided that C is a path in the t-plane 
such that 


| dv =0, (15.6-17) 
Cc 


V being the function 
V(t) = (t—a)**(t—b)"*(t—c)""(t—z)". (15.6-18) 
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From Fuch’s relation (15.6-4) we deduce that 
Hata t+uetH = 0. (15.6-19) 


The condition (15.6-17) is certainly fulfilled if C is a double-contour 
of the Jordan-Pochhammer type as considered in section 12.7.9. We recall 
that (c,,5,,¢_, b_) indicates a path encircling c in the positive direction 
then 5 in the positive direction, then again c in the negative direction 
and finally 6 in the negative direction, remaining outside a small circle 
about z. The integral (15.6-15) along this path is denoted by 


(z—a)(z—b)(z—c)" J eee yt—zyttdt. — (15.6-20) 


Let ¢) denote any point on the contour under consideration. We shall 
prove that the integral (15.6-20) may be written as the sum of two 
ordinary loop integrals. Denoting by f©* an integral taken along a 
simple loop starting and ending at ¢ and surrounding c once in a positive 
direction, such that the loop does not surround other singular points, we 
have in accordance with (12.7-35), observing that the integrand possesses 
the multipliers e?"“* and e?** at b and c respectively 


(c+,b+,¢-,b-) ; (c+) ; (b+) 
J = (1—e2"#) | ~(1—e?tH2) | .  (15.6-21) 


If we make the additional assumptions that Re wy, > —1, Rep, > —-1 
then the integrals [?,, {f,, taken along a simple path from fy to b and 
ty to ¢ respectively, exist and we have, in accordance with (12.7 — 36), 


(C+,54+,c-,b-) 2 . c 
i) = (1—e77)({ —e?7!H) | . (15.6~22) 
b 


In order to make our considerations complete we shall prove that 
(15.6-20) provides a solution which is semi-regular at z = a and has 
the exponent « there. Take z in a small circle about a which does not 
include either the points b or c. If necessary the double-loop C about 
b and c may be deformed so as to be wholly outside the circle. Then 
for all points t on C we have |z—al| < |t—al|. Let |arg (z—a)| < x. Also 
let arg(a—b), arg(a—c) have their principal values and let arg (t—a), 
arg (t—5), arg (t—c) be similarly made definite when ¢ is at ty on C. 
Then, if arg (z—8), arg (z—c), arg (t—z) are defined such that they reduce 
resp. to arg (a—b), arg (a—c), arg (t—a) as z > a, we have 


(z-b)' = (a— by (14 Bs aH 
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(z—c)’ = (a—c)” (1+y — bri : ; 


(t—z)**! =(t-a)**! (1+@+1) — + 4) 
t—a 
and the series on the right converge near z = a and for all f on C. Now 
it is clear that 


P,(z) = (z—a)*9,(z), (15.6-23) 


where ¢,(z) stands for 


e= (5) (=) 


is a solution with @,(a) = 1. The function g, is regular at z = a. The value 
of the integral in the denominator may be found from (12.7-42). 

In a similar way other solutions of this kind, corresponding to other 
exponents and other singular points, being semi-regular there, may be 
obtained. The exceptional cases in which one or more of the differences 
a—a’, B- Pp’, y—y' are integers require a special treatment which we shall 
omit. 


(c+,6+,c-,b-) 
“ Utz)" de 
PT a nl (15.6-24) 
[ U(t)(t—a)"*! dt 


15.6.3 — RIEMANN’S THEOREM ABOUT CONTIGUOUS FUNCTIONS 


Let P(z) denote a solution of Riemann’s equation, semi-regular at a 
given singular point. A function obtained from it by augmenting one of 
the exponents by unity and diminishing at the same time another exponent 
by the same number, and which is a solution of the modified Riemann 
equation, is called a contiguous function of P(z). Since these processes 
may be effected for any two of the exponents, these are 6x5 = 30 
contiguous functions. A famous theorem due to Riemann states 

The function P(z) and any two of its contiguous functions are connected by 
a linear relation, the coefficients in which are polynomials in z. 

We represent P(z) by the integral (15.6-15), where C is a double- 
contour about c and b. Hence P(z) is a multiple of P,(z) defined in 
(15.6-23). It is clear that 


| A (t= aye byte t= 2h a =0, (15.6-25) 


for the function to be differentiated resumes its initial value if z has 
described C. This leads to 
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p+ 


pet y-1 = 9, 


(15.6-26) 


BaP +(ty—1) Pores, pr -1 +(e. — DP, On eat re 


where P,-+1, 4-1 arises from P by replacing «’ by «+1 and f’ by p’—1, 
etc. Since (15.6-15) is symmetric with respect to b and c we also have 


ut+l 


BaP +(Hy—1) Pa 41, pp —1t (He Pw 41, rae: yti,pre1 = 9. 


(15.6-27) 
Interchanging cyclically (a, «, a’), (6, B, B’) and (c, y, y’}) we obtain six 


linear relations connecting P with twelve contiguous functions: 
Patt, prt ’ Posijy-t > Pyatiar1 ’ Pasi,yni ’ Pp+t,a'-1 > Pyat, pra 
Pyras, p19 Pyrat yaie Pye satais Parti, y—19 Pps, at—i9 Py ei, pte 
(15.6-28) 
Writing (t—a)"* as (t—a)"*"'((t—b)+(6—a)) we find from the 
expression for P, if Q,,., is obtained from P by replacing «’ by «’—1: 
P= Pyay, gai t(b-@)Qu-1 
and similarly 
P= Pyms,ye1t(C—a)Qem1 . 
Eliminating Q,,_, from these equations we get 
(c—b)P+(a—c)Py~1, p41 +(b—-@)Py-t,y+1 = 90  (15.6-29) 
and by cyclic permutation we obtain two more relations of this type. 
Writing (t—z)**! as (t—z)*((t—a)—(z—a)) we obtain 
1 
P= mae Ppst,y-1—(z—a)** (z—b)(z—c)’ x 


x | ay '(t— byte * —cytet— z) dt, 


eae, (P Potte=1) (5.6.30) 
/ 


zZ—Cc zZ—a 


There are two more linear relations between P and the contiguous func- 
tions (15.6-28). We are now in possession of eleven linear relations between 
P and two of the above twelve contiguous functions, the coefficients in 
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these relations being rational functions of z. As a consequence each of 
these functions can be expressed in terms of P and some selected one of 
them. Hence between P and any two of the functions (15.6~-28) exists a 
linear relation with rational coefficients. Multiplying throughout by a 
common multiple of the denominators these coefficients become poly- 
nomials. 

Starting with relations which are obtained from (15.6-25) by cyclic 
permutation we can extend the result to all contiguous functions. This 
concludes the proof of Riemann’s theorem. 

An illustrative example is provided by the relation (3.14-11) between 
Legendre’s polynomials which holds also for the general Legendre 
functions as we pointed out in section 15.4.9. 

Other examples are the Gaussian relations between contiguous hyper- 
geometric functions to be dealt with in section 16.3.2. 


15.6.4 — THE MONODROMY GROUP 


The representation of the solutions of Riemann’s equation by means of 
double loop integrals affords a means for obtaining the monodromy 
group, as has been shown by C. Jordan. 


Fig. 15.6-1. Elementary loops in the ¢#plane punctured at t= a, 6, ¢, Zz 


Let to be any point in the complex ¢ plane different from the singular 
points and a given point z. By A,, A,, 4,, 1 we denote simple loops starting 
and ending at fy and encircling once the points a, b, c, z respectively in 
the positive direction, with the understanding that A, encircles the point 
a but neither of the other points, etc. (fig. 15.6-1). In most cases we can 
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take them as a simple curve described in two directions and closed by a 
small circumference. 
We consider the functions 
((as.z4,4-,2-) 


w,(z) =| U(t)(t—z)**' dt, 


((b4,24,0-,Z7— 


wy(z) = | ‘uli(t—zy"* ‘dt, (15.6-31) 


ve) = PO yenemay a 


the integrals being defined unambiguously if we assign any function ele- 
ment of the integrand at fy. The integrand possesses the multipliers 


2ripta 


=e at t= a, 
2niup 
=e at t=b 
$e e EFHlas — (15.6-32) 
¢. =e at t= ce, 
é =e" at poz 


and is arbitrarily continuable in the extended t-plane punctured at 
t =a, b,c, z. It follows from (12.7~35) that 


hae a-e){ -a-Eof 


”, por saa -a-af (15.6-33) 


maf aaa -a-a 


Eliminating the integrals on the right we find 


(b+,@4+,5-,4~-) 
a-2| + (1-&,)w,-(1—8,), = 0. 


Hence the solutions of Riemann’s equation involving integrals along 
Jordan-Pochhammer contours about two of the three singular points may 
be expressed linearly in terms of the functions w,, w,, w, multiplied by 
(z—a)*(z—6)*(z—c)’, provided that is not an integer (i.e., € # 1). It 
is clear that under this latter assumption the pair w,, w, forms a funda- 
mental system. 

First we ask what happens if w,, w, are continued along an elementary 
loop encircling the point ¢ = a. It is clear that we may assume that z is in 
the vicinity of t = a, for it is always possible to connect t = z with a point 
near ¢ = a by means of a simple path (e.g. a polygon) percorsed back and 
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Fig. 15.6-2. The deformation of the f-plane in a neighbourhood of t = a as given by 
t = a+2ru exp (82 iu(1—x)v). 
The curve connecting the points a and a’, where a’ is such that z = 4(a+a’) is the 


deformation of the rectilinear segment connecting these points. The point z describes 
a full circle 


to 
Fig. 15.6-3. Deformation of the loops A and A, into 2’ and 4, 
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forth and closed by a small circumference surrounding t = a. Let r de- 
note the distance between ¢ = z and t =a. In view of the above remark 
we may assume, without loss of generality, that the points tp, b and c are 
outside the circumference |t—a| = 2r, as well as the loops A, and 4,. 

An encircling of t = a by z may be effected by means of a deformation 
in a neighbourhood of t=a which leaves all points outside |t—a| =2r 
invariant, for instance, the deformation 


t-a = 2ruexp(8xiu(1—u)v), OSuS1, OSvS1. 


In particular, ¢ describes the full circle t~a = exp 2niv, 0 S v < 1, if 
u=4. This deformation is defined throughout the disc |f—a| < 2r, 
(fig. 15.6-2). If z has returned to its initial position the loops /, and 4 
are deformed into loops 4; and J’, (fig. 15.6-3), whereas A, and A, remain 
fixed. This deformation takes place in the region §R’, being the extended 
plane punctured at ¢ = a, b,c. But Jj and A, are not homotopic in the 
region t, being the region {t’ punctured at ¢ = z, nor are 4’ and 2 homo- 
topic in ®. 


to 
Fig. 15.6-4. Further deformation of the path’, 


Consider first the path 4}, (fig. 15.6.4). By means of a suitable defor- 
mation in 8 we may carry it into the product of three loops, two encir- 
cling ¢ = z and ¢ = ain this order in a positive sense and one encircling 
t = zin a negative sense. 

Similarly we see that 4’ (fig. 15.6.5), may be deformed into a product 
of five loops, three encircling ¢ = z, t = a, t =z in this order in a 
positive sense and two encircling ¢ = a and ¢ = z in a negative sense. 
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Thus we obtain the relations of homotopy 
Aw Auta 
and 
Mow AAT AAA. 
Now it is clear that 
Ae AAT AA & A(AT TAZ TAA) 


Since the path 47? Az ‘AA, is closed with respect to analytic continuation 
of the integrand occurring in (15.6-31) (considered as a function of 1), 


t oO 
Fig. 15.6-5. Further deformation of the path 1’ 


we may apply (12.7-33) and (12.7-31). We find, in view of the first 
expression (15.6-31), 


( = — wat | : (15.6-34) 


Since 
A we (AMAT AAA 
we find, by virtue of (12.7-34), 


[; = éwa+ ie (15.6-35) 
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Taking into account (15.6-33) we see that the function w, is continued 
analytically to the function 


a-of -a-af 


and the function w, to the function 


(-of -a-a9f 


Using the equation (15.6—34) and (15.6-35) we find by simple calculation 
that w, is transformed into €,w, and w, is transformed into 


So, — 1) wa +s. 


The monodromy group is known if we know the effect of an analytic 
continuation about the points a, b and c on the quotient w,/w, for this 
is equal to the quotient of two fundamental solutions of Riemann’s 
equation. It is readily seen that analytic continuation along a loop about 
the point ¢ = a induces a linear fractional transformation of the quotient 
w,/w,, characterized by the matrix 


_ fi &&-1)] _ fi &-1) 71 0] 
Salo | &, I= e Jlo el: 


Interchanging the roles of a and b, we find in a similar way 


Sp = leer 1) Hl a Piz 1 ls i , 


Analytic continuation about ¢ = c induces a transformation S,, but it is 
not easy to find this directly from the above results. Reasoning, however, 
as at the end of section 12.7.8 we see that the product of three elementary 
loops encircling the points a, b and c respectively is in the extended 
plane homotopic to unity. Since outside a large circle containing a, b and 
¢ every function element of the integrand occurring in (15.6-31) is 
reproduced by analytic continuation along a closed curve, we infer that 


58,8, = E. 


Summing up we have in view of (15.632) 
The monodromy group of Riemann’s equation may be generated by the 


transformations 
1 et _4][1 0 
$= fe e2titt | E eal (15.6-36) 


eb ee ea 15.6-37 
L 


and 


, ete 1 1}, 0 1 
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Notice that another fundamental system gives rise to a conjugate group, 
that is essentially the same group if we do not distinguish between 
isomorphic groups. 


15.6.5 — RIEMANN’S METHOD FOR OBTAINING THE MONODROMY GROUP 


An alternative method for finding the monodromy group goes back to 
Riemann. The interesting feature of this method is that it does not need 
the explicit form of the solutions of Riemann’s differential equation. It 
has an algebraic character and it employs only general principles. 

According to the general theory of Fuchs there exists a system of three 
pairs of solutions, each pair constituting a fundamental system 


Py, Py Pps Pps Py Py, (15.6-38) 


such that (z—a)~*P,(z), (¢~a)"* P,(z) are regular at z = a, etc., provid- 
ed that none of the differences «—«’, B—’, y—y’ is an integer. In the 
course of this section we adopt this assumption. 

Within the simply connected region bounded by the circumference 
through the singular points the solutions can be defined as single-valued 
holomorphic functions. The same is true for the region outside this 
circumference. It is assumed that the circumference is percorsed in the 
positive sense if we pass from a to b to ¢ to a. In the case that these points 
are on a straight line we consider the region on the left of this line as the 
interior region. 

It is clear that in the interior region exist relations of the form 


P, = agPg+agPy = a,P,+ayP,, 


15.6-39 
» (15.6-39) 


agP,t+agPy = a,P,t+a,P,, 


the others being obtained by cyclic permutation. 
Consider the quotients of two coefficients occurring in (15.6-39) with 

the same subscripts. Three of the four quotients 
ap ay a a 


’ 
? 


, ’ f 
Gg ay a 
are determined by the remaining one, for the six functions (15.6-38) are 
each determined up to a multiplicative constant. 

Let us consider the effect upon two solutions P,, P, of analytic 
continuation along a simple closed path encircling the points z = b and 
z = c once. We may consider this path as a product of two loops, first 
about the point z = b and then about the point z = c. As we pointed out 
in section 12.7.8 in the extended plane this loop is homotopic to a simple 
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loop about z = a percorsed in the opposite sense. Hence the analytic 
continuation of P, and P,, along the loops encircling z = c andz =a 
in the negative sense has the same effect as the analytic continuation 
along the loop about z = b in the positive sense. 

Performing the continuation along the loop about z = 5 the branch 
P,, changes into 


age” Py tape Pa: 
Performing the continuation about z = c in the negative sense changes 
P, into 
ae ae, 
Since « is the exponent of P, at z = a an analytic continuation along a 


loop about z = a in the negative sense yields the multiplier e~?*. Thus 
we obtain 


ae eye Bares ae 
age Pp rage Pp = ae OP eae: ETP, 


. = are eee (15.6-40) 
age?™*P, + ayer Py = aye 2ni(a *DP +aye 2ni(a’ ty IP 


Eliminating P,-, from the first equations of each pair (15.640) and 
(15.6-39), and also from the second equations of each of these pairs, we 
get 


a, sin x(B’—B)Pp= aye ™*4*” sin n(a+ fp’ +y)P,+ 


taye “@tPTY) sin (a+ p'+y')P,, 
i AS (15.6-41) 
ay sin x(B’—B)P, = aye“ *?*” sin x(a’ +B’ +y)P, + 


tale NETPTY) sin nla’ +B’ +y')P,- 
Eliminating P, from these relations we obtain a homogeneous linear 
relation between P, and P,,. Since these constitute a fundamental system 


the coefficients in the relation thus obtained vanish. Hence, from (15.641) 
and the corresponding expressions for Pz we get 


a, e™*sin n(a+B'+y) _ ay e ™*sin n(a+f'+y') 
a, ale ™sinn(a’+p'+y) aj. e-™ sin x(a’ +B’ +7’) 


It. af oe , (15.642) 
ay _ a, € “sinn(at+Pt+y) _ ay © “*sinx(at+Bty’) 


ay =a’ ™ sin n(a’+B+y) ai, eo ™* sin x(a’ +h+y’) 


We find two times the value of the ratio 


eee } ay 
t , 
ay ay 


The comparison of these values gives 
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sin x(a+ B’+y7’') sin x(a’ +B'+y) _ sin x(a’ +B+y) sin x(a+B+y') 
sin x(a’ +f’ +y')sin x(a+f'+y) sin x(2+Bh+y7) sin x(a’ +B+y’)’ 


and this equation is verified because of (15.64). 

If we have a system of numbers dg, %-, @,, 4, Ag, Ag, @,, ay, Satis- 
fying (15.6-42) there are six branches (15.6-38) presenting the desired 
behaviour at the singular points. Indeed, we may multiply the six 
branches by six constants, provided that the ratio of the quotients 
corresponding to the new coefficients have the same value as before. We 
can, therefore, consider a system of branches (15.6-38), being semi- 
regular at the singular points, where the coefficients are arbitrary, save 
for the mentioned restriction. If, however, the multipliers for the regular 
parts are given, that is to say, if the regular parts at the singular points 
take prescribed values, the coefficients are uniquely determined. Their 
evaluation requires more information about Riemann’s equation than is 
needed in this section. The evaluation of the coefficients will be carried 
out in section 16.1.9 by an elegant method due to E. W. Barnes. 

In order to find the monodromy group we focus our attention to P,, 
P,. An encircling about the point z = a changes these functions into 


ep, e2t'p,, (15.6-43) 


respectively. As regards the effect of continuation along a simple loop 
about z = b we express the functions P,, P, in terms of P,, Pg, as in 
(15.6-39). After continuation along a loop encircling only the point z = b 
they take the form 
2nip 2nip' 
age" Patage"" Py, 
Pie et ay (15.6-44) 
1 ,2nip + ,2nif 
age" Pptage™” Pp. 
If we replace P,, Ps by their expressions in terms of P,, P,, by solving 
the equation (15.6-38) we have the desired solution. In order to facilitate 
the computation we write 
P, = agP,+ag-Pp, 
tes (15.6-45) 
Py = KgagPa+Kg ag Py, 
with 


Kp= tt, ky =o. (15.6-46) 


Solving the equations (15.6-45) for a,P, and a,-P,, we get 


KpP,—Py 
a,P, = ——*_, ap Py = oe 
Kg — Kg Kg — Kg: 


Inserting this into (15.644) we see that the analytic continuation along 


EEL <<< ss 
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a loop about the point z = b changes P,, P,, into 


2nip 2nip’ 2nip’ _2nip 
Kg —Kge 2 =e 
= BY. Pie iP, 

Kg —K Kg — K. 

feo eas (15.6-47) 

2nip’ 
_ Kpe 
+ Py 
Kg — Kg Kg — Kp 


Kp Kyle 2niB__» 2alp’) e 
a 


The quotient Kg./x, is equal to 
Kp _ sin a(a+f'+y) sin x(a’ + B+) 
Kg sin x(a’ +B’+y) sin x(a+B+y) 
With the aid of (4.6-13) and (15.6-4) this may be written as 
Ky _ P(x+B+y yr (o' +B ty (a +B +y)FatB+y’) 
Kp «(at Pty) P(e +Bty)P@'+Bt+y(ath' +y) 
In the transformation (15.6-47) a constant remains undetermined. A 
definite transformation is obtained if we replace P, by (Kg-—K,)P,. Then 


continuation about z = a induces a transformation of the quotient P,/P,- 
characterized by 


(15.6-48) 


(15.6-49) 


2nia 
e 0 
te = [ 0 rae : (15.6-50) 
Continuation about z = b induces the transformation 
ere ae 
Kpe — Kye e2tib’ _ .2niB 
Kg— Kp 


T, = (15.6-51) 


Kpkp(e2*—e27F") Key e?iP Kp ert 
2 
(Kp— Kp’) Kp — Ker 
The substitutions T, and T, generate again the monodromy group of 
Riemann’s differential equation. It should be noticed that in Jordan’s 
method the transformation group for P,/P, is obtained. Since, however, 
P, may be expressed linearly in terms of P, and P, the groups obtained 
by the two methods are conjugate, i.e., identical as abstract groups. 


15.6.6 — AN ALTERNATIVE PROOF OF RIEMANN’S THEOREM 


The knowledge of the monodromy group as obtained in the previous 
section enables us to give an independent proof of Riemann’s theorem 
about contiguous functions. Again we need not know the explicit 
expressions for the solutions of Riemann’s differential equation. 

First we observe that the quotient x,/x,, as given by (15.649) is 
the same for contiguous functions. In fact, in the numerator and the 
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denominator the first gamma function is followed by its complementary 
function as is the third gamma function. As usual we call the gamma 
functions (A) and F(1—A) complementary. If one of the exponents 
increases by one then the variable in the complementary function must be 
decreased by one. It follows from 


r(t+4)r(—a) = ar(ar(—a) = -r(ar—a) 


that the product of two complementary functions changes sign. On the 
other hand each exponent occurs twice in the numerator as well as in the 
denominator and hence the quotient K,/«g remains unchanged if we pass 
from a function to one of its contiguous functions. 

As a consequence in (15.6-50) and (15.6-51) the exponents appear 
only through the exponential multipliers, so that contiguous functions 
have the same exponential multipliers. Thus 

Contiguous functions have the same monodromy group. 

We consider three functions, characterized by the schemes 


@ '& -e 
P,=|a, B I, i = 1, 2, 3, (15.6-52) 
a; Bi Yi 


whose corresponding exponents differ by an integer. The meaning of the 
scheme (15.6-52) is that every function P; has singular points at a, b 
and c and at these points resp. the exponents «;, «;, B;, B; and y;, y;. 
We shall study these schemes more elaborately in section 16.1.1. The 
3 x 6 branches 


Pia Piatss Pi, By > Pi, p43 Pi ye Pi, yes i=1,2,3, (15.6-53) 


are defined as in the previous section. Without loss of generality we may 
suppose that the coefficients in (15.6-38) are the same fori = 1, 2, 3. 
It is clear that the functions 


Ove Pir Pi,as ag ag ie Pi, 6, ay ay |) Pin, Pir, 
Wy , ' ’ , 
Pia, Pia Ag ag | Pip, Pi, p, ay ay |1P iy, Pia, 
(15.6-54) 


belong to the lower of the exponents (a;+%), a4j+a,) at z =a, (B;+8;, 
B;+B;) at z = b and (y,+y;, yj +7;) at z = c. We shall denote them by 
a;;, Bj; and y,; respectively. 

We observe that the smallest of the two real numbers x and y may be 
expressed as 


min (x, y) = }(x+y—|x—yl). 
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Hence 
ayy = H(a,+a;+a; +0;—le,—a;—(aj~o}))), 
Bis = 4B, +B; + Bi + 83-18: B;— (Bi -B))), (15.6-55) 
My = A+++ +95—-l- 9 -OI—-YD- 
By hypothesis the numbers @; and «; differ by an integer. We may express 
this by 
a, = a, (mod 1). 
Hence 
e+e, = 20, = 2a, (mod 1), 
a;—a; = 0 (mod 1), 
whence 
Oj; = ote; = a,+ea; (mod 1), 
Bi; = B:+8; = Bj +B; (mod 1), (15.6-56) 
Vg = +71 = V5 +7; (mod 1). 
In view of (15.6-4) we have 
The sum of the exponents (15.6-55) 


a +B tri; (15.6-57) 


is an integer. 
In fact, this sum is = 0 (mod 1). 
From (15,6-55) follows that this sum is also 


4(2— lo, — a; — (a; — 45) -— 18, -B;—(B; -— Bi) -lri-25 -Gi - YD 

and thus the sum turns out to be negative or zero. 

From (15.6-56) we deduce 

Oyj — Oj, = Oj +0; —(0; +05) = 0 (mod 1). 

Hence 

The exponents (15.6-55) of a triad (a;;) = (12, %23, %31) differ among 
themselves by an integer. 

Going back to (15.6—-54) we readily see that the functions 


(z—a)7*(z—b)P'4(z—c)" OQ, (15.6-58) 


are regular at z = a, b, c and have the exponent «,;+8,,+7;; at z = 00. 
Since the Q;, are regular at z = 00, it follows that the functions (15.6-58) 
are polynomials of degree 


Ny = —(ij+ Big +7i3)- 
Up to now it is tacitly assumed that z = oo is not a singular point. 


Should this be the case, then we may apply a linear transformation to 
get the case considered above. 
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Expressed in terms of the functions (15.6-53) the functions (15.6-52)} 
take the form 
P, = AP;g,t+APi,v,, = 1, 2, 3, (15.6-59) 


with the same coefficients A, A’. They are connected by the relation 


P,Q23+P2Q31+P3Qi2 = 0, (15.6-60) 
or 
Py(2—a)™(2—-6P"(2-fant 
+ P2(z—a)?"(z—b)?"(z—c)"*f51 + 
+ P3(z—a)"*(z—b)"7(z—c)"f, 5 = 0, 


where the f;; are polynomials of degree N;,. 

If now (a, B, y) are the lowest in the triads (@,;), (;;) and (yj) we 
have, in view of the last theorem stated above, that the numbers «,,;—a, 
8:;-B, yi—y are (non-negative) integers. We can remove a factor 
(z—a)* (z—b)* (z—c)’ and find a relation 


P1923+P2931+ P3912 = 9, 


where the g,; are polynomials of degree Nj; +a,;-2+8,,;-—B+yiy—y- 
This concludes the proof of Riemann’s theorem. 


15.7 — Lame’s differential equation 


15.7.1 — LAME’s EQUATION 


In certain problems of mathematical physics, namely in problems 
related to the theory of ellipsoidal harmonics, Lamé’s equation 


w’ —(h+n(n+1)@(z))w = 0 (15.7-1) 


plays an important part. Here ¢(z) denotes the Weierstrass pe function 
studied in paragraph 5.3, h is an arbitrary constant and x is a positive 
integer. 

This equation has regular singularities at the poles of ¢o(z), namely at 
the points 2mw+2m'a' (m and m' being integers) constituting a lattice 
in the z-plane. Because of the double periodicity of ¢(z) it is sufficient to 
investigate the equation in a neighbourhood of z = 0. 

With reference to (5.3-4) we see that the indicial equation (15.2-20) 
at z = 0 (and hence at every lattice point) is 


p(p—1)—n(n+1) = 0, 
with roots 
Po=ntl, ppsrn 
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The general Fuchsian theory (last theorem of section 15.2.2) ensures 
the existence of at least one regular solution 


wo(z) = z"**@,(z), (15.7-2) 


where ~,(z) is regular at z = 0. 

The difference of the roots of the indicial equation is 2n+1 and, this 
being an integer, the possibility of a second solution containing a loga- 
rithmic term has to be considered. Since (15.7-1) is invariant when we 
change the sign of z, one solution contains only odd and the other only 
even powers of z. Thus both solutions of a fundamental system are free 
from logarithms everywhere. This may be verified by computation. By 
the general method described in section 15.2.2 we may find a second 
solution by solving the equation (15.2-13), viz., 


w' 422) wy = 0, (15.7-3) 


having a solution s’(z), with s(z)= w,(z)/w,(z). The general solution of 
(15.7-3) is 


w(z) = — 


Wo(2) 

C being a constant and, consequently, 

* dt 

zo Walt) 
z and Zy being in a neighbourhood of z = 0. Since 1/w2(z) is an even 


function, its residue at z= 0 is zero and, therefore, a logarithmic term 
cannot arise. 


w,(z) = Cwo(z) (15.7-4) 


15.7.2 - THE CASEn = 1, 
If m = | the equation (15.7-1) becomes 
w'—(h+2@(z))w = 0. (15.7-5) 


A solution may be obtained in terms of the Weierstrass sigma functions, 
introduced in section 4.12.2. Let a denote an arbitrary number, not being 
a period. It follows from (4.12-7) that the logarithmic derivative of the 
function 


g(z) = Sap ; exp (—2¢(a)) (15.7-6) 
is equal to 
wt) (z+a)—C(z)—C(a), (15.7-7) 


o(z) 
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where ¢(z) is the Weierstrass zeta function. Differentiating both members 
of (15.7-7) we get in view of (5.5-8) 


92) _ (P'@)* © gy) z 
a (Ba) olz)— elz +a). (15.7-8) 
From (5.5-16) we infer that the expression on the right of (15.7-7) is 
1 e(Z)-e(@ 
2 @(z)— @(a) 


and (5.5-3) may be read as 
1 /@'(z)— @(a)\? 
Mle +a)+ (2) + oa) = = (ESL). 
4\ @(z)— @(a) 
It follows from (15.7-8) that 
g"'(z) 
o(z) 
Hence ¢(z) is a solution of (15.7—5) if a satisfies the equation 
(a) = h. (15.7-9) 


Since also ¢(— a) = A, we obtain a second solution if we replace a by —a. 
Thus we have 
A fundamental system of solutions of Lamé’s equation (15.7-5) is 


= 9(a)+29(z). 


o(z+a) ‘ 
Wo(z) = exp (—z¢(a)), 

pee (15.7-10) 
w,(z) = Reta (z£(a)), 


provided that a satisfies the equation (15.7-9) and is not congruent to the 
half of a period. 

In fact, if this should be the case, then w,(a) 4 0 and w,(a) = 0, ie., 
the functions wo(z) and w,(z) would be linearly independent. 

Let us now consider the case that a is congruent to w,, «= 1, 2, 3, i.¢., 
h = e, (as follows from (5.6-12)). Without loss of generality we may 
assume that @ is equal to one of the values w,. From (5.6—2), (5.6-3) and 
(5.6-11) follows that in this case the two solutions (15.7-10) coincide. 
In order to obtain a fundamental system in this case we consider wo(z) as 
a function of the variable a, i.e., 


a(z+a) 


tO) Beales 


exp (—z£(a)). (15.7-11) 


Lenn eat tae 
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Supposing, for the time being, a # w,, we have 


lim f(a)—f (@,) = f'(w,) 


a*we QA—W, 
and 
im LEIDAEOD ny 
a>We a-Q, 
Now 
f(a)-f(-4) 
2(a—a,) 


is a solution of (15.7-5). Taking into account the fact that f(w,)=/(— ,), 
it appears that 
_ J(a)-f(-4) 


a> We 2(a = Wy) 


= i(f'(w,) +f'(—@,)) 


is a solution of (15.7-5) if h = e,. 
Differentiating (15.7-11) logarithmically with respect to a we get 


f(a) o(zt+a)_— aa) 
= ((z+a)—{(a)—zC'(a). 
Making a > w, and taking into account (5.5-11) and (5.3-16) we find 


a = ((z+,)—Nat 2e,; 
or 
f'(@q) = f(g) (C(z + @a)— Na + 26,)- 
Again 


f'(—@,) = f(@,) (C2 -—@,) + Na+ 22), 
= f(@,) (C(z + W,) + Ze, — Na)s 


by (5.5-10). Thus we have (in view of (5.6-12)) 
Ifh=e,,« = 1,2,3 a fundamental system of solutions is 


Wo(z) = = ’ 
(15.7-12) 
w,(z) = oH) e+ on) +26) 


If h has not an exceptional value the functions of the fundamental 
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system (15.710) are not doubly periodic, but consist of a doubly periodic 
function multiplied by an exponential factor. If, however, # has one of the 
exceptional values e, the first solution of (15.7-12) is doubly periodic, 
but the second solution is not periodic. 

It can be proved that if ” is an arbitrary positive integer Lamé’s equa- 
tion is solved by 
py Set) +a,) 


1 o(z)o(ay) 


where a,,..., a, are constants to be determined. 


w(z) = exp (—z¢(a,)), 


15.7.3 — ALTERNATIVE FORMS OF LAME’S EQUATION 


If we take z; = §0(z) as a new variable we easily find 
cid 
dz? dz, 
From (5.4-1) we obtain by logarithmic differentiation 
ome | 1 1 : 
e. = ( Mag +- ) 9 
@ 2\M-e, M-e, H-e3 


and Lamé’s equation appears in the algebraic form (omitting afterwards 
the subscript from z,) 


0" —(h+n(n+1)@) = 0. 


(15.7-13) 


This is a Fuchsian equation with singularities at e,, e,, e3 and oo. It is 
easily verified that the roots of the indicial equation are 0, 4 at the finite 
singular points and 4(n+1), —4n at z = 0 

Another form of Lamé’s equation is obtained by introducing the 
Jacobian elliptic functions. Let us write 


15 zV e1—e3 
where the square root has been defined in (5.7-5). Then 


d’w _ d?w 
iP de (e1 es). 
From (5.14-19) follows 
O(z)-e3 = 


e1—e3 &,—&3 


—_ 2 
sn? zJe,—e, SM 2) 
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and if we take z, = z,+iK’ we get in view of (5.16~11) 
((z)—e; = (e,—e3)k? sn? zp. 


Hence the differential equation (15.7—-1) takes the form 


2 
dw h +n(n+t) (8 +k? sin? 23) w = 0. 
dz} €,-e3 \e1—€3 } 


Omitting again the subscript from z, we finally have 


w’—(A+n(n+1)k? sn? z)w = 0, | (15.7-14) 


the Jacobian form of Lamé’s equation. 


15.8 — Mathieu’s equation 


15.8.1 — MATHIEU’S EQUATION AS A LIMITING CASE OF LAME’S EQUATION 


In the Jacobian form (15.7-14) of Lamé’s equation we let 
B= n(n+1)k? 


fixed as k +0 and n— o. In the elliptic functions 2K > a and 2iK'> oo. 


for 

o V1—k? sin? 6 o Vi-k’ sin? 6 
Hence the singularities, which are situated at the points 2mK + (2m+1)iK’ 
(m and m’ being integers) recede to infinity and we are left with the 
equation 


w'’—(A+B sin? z)w = 0. (15.8-1) 


By introducing other constants this may be written as 


w’’+(A—2h? cos 2z)w = 0. (15.8~2) 


This is Mathieu’s equation. 

The process which effects the coincidence of two or more singular 
points of a differential equation of the Fuchsian type is called confluence. 
Hence Mathieu’s equation is a confluent equation of Lamé. 

The theory of Mathieu’s equation is rather involved and has given rise 
to an extensive litterature. In this paragraph we must confine ourselves 
to a sketchy treatment. 
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15.8.2 — FLOQUET’S THEORY 


The following analysis is aplicable to any linear differential equation 
with periodic coefficients which have only isolated singularities in the 
finite plane. 

Let wo(z), w,(z) be a fundamental system of solutions at a regular point 
of any linear differential equation in which the coefficients have the period 
2x. Since wo(z+2z) and w,(z+2z) are obviously solutions of the equa- 
tion, they can be expressed in terms of the continuations of w(z) and 
w,(z) by a matrix equation of the type 


hosel ak KA (15.8-3) 


wi(z+2n)}— Lw,(z) 
Now we ask as in section 15.1.5 whether there is a multiplicative solution 


v(z) = CoWo(z) +e; W;(z), 
with 
v(z+2x) = ov(z). (15.8~4) 
Just as in section 15.1.5 we see that the number o must satisfy the 
characteristic equation 
det (A—cE) = 0. (15.8-5) 
Defining » by the equation o = e?*" and writing o(z) for e~ "7 v(z) we see 
that 
o(z+2zn) = e #7 *?(z +427) = ez). (15.8-6) 
Thus we have proved Floquet’s theorem 
The differential equation (15.1-9) where p(z) and q(z) are periodic with 
period 2n has a particular solution e**p(z), where p(z) is a periodic function 
with period 2n. 
In the particular case of Mathieu’s equation a fundamental system of 
solutions is then 
— plz 
wolz) = eo(2), (15.8-7) 
w,(z) =e ““e(—2z), 
since the equation is unaltered by writing —z for z. Here y is a definite 
function of 2 and h?. 


15.8.3 — MATHIEU’S FUNCTIONS 


The equation (15.8-2) has no finite singular points and, therefore, its 
solutions are valid for all finite values of z. If w(z, 2) denotes a solution, 
so does w(—z, A) and it follows that 


(w(z, A)+ w(- Z, 4)); 4(w(z, A)~ w(- Z, 4)) 
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are again solutions. But the first is an even function and the second is an 
odd function. Thus it is sufficient to consider only even or odd solutions. 

Two independent even solutions and, likewise, two independent odd solu- 
tions cannot exist. 

Indeed, if the equation possessed two independent even solutions a 
solution satisfying the initial conditions w(0) = 0, w’(0) = 1 would not 
exist, which is in contradiction to the fact that the origin is an ordinary 
point. A similar argument shows that two independent odd solutions 
cannot exist. 

A general theorem in the theory of linear differential equations of the 
second order in the real domain, the so called oscillation theorem, applied 
to Mathieu’s equation states 

If h is real there exists a non-decreasing sequence 4,,13,..., of values 
of the parameter A tending to infinity, such that to each 1,,,m=1,2,..., 
corresponds a periodic solution w(z, 4,,) with period 2x and satisfying the 
boundary conditions 


w(—7, An) = W(t, An)s w'(—7, Am) = w(x, An) 


and every w(z,/,,) is characterized by the fact that in -n<z< 2 it 
possesses m zeros or m+ zeros, according as m is even or odd. 

These values of A are called the characteristic values. 

The periodic solutions of Mathieu’s equation with period 27 are called 
the Mathieu functions of the first kind. 

Let us consider an even solution of (15.8-2) with period 2z. Suppose it 
is expanded in a cosine series (uniformly convergent in any bounded and 
closed set in the z-plane). If W(z) is a solution so is w(z+7). Since the 
equation cannot have two independent even solutions the functions 
w(z+z) and w(z) differ only in a multiplicative constant. It follows that 
the series are of the form 


Se, cos (2v+1)z, ya cos 2vz. (15.8-8) 

Similarly the odd solutions have the form 
Se, sin (2v+ 1)z, 53 sin 2vz. (15.8-9) 
These solutions are said to be of the type C,, Co, S;, So respectively. 
A degenerate form of Mathieu’s equation is obtained if we take h = 0 


viz., 
w’-+dw = 0 (15.8-10) 


which admits of the succession of characteristic values 4 = m?, m = 0, 
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1,2,..., and corresponding solutions are 


1, cosz, cos2z, cos 3z,..., 
sinz, sin2z, sin 3z,. 


The Mathieu functions which reduce to these functions as h 3 0 are 
denoted by 


cey(z), ce,(z), ce,(z), ce3(2), 2x5 
se,(z), se,(z), se3(z),... 


and their expansions are 
0 
COan+ 1(z) = 2, Ar, av+1 COS (2v+ 1)z, Aj. 2nt+1 = {, 
y= 


ce,(Z) = 2 An 2y COS 2vz, A,2n = 1, 
Z (15.8-11) 
SC24+1(Z) a 2 Br, 2v+1 sin (2v+ 1)z, B,, 2nt1 = iF 


ico] 
S€2,(Z) = 2 Bs, 2y sin 2vz, Bog "1; 
yu 


15.8.4 — RECURRENCE RELATIONS 


If a characteristic value of A is known we may obtain the corresponding 
periodic solutions from recurrence relations connecting the coefficients 
in the expansions (15.8—8) or (15.9-9). Consider e.g., a solution of the 
type 


C,(z) = Ye, cos (2v-+1)z. (15.8-12) 
Differentiating two times 
Ci(z) = - ¥ (2v4 1)’c, cos (2v+1)z. (15.8-13) 
= 
Inserting this into (15.8-2) we get 


¥ (2v+1)’c, cos (2v+1)z—A4 Yc, cos (2v-+1)z+ 
v=0 v=0 


+h? >. c, cos (2v+3)z+h? ¥ c, cos (2v—1)z = 0 
v=0 v=0 


and we easily deduce the recurrence relations 


(A—1—h?)cy—h?c, = 0, 


- ; i Z (15.8-14) 
((2n+1)°—A)ce, +h*(Ca-1 tCn41) = 90, n= 1,2,.... 
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Similarly we have for a solution of the type Co 


C,(z) = > c, cos 2vz (15.8~15) 
v=0 
the recurrence relations 
a 2 = 
gi ame agi (15.8-16) 


((2n)?—A)ey +h? (Ch-1t+Cn41) = 90, n=1,2,.... 


In the same way a solution of the type S, exists: 
io) 
S,(z) = ¥ ¢, sin (2v+1)z, (15.8-17) 
v=0 


with the recurrence relations 


(A-1+h7)cy—h’c, = 0, 


af P (15.8-18) 
((2n+1)°—A)e,—h*(ch-y+C,41) = 0, n= 1,2,..,, 
and a solution of the type So: 
S(z) = ¥ ¢} sin 2vz, (15.8-19) 
v=0 
with the recurrence relations 
= a ie 
(A—4)c, —h’c,, = 0, (15.8-20) 


((2n)?—A)c, th (ch ptche1) =0, n=2,3,.... 

The recurrence relations may also serve to evaluate the characteristic 
values. We wish to illustrate this in the example of ceg(z). According to 
(15.8-11) and (15.8-16) we now have 

AAgo—h’ Aop = 0, 
—h? Ago t(A—4)Ao2—hh’ Ang = 0, 
—h? Ay, +(A—16)Ao4g—h?Aog = 0. 
Now these equations must be consistent: the condition for their con- 
sistency is 


As it stands this infinite determinant needs not to be convergent; it may, 
however, be made absolutely convergent by multiplying each row by an 
appropriate factor. By D,, D,,... we denote the determinants obtained 
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by omitting the first row and column, the first two rows and columns, etc. 
Then 


D=4D,—-h*D,, D, = (A—4)D,—-h*D,,.... 
It follows that 


a= ntP2 Pre g—a_—1*?2 
D, dD, D,’ 
and in this way we obtain the continuous fraction 
5 h* h* h* 
joke 1 om (15.8-21) 


and it can be proved that the fraction the right is convergent. Given A? the 
number J may be found by successive approximation. 


15.8.5 — INCE’S THEOREM 


In the case of degenerence A = 0, to the same value A = m* correspond 
two periodic solutions cos mz and sin mz, which constitute a fundamental 
system. Mathematicians were during a long time under the impression 
that also Mathieu’s equation may admit of a fundamental system of two 
periodic solutions corresponding to appropriate values of 4 and h. This 
view is not correct as has been proved by E. L. Ince in a very elegant way. 

Suppose that h 4 0 and let 2 be such that Mathieu’s equation has a 
solution of the type C,. If w,(z) and w2(z) are independent solutions of 
(15.8-2) we have 

Wi W,—w2w, = 0, 
or 
Wi Wi—-Ww2W, = ¢, (15.8-22) 


c being a constant. It follows that if w, is of type C, then w, is of type S, 
and not of type Sy (provided w, is also periodic). From the first equations 
(15.8-14) and (15.8-18) we find by eliminating 4 


Co ¢ 
0 "TT = 2egep. 


Co C4 
Similarly the second equations give 


Cn(Ca—1 + On41) = CCn-1 + on+1)> 
or 
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whence for all values of x 


Ch Cnet 
‘ ’ 


= 2¢gc4 
o*o- 
Cn Cn+1 


If ¢g = 0 the remaining coefficients are zero and the solution is identi- 
cally zero. Therefore cy ¥ 0 and similarly cg # 0. But in order that the 
series may be convergent it is necessary that 

lim c, = 0 

a-~oa 
which leads to a contradiction. Thus, except when / = 0, solutions of the 
type C, and S, cannot exist simultaneously. In the same way it may be 
proved that solutions of the type Cp and Sy do not exist simultaneously. 
Thus we have Ince’s theorem 

Except in the case that h = 0 for every h in the equation (15.8-2) to 
every value of A corresponds at most only one periodic solution. 

Assuming h # 0 we conclude that if one solution w,(z) is periodic 
the second solution w,(z) is definitely ae From (15.8-22) we get 


w,(z) = om] 


wild)” 


Now let 
w,(z) = C,(z) = al cos (2v+1)z. 
Then - 
wi(z) = ya, cos 2vz 


and since w,(z) is not zero at z = 0, 
oa 
1/wi(z) = ©. b, cos 2vz, 
yv=0 


this series being convergent at least for sufficiently small values of [z}. 
Consequently 


bs) oO 
w(z) = c( ¥ c, cos (2v+1)z)(boz+ ¥ d, sin 2vz), 
v=0 v=1 
where, since w.(z) is known to be not periodic, bp is not zero. Therefore, 
with an appropriate choice of c¢ 
w2(z) = 2C,(z)+ St (z), 


where Sf(z) is a series of the type S,. Thus w,(z) is not periodic, but 
quasi-periodic 
w2(z+2n) = w2(z)+2nw,(z). (15.8-23) 
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The nature of the second solution, when the first solution is of the type 
S,, Co, So may be investigated in the same way. 

The aperiodic functions associated with the periodic solutions in the 
above described manner are called Mathieu’s functions of the second kind. 
They are denoted by 


eA 
are es (15.8-24) 
jn,,(z) = se sO) lie (5) y’ m=0,1,..., 


where the value of zp) is not very important. 


15.8.6 — THE INTEGRAL EQUATION OF WHITTAKER 


We conclude our account of Mathieu’s equation with the proof of the 
statement that the Mathieu functions of the first kind satisfy certain 
integral equations. We confine ourselves to one example, viz., that any 
Mathieu function, being either even or odd, satisfies an integral equation 
with symmetrical kernel: 


9(z) = rf exp (2h sin z sin 0)@(0)d0. (15.8-25) 
It is advisable to write (15.8-2) as 
w’’+(A—4h? cos? z)w = 0, (15.8-26) 
where A is written rather than 4+2h?. Now we consider the function 
&(z) -| exp (2h sin z sin 0)p(6)d0, 


where (0) is regular between —zx and z, periodic with period 27, and 
either even or odd. Then we have 


6''(z) — 4h? ®(z) cos? z -{ exp (2h sin z sin 0) x 


x (4h? cos” z sin? @—2h sin z sin 6—4h? cos” z)p(6)d6. 
Since 
cos? z sin? §—cos? z = (1—sin? z)(1—cos? @)—cos? z 


= sin? z cos? @—cos? 8, 


the integral may be written as 
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| exp (2h sin z sin 0)(4h? sin? z cos” 6—2h sin z sin 0+ 
—4h? cos? 0)p(0)d0 
= i ¢(8) . (2h sin z cos 6 exp (2h sin z sin 0)d0+ 


- | h? @(8) cos” 0d0 = 2he(6) sin z cos 0 exp(2h sinz sin 0)| + 


nu 


-| g'(9)(2h sin z cos 6 exp (2h sin z sin 0)d0 + 


— | 4h? (6) cos? 640. 


Since g(@) is periodic the integrated part vanishes. Integrating again by 
parts we get 


— 9'(0) exp (2h sin z sin 0) 


+ 
+ | exp (2h sin z sin 0)(~’’— 4h? (0) cos? 6)d0. 


By hypothesis (0) is either even or odd. In the first case g’(z) 
= g'(—2) = 0, in the second case g’(z) = o'(—7). 
Hence 


®'(z)+(A—4h? cos? z)@(z) 
a | exp (2h sin z sin 0)(p" +(A—4h? cos” 0)p(6)d0. 


Let now A have a characteristic value and let » denote an even or odd 
solution of Mathieu’s equation. It follows that the integral on the right 
vanishes and that # is also a solution of Mathieu’s equation, being even 
or odd according as @ is even or odd. Hence g = x@ and this proves the 
assertion. 

It is easily verified that © is not identically zero if @ does not vanish 
identically, for 


bo] %h v 
exp (2h sin z sin 6) = ) eh sin” z sin” 0 
v=0 VE 


and since the series on the right is uniformly convergent if —z <@< 2 
we would have from @(z) = 0 identically 


y 


0=> ea sin’ z| (8) sin” 0d0. 
v=0 Ve 


“tk 
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The series on the right is a power series in sin z and it follows that 
i e(0) sin” 0d@ = 0, n=0,1,2,.... 
By the formulas mentioned at the end of section 3.13.5, written as 
(= 1)"22"- 1 gin?" Q 


= cos 2n9— (*") cos (2n—2)0+ (") cos(2n—4)6+ ...+(-1)"4 ("") 


and 
(- 1)"27" sin2"*! rt) 
= sin (2n+1)0— eee ') sin (2n—-1)0+ 
re ane sin (2n—3)6+ ... +(-1)" (2*) sin 0, 
2 \ on 
we find that 


% 


| g(8) cos 2n6dé = 0, | 


¢(0) sin (2n+1)0d6 = 0. 


By hypothesis (6) is either even or odd and we see that under the 
assumption that @(z) = 0 identically all its Fourier coefficients vanish. 
By a well-known theorem in the theory of Fourier series this is absurd if 
(0) does not vanish identically. 

In quite the same way we may prove 

Any even Mathieu function satisfies the integral equation 


9(z) = cf exp (2ih cos z cos 0)p(8)d6 (15.8-27) 
and any odd Mathieu function satisfies the integral equation 


o(2) = x] 


4 


exp (2ih sin z sin 0)p(6)d6. (15.8-28) 


These integral equations may be used to construct Mathieu functions. 


CHAPTER 16 


THE HYPERGEOMETRIC DIFFERENTIAL EQUATION 


16.1 — The hypergeometric series 


16.1.1 — RIEMANN’S SCHEME 


A differential equation of Riemann with singular points at z = 0, 1, 00 
and having an exponent equal to 0 at each of the points z = 0 and z = 1 
is called a hypergeometric differential equation. 

The restriction to the study to this type of differential equations, in- 
stead of the consideration of the general Riemann equation, does not 
imply a loss of generality. For we shall prove that by an appropriate trans- 
formation this latter equation can be brought into the hypergeometric 
form. 

In order to study the effect of certain transformations Riemann 
introduced the scheme 


abe 

P : B y 2 (16.1-1) 
a’ Bp’ ly’ 

for any solution of Riemann’s equation. In this scheme the singular points 

are placed in the first row with the roots of the corresponding indicial 

equations beneath them; the independent variable is placed in the fourth 

column. It should be noticed that (16.1-1) does not stand for a single 


function, but for the class of all solutions of a differential equation. An 
equality 


a, bk cy | a, by tC, s 
Pla, By 1 4) =P [o. B. Y2 22 


? La , 
a By 4 & pP2 2 4 


’ Zz, =S(21), 


means that the class of solutions of the differential equation correspond- 
ing to the scheme on the left is also the class of solutions of the differ- 
ential equation corresponding to the scheme on the right, if the change of 
variable has been effected as indicated. If a solution of one equation is 
provided by a solution of the other equation by multiplying it by a certain 
function, the same for all functions of the class represented by the scheme, 
we shall multiply the Riemannian scheme by this function. 
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Any solution of Riemann’s equation can be obtained by combining 
linearly independent integrals of the type (15.6—38). 
A linear transformation of the variable z transforms a solution (15.6-15) 
into a similar solution of the transformed equation with the same exponents. 
Let 
z—Az (16.1-2) 


denote this linear transformation; we may write symbolically 


a bee Aa Ab Ac | 

|: BY :|-2|« By Az 

a’ Bry’ a By’ : 

We recall that the meaning of this equality is the following: a solution 

of the original equation is also a solution in terms of Az of a Riemann 

equation with singularities at the transformed singular points, the 
exponents remaining unaltered. 

The exponents of the integral in (15.6-15) remain unchanged if we add 

a number x to « and a’, a number A to f and f’ and subtract e+ from 

y and y’. This leads to 


z—a\"/z—b\*_ | 7 es i 4 
(=) (=) Plo B y z|=Pi{atK B+ta y-K-Azi, 
Z—C. Z—C. a’ B' y’ la +K pita y'—K—-A 
(16.1-4) 


By this transformation the fundamental identity (15.6-4) is not violated. 
It is clear that a permutation of the first three columns has no influence 
on the meaning of Riemann’s scheme (16.1-1). It is also allowed to inter- 
change the exponents of any column. 

By means of the transformation 


(16.1-3) 


és _ (z—a)(b—c) e 
zZ7Az= (Gaeta) (16.1-5) 


we obtain, in accordance with (16.1-3), 


a be 0 tL @ 
a gp y z]=Pla B y Az}. 
a’ B’ y’ a’ B’ y’ 


Applying now (16.14) with xk = —a, A = —f, we find 


P 


a ib .¢ 0 1 x 
a Bi «#2 =(asy-asy| 0 0 atBpty Az 
a’ py a’'—« p’—B atB+y’ 7 
(16.1-6) 
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and it appears that any solution of the general Riemann equation can be 
obtained from a solution of the hypergeometric equation. 

In future we shall denote the solutions of a Riemann equation with 
singularities at z = 0, z = 1 and z = o by the scheme 


P(* ‘ y z]. (16.1-7) 


16.1.2 ~ THE HYPERGEOMETRIC DIFFERENTIAL EQUATION 


The hypergeometric differential equation may be obtained from Rie- 
mann’s equation by making a > 0, b > | and c > o. But we may also 
proceed in a straightforward manner to write down a differential equation 
with singularities at z = 0, 1, 00 and having the appropriate exponents 
there. By the general theory of Fuchs the coefficient p(z) in (15.1-9) has 
simple poles at z = 0, z = 1 and a simple zero at z = © (see sections 
15.2.2 and 15.5.1) Again g(z) has double poles and a double zero in the 
corresponding points. Hence we may put 


By 1% 2c; 


ot 4. 
en | eee 

with C,+C, = 0, in accordance with (15.5-7). The indicial equations 
(15.5-16) and (15.5.17) at z = 0, 1 and oo are respectively 


q(z) = 


p(p—1)+A,p+B, = 0, 
p(p—1)+A,p+B, = 0, 
p(p—1)+(2—A; —A2)p + (By +B, +C2) = 0. 


It is common practice to denote the exponents at z = oo by a, b and the 
exponents at z=0 by 0, 1—c. There is no danger of confusion with the 
notation in Riemann’s equation, for the singular points are now fixed at 
z = 0, 1 and oo. In terms of the original exponents we have 


a=a+f+y, b=at+Br+y’, c= l+ta-a’, (16.1-8) 


Since the sum of all exponents is unity and one of the exponents at z = | 
is zero, the other is c—a~—b. Inserting these values of the exponents into 
the indicial equations we easily find B, = B, = 0, Ay =c, A, = at 
+b-—c+1, C,=—C,=ab. Thus the hypergeometric differential equation 
may be written in the standard form 


2(1—z)w’’—((a+ b+ 1)z—c)w'—abw = 0. (16.1-9) 
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The corresponding Riemann scheme is 


0 l a 
he Pe 2|. (16.1-10) 


It should be noticed that by (16.1-8) and (15.64) the differences of the 
exponents a, a’; f, 6’ and y, y’ are determined by a, 6 and c, for we 
easily find 


a’—-a=1—-c, p'-fp=c-a-b, y'-y=b-a. (161-11) 


Sometimes it is convenient to bring (16.1-9) into a simpler form by 
introducing the operator 


d= 2 fe (16.1-12) 
dz 
which has the neat property that 9z* = xz“. Since 
zw = 9w, = z?w"” = Sw—9n, 
we find (after multiplying the left member of (16.1-9) by z) 


(1—z)(9*w—9w)—(a+b+1)z9w+c9w—abzw = 0, 


9(3+ce—1)w = 2(9-+a)(9-+b)w, 


the desired modified form of the hypergeometric differential equation. 


or 


(16.1-13) 


16.1.3 THE INVARIANT OF THE HYPERGEOMETRIC DIFFERENTIAL EQUATION 


The invariant R(z) of the equation (16.1-9) is obtained if we insert 


(a+b+1)z—c ab 
p(z) = —————,,_ q(z) = 
z(z—1) z(z—1) 
into (15.1-29). Writing 
Az? +Bz+C 
R(z) = —.———_ 16.1-14) 
@) 2z7(z—1)? ( 


we have 


Az? + Bz+C = 4abz(z—1)—((a+b+1)z—c)* + 
—2(a+b+1)2(z—1)4+2((at+b4+1)z—¢)(2z—1). 


Comparing the coefficients of z? we find 


A = 4ab—2(a+b+1)+4(a+b4+1)—(a+b41)? = 1-(a—b)’. 
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Inserting z = 0 we get 
C = 2c-c? = 1-(1-cy’ 
and by taking z = 1 we find 
A+B+C = 2(a+b-—c+1)—(a+b-c+1) = 1-(a+b—c)’. 
Taking into account (16.1-11) we see that A, B and C may be expressed 
in terms of the differences of the exponents of a Riemann equation with 
singularities at z = 0, 1, oo. 
Summing up we have 


The invariant R(z) of the hypergeometric differential equation is the 
function (16.1-14) with 


A=1—(a—by, 
B = (a—b)?+(1—c)*—-(c—a—b)*-1, (16.1-15) 
Cm -=8". 


16.1.4 — THE HYPERGEOMETRIC SERIES 


Since one of the exponents at z = 0 is equal to zero, the hypergeometric 
differential equation admits of a solution which is regular at z = 0. We 
insert the series 


w(z) = Lee (16.1-16) 


into the equation (16.1-13). Since 9z* = xz" we have 


ao 


H8+e—1)w(z) = Y vv+e—1eyz” + y (vt+c)(v+1)ey4,2"** 


v=0 
and 


@o 
2(9-+a)(3-+b)w(z) = Yi (vta)(v+b)e,z”*?. 
v=0 
Equating coefficients of equal powers of z we find the recurrence relations 
(nt+e)(n+De,41 = (nt+a)(nt+b)ec,, n= 06.15/23 heen (16.1-17) 


If c is zero or a negative integer these relations can be solved only if a 
and b have special values. In all other cases we may take cy = 1 and the 
remaining coefficients are uniquely determined by 


Gro _ (atm\(b+n) (16.1-18) 
C, (e+ n)(1+n) 

whence 

we a(a+1)...(a+n—1)b(b+1)...(b+n—1) 1 

: e(c+1)...(c+n—1) nt 
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Thus we obtain the hypergeometric series 


2 
ie Ae ab z e a(a+1)b(b+1) z 
el! e(c+1) 2! 


(16.1-19) 


This series will be denoted by 
F(a, b; c; z). 
Notice that it is symmetric in a and 5, as is the hypergeometric differential 
equation (16.1-9). 
The series terminates after a finite number of terms if at least one of 


the numbers a, b is zero or a negative integer. In the remaining cases it is 
convergent if {z| < 1, for it follows from (16.1-18) 


‘ ¢, 
lim 244 = 1, 
n>o Cy 


A function obtained by continuing analytically the series beyond its 
circumference of convergence is called a hypergeometric function. 
It is convenient to introduce the symbol 
(s) = TEED» (FD tnd), if n> 0, 
, == 


16.1-20 
I(s) 1, if n=0. ( ) 
Clearly 


(Sn = (-1)""! ey (16.1-21) 


as follows from (2.16-19). Accordingly the hypergeometric series may 
be written as 


a, bic: z)= _ (a),(b), 2” = I(c) — I(a+v)(b+y) z 
| Feria § OMe vv! F(a)r(b) » T(c+v) yt? 


(16.1-22) 
where c is different from 0, —1, —2,.... 
A direct consequence is the formula 
d 
a b; c; 2) Bey ae eee eee ey (16.1-23) 
Iz c 


16.1.5 — SPECIAL EXAMPLES 


The hypergeometric series covers a great variety of well-known func- 
tions. Typical examples may be found by giving a, b and c particular 
values. 


aman a 
606 THE HYPERGEOMETRIC DIFFERENTIAL EQUATION: [16 


Since (1), = 7!, we have 


Mita es (16.1-24) 
v=0 


1-z 


the ordinary geometric series. 
Taking account of (16.1-22) we have more generally 


F(—s, 1; 1; z) =¥(-17 (*) 2° =(1=2); (16.1-25) 


the binomial series. 
Observing that (2), = (+1)! = (n+1)n!, we find 


fore) gvtt 1 
ZF 15.272) = = log ——. (16.1-26) 
v=0 v+1 l—z 
The relation 
(sti), ==" (9), 


yields for s = 4 the equation 


Qn = 2nt+l)G)a 
and so, by virtue of (2.16~-23), 


foe) 2v+1 
zF(4, 1; 3; —z’) = ¥ (-1) = arctan z. (16.1-27) 
v=0 2v+1 
Similarly, in view of (2.17-3), 
zF(4, 4; 4; 27) = aresin z. (16.1-28) 


It is easy to see that the series (14.5-11) for the function K(z) may 
be written as 


F. (4),G)y 2” 
» Oye ny, (i), vi’ 
whilst the series (14.5—16) for E(z) takes the form 


E(2) = 42> ele =n QHD 2 


v=o (v})? v=o (1), vt 


Thus we have 


| K(z) = 4nF(4, 45 1; z), 


E(z) = 4nF(4, —4; 1; 2). (16.1-29) 
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Finally we consider the series (15.4-37) for the function F_(,41)(z). 
The coefficient of z~ 2" may be written as 
(k+1)(K+3)...(K+2n-1)(K+2)(K+4)...(K+2n) 
2n!2"(K+3)(K+341)...(K+34+n-1) 
— Get3)Ge+1, 1 
(«+4), n! 


Hence we may bring Legendre’s function of the second kind into the 
hypergeometric form 


a) = T(et+1)ya nee. F(A«+4, dict; K+4, ag); (16.1-30) 


2** P(e +4) get 


An expression for Legendre’s function of the first kind in terms of hyper- 
geometric series may be obtained from (15.442). 

A simpler expression for P,(z) can be obtained by a simple trans- 
formation. It is readily seen that the solutions of Legendre’s equation 
(15.4-27) are characterized by the scheme 


-1 wo 1 
P| 0 -Kx Oz}. 
0 «+1 0 


By means of the substitution z + 4(1 —z) this changes into 
01 © 
P|0 0 -K 4(1-z)]. 
0 0 «+1 


Since P,(z) is regular at z = 1 and takes the value 1 there, we conclude 
that 


P,(2) = F(—x, +15 1540-2). | (16.1-31) 


This is Murphy’s expression for Legendre’s function of the first kind. 


16.1.6 — KUMMER’S TWENTY FOUR SERIES 


By linear transformation of the variable z we may carry the singular 
points of Riemann’s equation (15.6—-5) into the points z = 0, 1, 
respectively. An equation with these singular points is characterized by 


the scheme 
0 1 oo B 
Pla By zl= ie A 7. (16.1-32) 
y’ 


ai ne 
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This can be reduced to the hypergeometric scheme by applying (16.1-4) 
and this reduction can be performed in many ways. For we may take for 
x one of the values «, «’, for A one of the values 8, f’, giving four possibil- 
ities. Moreover, we can permute the singular points 0, 1, co by means of 
the transformations of the group of the anharmonic ratio 


pogo Se (16.1-33) 


Thus we obtain 24 transforms of the original equation and, therefore, 
24 possibilities to represent a solution of Riemann’s general equation 
as solutions of certain hypergeometric equations. In particular we may 
start with a hypergeometric equation and so we have Kummer’s theorem: 

Any solution of the hypergeometric equation (16.1~9) can be represented 
by solutions of twenty four (formally) different hypergeometric equations. 

This theorem may also be stated as follows 

There are twenty four hypergeometric series which provide a solution of 
a given hypergeometric differential equation. 

It is not difficult to obtain these series explicitly. 

The hypergeometric series (16.1-23) is a solution corresponding to the 
exponent 0 at z = 0. We shall denote this solution by w9,(z). Since 


0 0 a 0 c-a-—b b 
P pee c-a-b b | <—: LS 0 a | 
z 0 0 c~—a 
= _yye7anb 
(2-1) es a+b—c c—b :|, 
the solution regular at z = 0 may also be written as 
Wo2(Z) = (1—z)* "F(c—a, c—b; c; 2), (16.1-34) 


where we have taken 1 —z rather than z—1 in order to obtain a function 
which takes the value 1 at z = 0. 

The transformation z — z/(z—1) interchanges the points 1, 0 and 
leaves z = 0 invariant. We have now 


0 0 a j_,f0 @ 0 27 
P|”, c-a-—b b zl=P{,°. b c-a—b z-i] 


mig aly, pds” 0 a =|. 
\z—-1 ] Li-e b-a c—b z—-1 


It follows that 


Wo3(z) = (1—z) °F (0 e—bc; J : (16.1-35) 
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Since there is symmetry between a and b, we also have a solution 
Woa(Z) = (1—z) OF (>. C—a3¢3 =.) : (16.1-36) 
z— 


A solution corresponding to the exponent 1—c at z = 0 may be found 
by observing that 


0 0 a l-ce 0 a 
Pla, c-a—b b | =P] 0 c-a-—b b :| 
2 0 0 a—ctl1 
— wire 
was Ps c-a—b b-—c+1 7]. 
The desired solution may be taken as 
Wo1(z) = z'~°F(a—c+1, b—c+1;2—c;z). — (16.1-37) 


Proceeding as before we may get from this solution three other solutions 
Wo2(Z), Wos(Z), Woa(Z). 

In order to obtain a solution corresponding to the exponent 0 at z = 1 
we apply the transformation z > 1—z which interchanges the points 0, 1 
but leaves z = 00 invariant. From 


0 ) a 0 0 a 
ae c-—a-b b z|=P(, 9, l-c b 1-2| 


we deduce 
W11(2) = F(a, b} a+ b—c+1; 1-2) (16.1-38) 


and a solution corresponding to the exponent c—a—b at z = | is repre- 
sented by 


Wiz) = (1-2) ’F(c—a, c—b; c—a—b+1;1-z).  (16.1-39) 


Either of these solutions gives rise to three other expressions. 
Finally we perform the transformation z — 1/z, interchanging the 
points 0 and oo, leaving z = 1 invariant. Now we have 


0 0 a _ p|4 0 0 =| 
P\ich c~a—b b | =F|¢ sesh ARs. 7 
x 0 0 a 
ate ~1 
== Pl c-a—b a—c+1 7 | : 
Hence a solution corresponding to the exponent a at z = oo is 
Woi(z) = z “F(a, a—ct+1;a—b+1; 27") (16.1-40) 


and by reasons of symmetry a solution corresponding to the exponent b 
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at z = oo is 
Wai(Z) = z °F(b, b—c+1; b—at+1;2z7*). (16.1-41) 


For the sake of completeness we shall list all series obtainable by the 
method described above. 


Wo1(Z) = F(a, b; ¢; 2), 

Wo2(Z) = (t—z)°~* °F(c—a, c—b; ¢; 2), 

Wo3(Z) = (1—z) “F(a, c—b; ¢; z/(z—1)), 
Woa(Z) = (1—z)°F(b, e—a; ¢; z/(z—1)); 
Wore = z'~°F(a—c+1, b—c+1;2-—c; z), 


Wor(z) = 2 (1—z)°"* "F(1—a, 1—b; 2—c; 2), 
Wo3(Z) = 2! (1—z)° ° 'F(a—c+1, 1—b; 2-—c; z/(z—1)), 
Woalz) = 2) (1—z)o? 'F(b—c+1, 1—a; 2—c; z/(z—1)); 


W14(Z) = F(a, b;a+b—c+1; 1—z), 

W12(z) = z'-*F(a—c+1,b—c+1;a+b—c+1;1—2z), 
W13(Z) = z “F(a,a—c+1;a+b—c+1;(z—1)/z), 
Wi4(Z) = z~’F(b, b—c+1; a+b—c+1;(z—-1)/z); 
W11(z) = (1—z)°~4"-’F(c—a, c—b; c—a—b+1; 1-2), 


Wio(z) = z'-(1—z)' 9 PF(1—a, 1-—b; c—a—b+1; 1-2), 
Wi3(z) = 27 (1—z)°"* "F(1—a, c—a; c—a—b +1; (z—1)/z), 
Wig(z) = 2’ (1—z)°"* °F(L—b, c—b; ce—a—b +1; (z—1)/z); 


Woo 1(Z) = z “F(a,a—c+1;a—b+1;z '), 

Woz) = z (1—i/z)* “F(L—b, c—b; a~b+1; z'), 

Wo3(Z) = 2 “(1—1/z) “F(a, c—b; a—b+1; 1/(1—z)), 
Waa(Z) = z “(1—-1/z)* 'F(1—b, a—c+1; a—b +1; 1/(1—z)); 
Wo 1(Z) = z °F(b, b—c+1; b—a+1;2z7'), 
Wo2(Z) = z (1—1/z)* "F(1—a, c—a; b—a+1;z7'), 

Wo3s(zZ) =  z (1—1/z)°F(b, c—a; b—a +1; 1/(1—z)), 


Woa(z) = z (1—1/z)? 'F(1—a, b—c+1; b—a+1; 1/(1—2z)). 


16.1.7 — THE HYPERGEOMETRIC INTEGRALS 


Analytic continuation of the hypergeometric series beyond the circle 
of convergence may be effected by representing it by a definite integral. 
Starting from (16.1-22) we may write (in view of (4.7-37) and (4.7-38)) 
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I(a)F(c—a) es eee = (b), Fat+vr(c~a) 
I(c) Henkes) Xs v! I(c+v) 


-¥ (;) (— aye Purana a 
= [una —uyt ye (7) (—1)"(uz)’ du, 


0 


valid under the assumptions Re a > 0, Re (c—a) > 0, |z| < 1. The series 
within the sign of integration is a binomial series. We finally have 


ras a) F(a, b;¢;z) = [rian = au) ba, 


r(b)F(e— 


(16.1-42) 
ro) b) F(a, b3 c;z) = [ w(t)?" zu) du. 


The second equation is a consequence of the fact that the hypergeometric 
series is symmetric with respect to a and 8; it is valid under the assump- 
tions Re b > 0, Re (c—b) > 0, |z| < 1. 

Proceeding as in section 2.9.1 we may show that the above integrals are 
regular at every point z of the region obtained from the z-plane by slitting 
it along the real axis from +1 to +00. The integrals (16.142) were 
already known to Euler, and are, therefore, referred to as the Eulerian 
integrals. They reduce to the integrals for the beta function if b or ais zero. 

Since every solution of the hypergeometric differential equation listed 
at the end of the previous sections corresponds to two Eulerian integrals, 
the number of these integrals representing a solution of the given hyper- 
geometric differential equation is fourty eight. 

For many applications it is convenient to introduce the variable ¢ = 1/u. 
The second integral of (16.1-42) takes the form 


wo 
[ ~(t—1)°-° (tz) dt. (16.1-43) 
1 

It is an integral of the type occurring in (15.6-15). As we pointed out in 
section 16.1.2 we may obtain the hypergeometric differential equation 
from Riemann’s equation by making the singular points a, 6 and c tend to 
0, 1 and oo respectively. If in (15.6-15) we divide by c? #71 crt B tr ty! 
we obtain, after performing the limiting process, the integral 


2(z- | Hehe 1 ye (tz ade, 
Cc 


Inserting the appropriate exponents we find (16.143) in the more 
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general form 


[ eee (16.1-44) 


where the path C is such that jav = 0, V(t) being the function 
V(t) = 07°F (t-1)° (tz). (16.1-45) 


It is clear that V(t) vanishes at the points | and oo, provided that 
Re(c—b) > 0, Re b> 0 and z not on the real line 1 < x < 0. This proves 
again that (16.1-43) is a solution of the hypergeometric differential equa- 
tion. 


Fig. 16.1-1. The Jordan-Pochhammer loop (0,, 1,, c0_, 1_) 


In more unfavourable instances we take for C a double loop of the 
Jordan-Pochhammer type (fig. 16.1-1) which does not encircle the point 
z. From (15.6-22) we get 


T'(b)r(e—b) 2nib 2ni(e-b se 
a en (1 —e?"-) F(a, b; c; z) 


(04,14, 0-,1-) 
-{ t°-°(t—1)°-°- "(t—z) “dt, 


(16.1-46) 


For applications in the next section we need the following result. If 
we make the assumptions Rea > 0, Re (c—a—b) > 0 then the limit 
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of the first integral on the right of (16.1-42) as z + 1 is 


[raat -_ T(a)'(c—a—b) . 
0 I'(c—b) 
It follows that 


lim F(a, b; ¢; 2) = TMe— 4-2) (16.1-47) 


z1 I(c—a)I(c—b) 


The restrictions on the parameters a, b and c can be relaxed as we shall 
see in section 16.3.5. 


16.1.8 — ANALYTIC CONTINUATION OF THE HYPERGEOMETRIC SERIES 


We proceed to solve the problem of expressing an analytic continuation 
of the hypergeometric series in terms of a fundamental system about the 
singular point z = 1 or about z = 0. 

Assuming that c—a—b is not an integer we see from Kummer’s table 
(section 16.1.6) that the functions 


W11(z) = F(a, b} a+ b—c+1; 1-2) (16.1-48) 
and 
Wy1(z) = (1—z)°4*-PF(c—a, c—b; c—a—b+1;1-z) (161-49) 


constitute a fundamental system of solutions of the differential equation 
(16.1~9), valid in the open disc |z—1| < 1. We make the second function 
definite by giving (1—z)°~*~° its principal value. 
In the intersection of the discs |z| < 1, {1—z| < 1 we must have the 
identity 
Wro(z) = Awy1(z)+ Bw; 1(z), (16.1-50) 
where A and B are constants. Supposing that Rea > 0, Re (a+d) 
< Ree < 1] we may apply (16.1!-47). 
If we make z tend to 1 we find 
Jus I'(c)I'(c—a—b) 
I(c—a)I(c—b) | 
If we make z tend to zero we find from (16.1-47) by appropriately chang- 
ing the parameters 


(16.1-51) 


Tr(i+at+b-c) - P(l+c-a—b) 
T+b-of tase OO FG Hr=a) 


It is apparent that the coefficient of BF(1—c) is obtained from that of 


1 = AI(i-—c) 
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AI (1—c) by replacing c—a and c—b by a and b respectively. Thus we 
conclude that 
B= I(c)F(a+b-c) 
F(a)r(b) 
It is not difficult to verify this result using (4.6-13) and effecting some 
elementary manipulations with circular function. This we may state 
The function 
I'(c)'(c—a—b) 
I'(c—a)I'(e—b) 
nq T(c)F(a+b—c) 
[(a)P'(b) 


(16.1-52) 


F(a, b;a+b-—c+1;1—z)+ 


(16.1-53) 
(1—z)°-*~F(c—a, c—b; c—a—b +1; 1—z) 


is an analytic continuation of the hypergeometric series F(a, b, c;z) into 
the region |z—1| < 1, 
A fundamental system of solutions valid in the region |z| > 1 is given 
by the functions 
Walz) = 2 “F(a,a—ct+1;a—b+1; 27") (16.1-54) 
and 
WailZ) = z°F(b, b—c+1; b—a41;27'). (16.1-55) 


The hypergeometric series occurring on the right may be expressed as 
Eulerian integrals which are single valued in the region obtained from the 
z-plane by cutting it along the segment 0 < x < 1. On the other hand a 
single valued continuation of wo,(z) is represented by an Eulerian integral 
in the region obtained by omitting the line 1 S x S o0 from the z-plane. 
In order to avoid ambiguities we shall slit the z-plane from 0 to oo along 
the positive real axis and agree that 0< arg z< 22, z~*=exp(—a log|z]+ 
—ai arg z),z~* = exp (—5 log |z|—bi arg z). 

Suppose now that 

AWy1(z) + Bwe3-(z) 


is an analytic continuation of w,,(z) into the slit region |z] > 1. Agreeing 
that wo,(1) stands for lim,_,, wo,(z), etc., we have, evidently, 


Wo (1) 7 AW (1) + Bw (1); 
as z tends to | from above, and , 
Woi(1) = Ae **¥w. (1) + Be" *™ wag 1-(1), 


as z tends to 1 from below. Assuming that b—a is not an integer, it 
follows that 
2nib_ 4 


: WoL) _ gxie_sin nb wos(t) 


fae é 
eb) _ 1 waft) sin m(b—a) wa(1) 
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Applying (16.1-47) to w.,,(z) we get 
I(a—b+1)I'(c—a—b) 


Weoi(l) = T(1—b)F(c—b) 
Hence, by virtue of (4.6—13), 
— ania I(o)r(i—b) sinzb ena I'(c)F(b—a) 
I(c—a)F(1—(b—a)) sin x(b—a) I(e—a)I(b) 


Interchanging a and b yields 
= grid I(c)F(a—-b) ; 
I'(c—b)I(a) 
If we agree that —z = ze” ™, then [arg (—z)| < m and 
(=z) 78 = ze", (—z)7® = 27%, 


Thus we may state 
The function 


TOU DSA) Ge 


“*F(a,a—e+1;a—b+1;2z°*)+ 
I'(b)I'(c~a) peas ) 


(16.1-56) 
+ nL Cat) ae b—c+1; b-a+1;z7') 
I(a)I(c—5) - 
is an analytic continuation of the hypergeometric series F(a, b; c;z) into 
the region \z| > 1, larg (—z)| < x. 

The restrictions on the parameters are quite unnecessary for the truth 
of this result; they arise on account of the particular method of proof 
adopted. The restrictions can be removed by an appeal to the results of 
section 16.3.1 An alternative proof valid for all values of the parameters 
for which the expressions involved have a meaning will be given in 
section 16.5.3 by a wholly different method. 


16.1.9 — EVALUATION OF RIEMANN’S COEFFICIENTS 


It is clear that Riemann’s coefficient occurring in (15.6-39) are uniquely 
determined if there is no doubt about the multiplier of the functions 
(15.6-38). In other words: if the values of the regular parts (z—a)” “P, 
at z = a etc. are determined without ambiguity. This is the case if we 
define in accordance with (16.1-6) and (16.1~-8) 


P,(z) = (Az)\(1-Az)PF(a+B+y, a+B+y'; 1+a—2'; Az), 
P,(z) = (Bz)(1—Bz)’"F(a+B+y, «+B +y; 1+f—B'; Bz), — (16.1-57) 
P,(z) = (Cz)"(1—Cz)*F(at+B+y, a+ B'+y; L+y—y'; Cz), 
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_ (z—a\(b~0) 

~ (z-c)(b—a)’ 

Be _ (2—b)(c—a) b)\(c—a) 

(z= a)(c— b)’ 

Ce _ (z-¢)(a—b) c)(a— b) 

(z—b)(a- c) 

The functions P,,(z), #,(z) and P,,(z) arise from those listed in (16.1-57) 


by interchanging « and a’, etc. 
Between the functions (16.1-58) exists the relations 


(16.1-58) 


Az Bz Cz = —1, (16.1-59} 


ieee jabra, i-¢z a, 
Az Bz 


16.1-60 
Se ( ) 


Each of the functions (15.1-57) can be expressed in four different ways. 
In the first place we observe that we may interchange f and y in the first 
equation (16.1-57), yielding an expression whose regular part at z = @ 
takes the same value there as that of P,. Next we interchange the singular 
points b and c and at the same time the exponents f and y. Then Az 
is replaced by 1/Bz and it follows that 


=1\"(,_ 1 \'pf F ; a 
P, beh |, te 1—-— 1 F +p+ ; + aa | —-%;—], 
@) (Sh ( fe ae ee Ca 


for the regular part has the right value. Indeed, the contribution to the 
regular part by Az at z = a is (b—c)/(a—c)(b—a) and that by 1/Bz is 
(c—b)/(a—b)(c—a). Using (16.1-59) and (16.1-60) we may represent 
P,(z) in the four ways 

P,(z) = (Az)"(Cz) PF(a+B+y, a+ B +7"; L+a—a'; Az), 

Pz) = (Az)*(Cz)-* F(a+p'+y, a+ B' +y'; L+a—a'; Az), 

1 (16.1-61) 


P,(z) = (—Bz) (Cz) F (+ 8+ a+ fp’ ty; l+a—a’; 7 
Z 


P,{z) = (—Bz)~*(Cz)"F (a+ B+7. at p'+y's Lta—a'; =) : 
V4 
By cyclic permutations we obtain a table of 24 solutions of Riemann’s 
equation analogous to Kummer’s table in section 16.1.6. 
There still remains the task to give an accurate definition of the many- 
valued functions which occur in the expressions for P,, etc. The trans- 
formation w = Az carries the points a, b and c into the points 0, 1, oo, 
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respectively, in the w-plane. Let us suppose that the singular points a, b 
and c in the z-plane are so placed that, when we go round the circum- 
ference through a, 6 and c in the counterclockwise sense we pass from 
ato b toc. Then the interior of the circumference is mapped onto the 
upper half of the w-plane. If we delete from the w-plane the negative real 
axis (including the origin) we can give to arg w a uniquely defined value 
between —z and z. The corresponding point z varies throughout the 
extended z-plane cut along the smallest closed arc from c to a. Further 
arg Az tends to z if z tends to an interior point of this arc from the inside 
of the circumference, and to —zifit tends to such a point from the outside. 
On the supplementary arc we have arg Az = 0. In a similar way we 
may define arg Bz by cutting the z-plane along an arc from a to b and 
arg Cz by cutting the z-plane along an arc from Bb to c. In accordance 
with this we define 


—Az =e Az, (16.1-62) 


etc. the upper or lower sign being taken as z lies inside or outside this 
circumference. In the case that a, b and c are collinear we consider the 
part to the left of the line through these points as the interior, the line 
being percorsed in the direction from a to b to ¢. 

Following E. W. Barnes we may evaluate Riemann’s coefficients by 
the aid of the second theorem of section 16.1.8. We apply it to the first 
expression of P,(z) listed in (16.1-61). By inserting the values of the para- 
meters we may simplify the result by using the relation (15.6-4). Taking 
into account (16.1-62) and (16.1-59) we conclude that inside the circle the 
function P,(z) is represented by the single-valued function (16.1-57) if 
|Az| < 1 and by 


T(t+a—a')F(y’-7) 


nia, -A —1”B 
Tat pry a+p'+y')- ae) 


t , 1 
x F(t B72 +B+y;1+y-y 7a + 


T(1ta—a’)I(y—-y’) ioe? 


P(at+p+y)(at+p'+y) 


e™!"(— Az)" (Bz) 


x F(a+ By a’ + B+y'; 1+7'—93 x) , 
Az 
if |Az| > 1. 

If z is outside the circle we must replace e*™™™ by e~**, It is readily seen 
that the functions occurring on the right of (16.1-63) arise from the last 
two functions listed in (16.1-61) by performing two times a cyclic permu- 
tation. It follows 
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The coefficients a,, a, , in the relation 
P, = a,P,+a,P, (16.1-64) 
have the values 
= eve ri ta—a’)I(y’—y) 
F(a+Bp+yP(a+p'+y') : 
= gris Pb ta-e'-7) 
P(at+B+y)(a+B' +7) 


y 
(16.1-65) 


ay 


provided that the functions are evaluated in the interior of the circum- 
ference through the singular points. 

In quite the same way we can handle the third expression for P,(z) 
listed in (16.1-61). It follows that if |Bz| <1 the function P,(z) is expressed 
by 


I(1ta—a')I(B'—B) e7*8(Bz)P(Az)~” 
T(a+p'+y(a+B +7’) 
x Fat Bt+y, a +B+y; 1+B—f'; Bz)+ 
(16.1-66) 


ri +a—-4 \(B-B ) e (Bz) (Az) 7? 
Ta+B+yl@+Bb+y’) 

x F(a+p'+y, «+p +y'; 1+ f'—8B; Bz) 
provided that z is in the interior of the circumference through the singular 
points. If z is outside we have to change the sign of the exponents of the 
exponential factors. On the right appear the functions P,, Ps-, whence 

The coefficients ag, a, in the relation 
P,, = AgPg+agPs, (16.1-67) 
have the values 
-nigp 0(l+a—a’)F(6'-B) 
T(a+B'+y)P (+p +y')’ 
de = enti T(i+a—a')F(B—f’) - 
: Fat+p+y)C(a+B+y’) 


ag =e 


(16.1-68) 


provided that z is inside the circumference through the singular points. 

The coefficients a’, a,, ag, a in corresponding relations are ob- 
tained by interchanging « and a’. 

The values of ag, ag are not quite symmetric with those obtained for 
a,,a,. This is explained by the fact that P,, Ps are single valued in the 
z-plane cut along the are from a to b, P,, P,. are single valued in the 
plane cut along the arc from b to ec. 
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It is now an easy matter to verify the relations (15.642). We find with 


the aid of (4.6-13) 
ap [a, _ ap ay 
a] a, a, ag 
_ eT (a+ pty T(a+p'ty) _ eo™*sin x(at+p'+y) 
e™*T(a+p'+y)F(a'+Bt+y’) eo" sin x(a’ +f'+y)" 


in accordance with the first equation of (15.6-42). 


16.1.10 - THE MONODROMY GROUP OF THE HYPERGEOMETRIC DIFFERENTIAL 
EQUATION 


Jordan’s method for obtaining the monodromy group of Riemann’s 
equation may be specialized to the case of the hypergeometric differential 
equation. Inserting the appropriate exponents we obtain the first functions 
of (15.6-31) in the form 


(04+,z4+,0~,z~) 
Wo -{ 1~(t—-1)? "(t—-z) dt, 

oe eee (16.1-69) 
Wy -{ t*~(t—1)°-? "(t—z) “dt. 


The analytic continuation along a loop surrounding the point z = 0 once 
induces a linear transformation of the quotient w,/w, characterized by 


the matrix 
2ni(c—a—b) _ ,2nia 
So F : 4a : | (16.1-70) 


The analytic continuation along a closed path surrounding z = 1 once 
induces a linear transformation characterized by the matrix 


e2tile—a~b) 0 
Ss; = eo 2tic_g-2nia 4 


The transformations S, and S, generate the monodromy group of the 


hypergeometric equation. 
By taking c = 1,a = 4, b = 4 we get 


12 10 
s. =|} al s,=[ HE (16.1-72) 


the generators of the congruence group mod 2, (section 14.2.6). In fact, 
in this case the integrals (16.1-69) reduce to Legendre’s complete elliptic 
integrals, for it follows from (15.6-22) that 


(16.1-71) 


Se ne ammeter ea ca eae 
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- afr 4(t—1)"4(t-z) "dt, 


Wo 


(16.1-73) 


Wy 


—4fr4e—ay senate 
1 
In the first integral we perform the substitution t = u?z; we get 


Wo = = —8K(z). 


-s[ du 

o V(1—u?)\(1—zu?) 

Substituting ¢ = 1—u?(1—z) in the second integral yields 
: du 

l V(1—u?\(1—(1—z)u?) 


w, = —8i 


= —8iK’(z). 


It follows that 
W1/Wo = iK’(z)/K(z). 


16.1.11 - UNIFORMIZATION OF THE HYPERGEOMETRIC FUNCTION 


The analytic continuation of the hypergeometric series F(a, 5; c; z) defines 
an analytic function of the variable z, the hypergeometric function, also 
denoted by F(a, b; c; z). The singular points are at z = 0, z = 1,z = 00. 
By effecting the continuation without crossing the cut from | to « along 
the positive real axis we obtain the principal branch of the function. It is 
holomorphic throughout the region obtained from the z-plane by deleting 
the positive real axis from 1 to oo. In general the point z = 0 is singular 
for all other branches of the analytic function. 

The possibility to uniformize this function by expressing z as a modular 
function has been announced by H. Poincaré. As W. Wirtinger has shown 
this may be done explicitly by means of the function A(t) introduced in 
section 14,3,3. 

The principal branch may be represented by Euler’s integral (16.142) 


B(a, c—a)F(a, b; c; z) = [erta-ore ta —aiyar, (16.1-74) 


valid under the condition Rea > 0, Re (c—a) > 0. If these conditions 
are not satisfied we take the integral along a Jordan-Pochhammer 
contour. 

As stated in section 14.5.9 the equation 


Aa) =z (16.1-75) 


has always a solution in the upper half of the t-plane if z 4 0 and # 1. 
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We may even take tin the fundamental region plotted in fig. 14.3-6. Now 
we consider z as the square of the modulus of Jacobian elliptic functions. 
If we replace ¢ by the function 


t = sn? Ku, (16.1~76) 
where in accordance with (5.15-9) the quarter period K is defined by 
K = 4n93(0jz), (16.1-77) 
we readily obtain 
B(a, c—a)F(a, b; ¢; 2(t)) 


(16.1-78) 
= 2k | sn7*-! Ku cn2©-9-! Ky dn’~78 Ku du. 
0 


In order to exhibit the dependence on the parameter t explicitly we in- 
troduce the theta functions. From (5.15-10) and (5.15-8) we obtain 


ce 33(0[z)9,(Zulz) 


sn 
9,(0[t)94(4ult) 
_ 8401) 82Gue) 
on Ku = 8,(0|z)9,(4ulz)” (16.1-79) 
dn Ku = 94(0|t)93(4ult) } 
95(0|z)9,(4ult) 


Substituting (16.177) and (16.1-79) into (16.1-78) yields 
B(a, c—a)F(a, b; ¢; A(t)) = 2937 7*(0|z)93 *?9(0[x)947 24(0|z) x 
ae- tq. gy (S2CQule)) 20-9? (93CGule))*~29/Sa(Jule)\ m26-™ 
92 ‘i 
[, Gul) ( an ( ne, ( Aaa) i 


We may bring this result in a more elegant form by the aid of (5.9-14) 
and we obtain Wirtinger’s theorem which states 
If we express the variable z by the modular function 


93(0[) 
93(0jr) : (16.1-80) 


the analytic function F(a, b; c; z) becomes a single-valued function of the 
variable t throughout the upper half of the t-plane expressed by 


T(c) 
I(a)l'(e—a) 


z=A(r)= 


al 
n7*93°(0|t) | O(u|z)du, (16.1-81) 
0 


with 
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5 — (Sibel)? * /92(bule))—* /9.(dul)) 779 94dule)\ 2 
O(ult) (= ae, on (3 Saat ( oy ‘ 
(16.1-82) 


In order to prove that (16.1-81) is actually a single-valued function 
we express the theta functions as infinite products in terms of the variable 


q=e™", Imt> 0. 
These products are listed in section 5.9.3 and their factors are of the form 
1+", 1+q"e Eriu 


where n is a positive integer. The region of convergence is the interior of 
the unit disc in the q-plane. It is clear that the zeros of these factors are 
on the circumference |g] = 1. Hence the branch points of the various 
factors occurring in (16.1-82) are on the real t-axis. We may select the 
initial values of all functions under consideration in such a way that 
(16.1-81) represents the principal branch of the hypergeometric function, 
if t is in the fundamental domain mentioned above. Reflecting this 
domain in either of each sides and repeating this process undefinitely 
we obtain the other branches of the hypergeometric function and an 
insight in the structure of its Riemann surface. 


16.2 — Hypergeometric polynomials 


16.2.1 —- THE JACOBIAN POLYNOMIALS 


The hypergeometric series (16.1-23) terminates after a finite number 
of terms if at least one of the numbers a or b is zero or a negative integer. 
It is called a hypergeometric polynomial. These polynomials possess 
remarkable properties and have been the subject matter of an extensive 
research. 

A well-known example is Murphy’s expression (16.1-31) for Legendre’s 
polynomial of degree n: 


P,(z) = F(—n,n+1; 1;4(1—z)). (16.2-1) 
The general case 
F((—n, b; ¢; 4(1—z)), (16.2-2) 


where 7 is an integer = 0, takes a more symmetrical form with respect to 
z= 1 and z= —1 if we apply the transformation (16.1-35) to (16.2-2). 
We get 

z-1 
z+1 


wet'r (=n, ze. )- =3 A(z—1)(2+)'"",  (16.2-3) 
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where the coefficients A,, kK = 0,1,..., are determined as follows. By 
virtue of (16.1-22) we have 


b—c 
A _ (=n)e—b)k _ n! ( k 
; (c)k! (nk)! (ch 


The part of the denominator involving c may be eliminated if we multiply 
by 


’ k=0,1,. 


or _ e(c+1)...(c+n-I) 


ae te nt} 
for 
(n+c—1\ 
ag | ) 
n c(c+1)...(c+n—1) 
= = (ct+k)... = 
(c), e(c+1)...(e+k-1) (c+k) (c+n—1) 
as es 
whence 


a (OE): 
We can give this coefficient a more satisfactory appearance if we introduce 
the numbers « and £ by putting 
c-l=a, b-c=n+B. (16.2-4} 
Thus we find a polynomial P“(z) defined by 


Pz) = i y ere?) (z-1)(z+1)"’. 


2" Ho \n-v/\ ov 


(16.25) 


These polynomials are named after Jacobi. The first polynomials are 

PE P(z) = 1, Pz) = 4((a+B+2)z+(a—B)), 

PY(z) = A((a+B)? +7(a+ B)+12)z7 +2(a— Bat B+3)z+ 

+(«—p)’ —(a+B)—4)). 
For « = 8 = 0 the Jacobian polynomials reduce to the Legendre poly- 
nomials, 
Substituting z = 1 into (16.2-5) reveals that only the first term on the 

right survives and we get 


P&P) = pe) ; (16.2-6) 
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If in (16.2-5) we replace z by —z and v by n—v we find 


Py ha) = (—1)'Pg (2). (16.2-7) 


For many purposes it is necessary to know the coefficient k, of z” 
in (16.2-5). This may be found by the following consideration. On 
multiplying the expansions 


arya (Ve, ae ad (te 


v=0 v=o \W/ 
we readily find that the coefficient of z” in the expansion of 


(14+z)\(l+z)* = (14+2)'"" 


(A) C2). 


yoo \n—v/ \y, n]} 


whence 


is 


Since 


at) _ (n+6)...(l+¢) _ M(nto+)) 
\n n! nir(E+1) ° 
we may infer that the coefficient of z” in P™ )(z) is 


_ 1 FQn+a+fp+1) 

2"n! F(ntat+B+t) - 
The Jacobian polynomials have real coefficients if a and f are real. The 
coefficient k, is certainly different from zero if« > —1, B > —1. Under 
these restrictions the degree of the polynomials P“(z) is precisely 
equal to zn. 

An alternative expression for the Jacobian polynomials is the modified 
Murphy expression 


(16.2-8) 


p@ (2) = ("2 F(-n, nt+atB+1; «+1; $(1-z)) (16.2-9) 


the corresponding Riemann scheme being 


0 0 =n 
ab he anh 40-2). (16.2-10) 


In the hypergeometric differential equation (16.1-9) we introduce the 
variable z’ = 1—2z. Omitting afterwards the primes we get 


(l—z?)w" + (a+b4+1—-—(a+64+2c+1)z)w’—abw = 0. 
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It follows that the Jacobian polynomials are solutions of the differential 
equation 


(t—z?)w"+(B—a—(2+a+f)z)w' tn(n+o+B8+1)w =0.) (416.2-11) 


16.2.2 — THE RODRIGUES FORMULA 


A remarkable feature of the Jacobian polynomials is the fact that they 
can be defined by a formula which is a generalization of the Rodrigues 
formula (3.1327). 

Let & be one of the numbers 0, |, . . ., 7. We have 


Fern = (n+B)(n+B-1).. -(nt+ B—Kk+1)(z+1)t8-* 
=k! ("5") ¢ irre k 


Similarly 
ee* 
dz “nk 
It follows that (16.2-5) can be put in the form 


(a, B) = G=1)y"er) us n\ d"* ex veo” n+p 
Pa) 2"n! x () a6 1) ar) , 


(e—ayt = (ne! ("*) (eyes 


By virtue of Leibniz’s rule for the derivative of a product we have 


Pz) = Fol \(z? -1)"), (16.2-12) 


CARES 


where the weight function p(z) is given by 


p(z) = i—z)"(1+z)*. (16.2-13) 


In the case of Legendre’s polynomials p(z) = 1 identically. 


16.2.3 — ORTHOGONALITY 


For the considerations in this section the assumptions « > —1,h > —1 
are essential. Proceeding as in section 3.14.2 we may derive relations of 
orthogonality for Jacobian polynomials. We start with the function 


u(x) = p(x)(x?—1)", (16.2-14) 


where p(z) is the function (16.2-13) and » a non-negative integer. Let m 
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denote one of the numbers 0, I, . . ., 7. By integrating by parts successively 
we find 


1 1 
| x™u™(x)dx = (—1)"m if uO Gddx: 
-1 -1 


As long as m <n the function u“~"~) vanishes at x = +1, for it has 
still a factor x?—1. Hence 


1 +1 
[ u®—™(x)dx =u?" Y(x)| = 0. 
-1 - 
Since according to (16.2-12) 
u(x) = 2"n!p(x)P& (x), 
we conclude that 
1 
| p(x)x™P(x)dx =0, m<n. (16.2-15) 
ok | 


There remains the task of the evaluation of this integral in the case that 
m =n. As above we find 


[sum enas = (rat 


1 


u(x)dx 


= (—1ynt fxd bx fo? —1Yrax =n! [" (xt xd, 
If we put |—x = 2¢ we find from (4.7-38) mi (4.7-37) 
[aoa tartax = green et aap teal 
— antares M(ntatdr(nt+Brt) 


FQn+a+B+2) 


and it follows that 
J © plo)" M(x)ae = geeters Pen tat DE(n+ 6+ 
ssid r I(2Qn+a+B+2) 


It is now easy to see that (16.2-15) and (16.2-16) combine into the relation 
of orthogonality (taking into account (16.2-8)) 


(16.2-16) 


1 
[pepe rca coax 
aul 
(0, if m<n, 
={  2FPt)  P(ntatir(nt+Btl) 
Qn+a+ pel I(nt+a+B+1)n! 


(16.2-17) 


if m=n. 


If« = B = O this reduces to the corresponding relations for the Legendre 
functions. 
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16.2.4 — RECURRENT RELATIONS 


Proceeding as in section 3.14.3 we may derive a recurrence formula for 
the Jacobian polynomials (with the same parameters « and 8) which 
reduces to (3.14-11) if a = 6 = 0. Since under the assumption « > —1, 
B > —1 the polynomial P“”(z) is a polynomial of exactly the degree n 
the first theorem of section 3.14.3 remains valid for Jacobian polynomials. 

We start again with (3.14-9), where now P,(z) stands for P{)(z), 
Multiplying both members by p(z)P@(z), m=0,...,n—2 and inte- 
grating between —1 and +1 we find that only the coefficients c,_,, 
€n> Cn+1 Survive. (In the case of Legendre polynomials also c, = 0, 
because zP?(z) is an odd function). Thus we have 


2PR Pz) = Cy g Prev (Z) Gp Pae (Zz) + Cie Pre P(z). — (16.2-18) 
Equating coefficients of z"*! in (16.2-18) yields 
k,, = Cn+1Knt1> 


where k,, is the coefficient of z” in P®(z). It follows that c,,, % 0 and 
we may write 


Pri? (z) = (4,2 +B,)Pe’ (2) + C,Pre(z), | n>O — (16.2-19) 


with 


yee (16.2-20) 
Let h, denote the coefficient of z*~1 in P"(z). By equating coefficients 
of z” in (16.2-19) we find 


has = A,h, +B,k, 
whence 


B = hast —A, h, = A, (a os. =") : (16.2-21) 
k, an k,, 


By g, we shall denote the value of the integral (16.2~-17) for m=n. 
Multiplying both members of (16.2-19) by p(z)P{%/)(z) and integrating 
from —1 to +1 yields by virtue of (16.2-17) 

1 
CoB = An PCs) PSP a) Mx) 
=< 


1 
= Agha] pGa)x"PSMGx)dx 
=f 


1 
= A, aa POMPE M(x)Pdx = 4* gy, 


n -1 n-1 
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whence 


C, = Ae: Bes, (16.2-22) 
An-1 Gn-1 
The values of the coefficients k, and g, may be taken from (16.2-8) and 
(16.2-17) respectively. The evaluation of A, requires another relation 
between binomial coefficients. Differentiating 


(1+z) = ys @ 2’ 
yields 
Az(l+zy"' => vy i) ze 
v=0 v 
The coefficient of z” in 
Az(1+z)*"'(1+z)" = Az(i+z)**87! 


S(t) ACRE). sz 


the desired relation. 
Since 


(z-1)"(z+1)" = (2"—m2""* 4 ..)(2"-™4+(n—m)z"-""1 +...) 
= 2"4+(n—2m)z""'+..., 
it is clear from (16.2-5) that A, is ee to 


LE (2 (2A)eaned Sienn(t) (0h 


2" v=o \N—-V v 
= {nt+a\(n+B 
za 7 (a “)( v _ 


T(nts ges ') - Zn +f) Cae ‘ 


2n+a+f-1 
Fel se i 
Summing up we have 
ae gy FOnte+ Bly 
ak OO 2"n! P(nt+a+B+1) 
h ~ &=f Gaeta _a-B T(2n+a+8) 
2? n—1 2"(n—1)! F(nto+B+i) 
Pedr P(nta+1)r(n+f+1) 
(2n+a+B+1)n! I'(n+a+f+1) 


ky = 


, (16.224) 


In = 
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By easy computation we may evaluate the constants occurring in 
(16.2-19). They are 


_ Qnt+a+B+i(2n+a+f842) 
~  Wn+1)(ntat+B+1) 
(0? —f*)(2n+a+f+1) (16.2-25) 
A(n+1\(n+a+Bh+1)\2n+a+ fp) 
_  (nt+a)(n+p)(2n+a+B+2) 
(nti)(nta+B+i1)2Qn+a+f) 


In order to find a generalization of (3.14-16) for the Jacobian poly- 
nomials with indices « and f we observe that the coefficient of z"*! in 


(2? ye = Pi Pz) — np (2) 
is nk,—nk,, = 0. Hence we have a relation 
(=) 4 10-40) —nPeMa) = F cy) 
Next we multiply both members of this equation by p(x)P@ (x), 


m =0,1,...,2—2. Integrating from —1 to +1 yields for the expression 
on the left thus obtained 


FF penn 4 re renee reyax 
-1 dx 
a p(x)(x? —1) (5 Pp "x)) Ba (x)dx 


where P,,(x) is a polynomial whose derivative is P(x). Integrating by 
parts we get 


P(x)(x? 1) — “Pe (x)Pa(s)| 3 
-| : ©. (o(a(x?=1) £ P(e) FG) 


The first term vanishes. The second term may be evaluated if we bring the 

differential equation (16.2-11) into another form. Since 
B-a—(2+a+B)z = (1+ 8) -z)—-(l+2)(1—z), 

we may bring this equation into the form 


(1-z)**(1 +2)?" Ww) +n(nta+B+1)(i—z+z)'w = 0, 
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(p(z)(1—z?)w’)’ + 4,p(z)w =0, (16.2.-26) 


A, = n(n+a+B+0). (16.2-27) 


that is to say 


with 


Hence the above integral is equal to 
1 
—i, | P(x) PX” (x)P,,(x)dx = 0 
-1 


since the degree of P(x) does not exceed n—1. 
As a consequence we have 


(27-1) : P& (2) —nzP@(z) = a,P(z)+b,P@"(z). — (16.2-28) 
Zz 


Equating coefficients of z” on both sides yields 


(n— iy a nh, = anKn > 


whence 


hy 
a,=—-—. 
k, 


On taking z = 1 and observing that by virtue of (16.2-6) 


pe P(1) = Ce) 


n 
we get 
Ge =i ee, ii ioe! 
n n n—-1 
and so 
b, 2 Sane (16.2-29) 
n 


Inserting the known values for k, and h, we finally have in (16.2-28) 


(16.2-30) 
_ 2 @+a)(n+B) 
2n+a+f ; 
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16.2.5 — GEGENBAUER POLYNOMIALS 


A natural generalization of the definitions of Legendre polynomials by 
means of the expansion (3.13-29) of a generating function is the definition 
of functions C?(z), n = 0, 1,..., by means of 


(1—2zw+w?) 4 = x Ce(z)w" A#0. (16.2-31) 


Expanding the function on the left by the binomial theorem we get 


5-9" (~4) wee—wy =F On wi2e—wy’ 
v=0 v vi 


v=0 


The coefficient of w” is 


(in] 
mae 2z)"— _ arr ") @ayr2+ = z eas (- 1)” (2z yo av 


Thus 


Ci(z) = SF EV'On-» 1)" n-v (97 a 2v 


oy in 20)' (16.2-32) 


is a polynomial. The coefficient of the leading term is 2”(A),/n! and it 
appears that the degree of this polynomial is precisely equal to n if A is 
neither zero, nor a negative integer. The above polynomials are called 
Gegenbauer polynomials. They reduce to Legendre polynomials if A = 4. 
The first polynomials are 


Ci(z)=1, Ci(z)=2dz,  C2(z) = 2A(A+-1)2?-A, 

C3(z) = $4(A4+-1)(04-2)27-2A( + Dz, 

C4(z) = 3A(A+ I(A4+2)(A43)2* — 240+ 1)(A4+2)27 +444 1), 
etc. We wish to derive some properties of the Gegenbauer polynomials by 


using the generating function. In (16.2-31) we replace z by —z and w 
by —w and we get 


| CM —z) = (-1)°C3(z). | (16.2-33) 


This means that C’(z) contains only even or odd powers of z according 
as nis even or odd. 
By taking z = 1 we deduce from 


(1—w)7?4 = ¥ (-ay (-™) » Wwe > (2A), w” 
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that 
(2am 


n! 


Cr(1) = (16.2-34) 


A recurrent relation like (3.14-3) may be obtained by differentiating 
both members of (16.2-31) with respect to w. We find 


(1—22w-+-w?) § vCH(z)w'"! = 24a(z—w) F CH(z)w’. (16.235) 
vel v=0 
Comparing terms with equal powers of w we find 
(n+1)C}, ,(z)—(2n+24)zC}(z) +(n+-24—1)C}_,(z) = 0, (16.2-36) 
valid for n = 0, if we agree that C* ,(z) stands for the constant 0. 


Differentiating (16.2-31) with respect to z yields 


2A(1—2zw+w) At) =P £ cian" (16.2-37) 
Z 


vel 
or 


bee) 


Sy 2c} (aw = * ct, (2)w’. (16.2-38) 


a £ CA) = 20C## (2), (16.2-39) 


‘= 
As usual we denote the leading coefficient in the polynomial C?(z) by k,,. 
Differentiating this polynomial 1 times we have by virtue of (16.2-39) 


ntky = 2"(A)yCo""(Z) = 2"(Ans 


It follows that 


whence 
2"(A)s 


n!} 


k, = (16.2-40) 


in accordance with the remark following the formula (16.2-32). 
We may bring (16.2-35) into the form 


2A(z—w)(1—2zw+w?) Ft) = PY vCd(zyw!, —(16.2-41) 
v=1 


Combining this with (16.2-37) we get 


@—») > - Ci(z)w"* -y vCi(z)w’, 
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whence, equating equal powers of w, 


d d A 
zo, Calz)— = Ca a(z) = na (2)- (16.2-42) 


dz 


This equation corresponds to (3.1414). 

Multiplying both members of (16.2-37) by | — w? and those of (16.2-41) 
by —2w we find, after adding corresponding members of the equations 
thus obtained, 

o a 
2(1—2zw+w)y 4 => ae Ci(z)w’"(L-w?)— ¥ 2ve4(z)w" 
v=1dz v= 
or 


1 


Ls + 29)" =0) es Cixn(ziwy = ae (z)w" 


v=od 


where C+ ,(z) stands for a polynomial which is identically zero. It follows 


that 
d na d pa \c4 
dz Ch+i(Z) = dz Cy-1(2) = (2n + 24)C,(z). 


This equation cormespends to (3.14-13). 
Eliminating dC7_ ,(z)/dz from (16.2-42) and (16.2-43) yields 


(16.2-43) 


é C4. (2)- z < cite) = (n+2a)CH2). | (16.2-44) 


This equation corresponds to (3.14-15). 
The method for obtaining (3.1416) is also applicable to Gegenbauer 
polynomials and we obtain 


(22-1) “ C'(z) = nzCXz)—(n—1424)C2_,(z). _ (16.2-45) 
Zz 
Differentiating both members of this equation yields 
a d 
z?—1) —; Ci(z)+2z — Ci(z 
(2-1) oe (z) es (z) 
d 
= nCh(z)+nz # Ci(z)—(n—-1+2A) — C_.(2). 
dz dz 


Taking (16.2-42) into account we deduce, by eliminating dC}_ ,(z)/dz. 
The Gegenbauer polynomials C?(z) are solutions of the differential equation 


(1—27)w""— (224 1zw’ +n(n+2A)w = 0. (16.246) 
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16.2.6 — ULTRASPHERICAL POLYNOMIALS AND GEGENBAUER POLYNOMIALS 


The differential equation (16.2-11) reduces to (16.2-46) if we take 
a = B = 2-4. Since by appropriately changing the independent variable 
this equation can be transformed into a hypergeometric differential equa- 
tion we have in view of (16.2-34) a formula like (16.2-9), viz., 


Ci(z) = : F(—n, n+; 4+4; 4(1-z)). (16.2-47) 
n! 


The multiplier of the hypergeometric series in (16.2-9) is now 
po _ (A+4), 
n ni 


This leads to the relation 


A z= (24), (4-4, 4-47 
Cr(2) G+h, Pr (2). 


(16.2-48) 


The Jacobi polynomials with « = B are called ultraspherical polynomials. 
Hence Gegenbauer poJynomials and ultraspherical polynomials are essen- 
tially the same mathematical entities. Results obtained for the Gegen- 
bauer polynomials may be translated into results on the ultraspherical 
polynomials, or conversely. Certain properties of the ultraspherical 
polynomials are due solely to their being Jacobian polynomials, others are 
a consequence of the equality of the parameters « and f. 

We can now immediately write down the relations of orthogonality for 
the Gegenbauer polynomials. Taking into account (4.6-26) we have 


[ o-ekerctpar 
0, 
gi-2a, T(n+2A) 

\ (n+A)n!E7(a) 


(16.2-49) 


It is readily seen that this formula implies (3.14-7) if we take A = 4. 


16.2.7 — CEBISHEV POLYNOMIALS 


The expansion (16.2-31)} breaks down if 2 = 0. We may, however, 
consider 
(1-2zw+w?) 4-1 
A 
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and make A tend to zero. Then we find 


—log (1—2zw+w7) = ¥ Co(z)w’, (16.2~50) 
v=0 
with 
A 
C°(z) = lim Cu(2) » m>O0;  Ci(z)=0. (16.2-51) 
A470 A 


Hence, in accordance with (16.2-32), 


Fan} f'n = = ae 
CZ=F (=Dia—y— I) oy >| n>O0. (16.252) 


v=o vi(n—2y)! 


The first polynomials are 
Ci(z) = 2z,  CX(z) = 227-1, = C&(z) = 823-22, 
Ci(z) = 4z*—427+4,.... 


The recurrent relation (16.2-36) is still valid if 2 = 0, but only if 2 = 2. 
In addition we have 
CXz) = zC{(z)—-1. (16.2-53) 


The expression in terms of ultraspherical polynomials takes the form 


gaat ‘(n 1? 


CR(z) = 
n(2) n(2n)! 


pl ae Bz), (16.2-54) 


New light is shed on these polynomials if in (16.2-50) we take w = z > 0, 
zZ = cos q. This is done automatically if in the logarithmic series 
ao mad 
—log(1-z) = } — 
v=1 Vv 
we substitute z = re’? and take the real part. Then we find 


COS V 
a ? , 


«o 
—log(1-2rcos gtr’) =2), 
vel 
whence 
C(cos g) = 2 ene ng, n>0. (16.2-55) 
n 
It is common practice to write 


cos ng = T,(cos @). (16.2-56) 


The polynomials 7,,(z) are called Cebishev polynomials. They are essen- 
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tially Gegenbauer polynomials, for we have 
T(z) = 5 C(z), n>0. (16.2-57) 


The first polynomials are 
T(z) =1, Ty(z) =z, T(z) = 227-1, T3(z) = 423-32, 
T,(z) = 8z*—82z? +1. 


These polynomials can be obtained in a straight-forward manner by 
expanding cos n@ as a polynomial in cos g by elementary computation. 
This may be done in a most easy way, starting with De Moivre’s formula 


(cos p+isin g)" = cosng +i sin ng (16.2-58) 
and equating the real parts. We find 


[4n] n : 
cosnp = x (- 1)’ (”) cos" ?” g sin?” 9, 


whence 
[47] n 
T,{z) = > (-1) (7) 2" 21-27)’, (16.2-59) 
v=0 
The elementary relations of orthogonality for the circular functions 


x 0, if m<#n, 
| cosmgcosngdg = (in, if m=n>0,  (16.2-60) 
‘ Tt, if m=n=0, 


lead to the relations of orthogonality for the Cebishev polynomials 


t 0, if mn, 
| (1-x2)"#7,(x)T(x)dx = {4n, if m=n>0,] (162-61) 
cr, \n if m=n=0. 


We may obtain them by a limiting process from (16.2-49) by multiplying 
first by r7/A? and making A tend to zero, provided that n > 0. The case 
n = Ois trivial. 

From (16.2-58) we also find (replacing first n by n+ 1) 


n+1 
2v+1 


2vt1 


tan} 
sin(n+1)o = ¥ (-1)’ ( ) cos"? @ sin?’*? 
v=0 


and it follows that 


SEED 2 Bessey) (16.2-62) 


sin @ 
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is a polynomial in cos g, whence 


(4n] n = 
U (2) ss zl - us aad # “(1 ~ 2°)". (16.2-63) 


The polynomials U,(z) are called Cebishev polynomials of the second kind. 
They are Gegenbauer polynomials as follows from the expansion 


1 = 
1-z 
if we replace z by re’®. Equating imaginary parts yields 


1 o ~ sin (v+1) 
1-2rcosg+r? v= : 


0 sin @ 
whence 
Ci(cos @) = U,{cos ¢). (16.2~64) 
The first polynomials of the second kind are 
U,(z) = 1, U,(z) = 2z, U,(z) = 427-1, U3(z) = 8z>—4z, 
U,(z) = 16z*—12274+1,.... 


The relations of orthogonality for these functions are 


t 0 if msn 
aes 2\4 a > 2 a 
ge x)? U,,(x)U,(x)dx ne Spon: (16.2-65) 
They are consequences of 
ieee : _ 0, if mn, 
[si (m+D¢ sin (n+ lodge = ie i on, (16.2-66) 


and can be obtained from (16.2-49) by taking 2 = 1. 
Finally we wish to list some relations between the polynomials of the 
first and the second kind, viz., 


2 RS Orde, 


dz 
T(z) = U,(z)—zU,-1(z); 
(1-2°)U,-1(z) = 27,(2)—Tn+i(z). 


They are direct consequences of elementary relations between circular 
functions. 
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16.3 — The hypergeometric series as functions of the parameters 
16.3.1 — REGULARITY 


The series 


F(a, b; ¢;2) = 5 ah (16.3-1) 

v=o (c), v! 
is absolutely and uniformly convergent for |z| < R < 1, independent of 
the choice of the parameters a, b, c, as long as c is neither zero nor a 
negative integer. In order to avoid the difficulty created by the possibility 
of zero denominators on the right of (16.3-1) we prefer to investigate the 


series 
F(a, b;¢;z) _ & (a),(b), 2” 


(16.3-2) 
T(c) v=o I'(c+y) v! 
Recalling (4.6-33), that is the formula 
mi G4”) (16.3-3) 
no? 00 T(n)n* 
we find that 
(a)g(b)y 2" 
n>o|T(e+n) n! 
1 I(a+n) | I(b+n) | I'(n)n* \z|*" 
~ F@r) « nv | I(n)n* r(n)n? T(c+n) | |n'*@-2->| , 
1 ‘ \z|*" 


= 0, 


= lim 
T(a)P'(b) n+ |n'*o~ 4-9 | 


uniformly in |z| as long as |z| S R < 1. Now (a),, (0), and, if n is suffi- 
ciently large, also (c+) are holomorphic functions of their variables 
a, b and c respectively. Hence if a, b and c vary throughout a bounded and 
closed set the moduli of (a),,, (6), and 1/['(c+) are bounded for fixed a. 
Hence there is a constant K, independent of a, b, c and R such that 


(a),(5)n |z|" < K|z|?". 
I(c+n) 
The series 
» K{z|*” 


is convergent for |z| < 1. Hence, if the range of any variable a, b or cis a 
closed and bounded set, the series (16.3-2) is uniformly convergent. It 
follows (section 2.20.3) 
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If |z| < 1 the function F(a, b; c; z) is holomorphic in a, b and c separately 
for all finite a, b, c except for simple poles atc = 0, —1, —2,.... 
The residues at these poles may be found by evaluating the limit of 
(c+n)F(a, 5; c; z) 
n b v 
aa (c+n) > (a), ( 3 za 
v=0 (c), vt 
(a)nai(bner 2") SS (atntl)(btn+1), 2” 
(c)  (n+1)! 550 (c+n+1), (n+2),° 


(16.3-4) 


as c + —n. The last series is dominated by the series 
F(jal|+a+1, |b} +n+1; —|cel+n+1; z) 


and, as a consequence, we may perform the limiting process term-by- 
term. Thus we find 
If we consider the series F(a, b; c; z) as a function of the third parameter 


c, it presents simple poles atc = —n,n = 0,1,..., with residues 
Res F(a, b; ¢; z) = A,z"**F(atn+1, bt+n+1;2+n;z) — (16.3-5) 
with 
A, = (-1)" (4)n41(b)n+1 4 (16.3-6) 
ni(n+1)! 


The first theorem of this section is very important. For if we have 
proved a certain relation between hypergeometric series under restrictive 
conditions for the parameters, the result remains true if these conditions 
are relaxed, provided the various expressions involved have a meaning in 
the general case. 


16.3.2 — GAUSS’S RELATIONS BETWEEN CONTIGUOUS SERIES 


The hypergeometric series considered as functions of the parameters a, 
band ¢ satisfy certain functional relations discovered by Gauss. They are 
relations between the six series 


F(a#], b; ¢; z), F(a, b41; ¢; 2), F(a, b} c+1; z) (16.3-7) 
and the series F(a, 5; c; z). The series (16.3-7), briefly denoted by 
Fay Fas Fyn, Fe-» Fess Feo 


are said to be contiguous to F. They are also contiguous in the sense of 
Riemann (section 15.6.3), but the converse is not true; there are more 
contiguous functions in the sense of Riemann. Gauss’s theorem is a 
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particular instance of Riemann’s general theorem about contiguous 
functions. 

It is readily seen that to pass from F to F,, we must multiply the co- 
efficient of z” by a+n and remove the factor a. This is effected by the 
operator 9+a, where $ has the same meaning as in section 16.1.2. To pass 
from F to F,_, we must multiply the coefficient of z” by n+c—1 and 
remove the factor c—1. This is effected by the operator $+c—1. Thus 


aF,, = ($+a)F, (16.3-8) 
bFy4 = (9+5)F, (16.3-9) 
(c-1)F,- = (9+c-1)F. (16.3-10) 


Next we make use of equation (16.1-13) for F. The corresponding equa- 
tion for F,_ is 
(%9+c—1)—2(9+a—1)(9+6))F,- = 0, 
or 
(9+c—a—z(9+b))(9+a—1)F,_ = (c—a)(a—1)F,-. 
With the aid of (16.3-8) with a—1 written for a we get 
(c—a)F,. = (1—z)9F +(c—a—bz)F. (16.3-11) 


The proof breaks down if a = 1. But we may assume a # 1 and then 
make a tending to 1, as follows from the first theorem of the previous 
section. 
From (16.3-9) we obtain a similar formula with a and b interchanged. 
The equation for F,, corresponding to (16.1-13) is 


(9(9+c)—2(9+.a)(9+5))F.4 = 0, 
or 
(9-z(9+a+b—c)\S+c)F.4 = (c—a)(c—b)zF,4. 
With the aid of (16.3-10) we get 
(c—a)(c—b)F,4 = c((1—z)F’+(c—a—b)F). (16.312) 
Summing up we have 
zF' = a(F,,-—F), 
2F' = b(F,,—F), 
ZF’ = (c—1)(F,_—F), 
2(1—z)F’ = (c—a)F,_+(a—c+bz)F, 
2(1—z)F’ = (c—b)F,_ +(b—c+az)F, 
c(1—z)F’ = (c—a)(c—b)F,,+c(at+b—c)F. 


(16.313) 
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Thus we have seen that each of the functions (16.3-7) can be expressed 
in terms of F and the derivative of F. By eliminating this derivative F’ we 
get fifteen relations between F and any two of its contiguous functions. 

Particular examples of the relations (16.3-13) are Legendre’s relations 
for the complete elliptic integrals. In fact K(z) and E(z) are contiguous, 
as is seen from (16.1-29). The first of (16.3-13) yields (14.5-24), the 
fourth yields (14.5-28). 


16.3.3 —- MIXED RELATIONS FOR JACOBIAN POLYNOMIALS 


In the recursive relations for Jacobian polynomials derived in section 
16.2.4 only polynomials with the same parameters occur. The Gaussian 
relations between contiguous functions enable us to derive relations 
between Jacobian polynomials which present a shift about unity in the 
parameters. We shall give some striking examples. 

First we find by eliminating F’ from the first two relations of (16.3-13) 
the Gaussian relation between contiguous functions 


(b—a)F = bF,,—aF,4. (16.3-14) 


Replacing the variable z by }(1—z), the parameters a, b and c by —n, 
n+a+fB+1 and «+1 respectively, we find, taking into account (16.2-9), 


(2n+a+B+1)P@(z) = (ntat+B+1)POPt(z)+(n+a)Peht (2), 
which becomes, after a shift from B to B—1, 
(2n+a+4 B)P@®-(z) = (n+a+f)P%(z)+(n+a)P@P(z). (16.3-15) 


This remains true if we replace z by —z. On applying (16.2-7) and inter- 
changing afterwards « and B, we also have 


(2n+a+P)PO~*9(z) = (n+a+ B)P&(z)—(n+ p/P P(z).  (16.3-16) 
Subtracting corresponding members of (16.3-15) and (16.3~16) yields 


| PR BOD(2)— POW Pz) am PD (z). (16.3-17) 


From the fourth and the fifth equation of (16.3-13) we find the 
Gaussian relation between contiguous functions 


(c—a)F,_—(c— b)F,_- = (b-a)(1—z)F. (16.3-18) 
Proceeding as above we now find 
H1+z)Qnta+P+1)P%P(z) = nt IFO (2) + (nt Bye? (2) 
or, after a shift from f to B+1, 


HL +z)(2n+at B+2)PH Pt P(z) = (n+ 1) FE P(z) +(n t+ B+ 1PM (2). 
(16.3-19) 
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Replacing z by —z and interchanging « and f we have, by virtue of 
(16.2-7), 


4(1—z)Qnt+a0+B4+2)PCT )(z)= — (nt IFSP (z) + (n tat 1)PM”(z). 
(16.3-20) 


Adding corresponding members of (16.3-19) and (16.3-20) we get 


(L—z)PAt* 2 (z) + (142) Pe PtP (z) = 2P(z). | (16.3-21) 


The fact that in this way many relations for Jacobian polynomials may 
be obtained needs no further comment. 


16.3.4 - THE BEHAVIOUR OF THE HYPERGEOMETRIC SERIES ON THE CIRCUM- 
FERENCE OF CONVERGENCE 


The convergence of the hypergeometric series on the circumference of 
convergence depends on the values of the parameters a, b and c. We may 
assume that neither a nor b is zero or a negative integer, for then the series 
is a polynomial and there is no problem of convergence. 

For the solution of our problem it is more convenient to consider the 
series 


Fe F(a, b; c; z) = Flatv)ro+v) Z 


(16.3-22) 
[(a)r(6) veo = (c+) 


Denoting the coefficient of z" in the series on the right by c, we have 


cynttenend  Elatn) P(b+n) P(apel (16.3-23) 
T(n)n*? T(n)n® I(c+n) 


and it follows from (16.3-3) that the expression on the right tends to 1 
as n— oo. As a consequence the series Z|c,| behaves like 


Hence 
The series (16.3-22) is absolutely convergent on |z| = 1 if 
Re (c—a—b) > 0 (16.3-24) 
and absolutely divergent if 
Re (c—a—b) S$ 0. (16.3-25) 


If 
Re (c—a—b) S$ —1 (16.3-26) 
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the coefficients ¢, do not tend to zero as n — oo and the series turns out 
to be divergent at every point of the circumference |z| = 1. 
Let us now consider the case 


—1 < Re(c—a—5b) $0. (16.3-27) 


It is clear that the series F,, and F,_ satisfy the conditions needed for 
convergence. By eliminating F’ from the fourth and the sixth relation 
(16.3-13) we get 

c(i—z)F = 2(b—c)F,4+cF,.. (16.3-28) 
It follows that under the conditions (16.3-27) the series (16.3-22) is 
convergent on |z| = 1, except possibly at z = 1. However, the con- 
vergence is not absolute. 

There remains the case z= 1. This is not quite so easy and we need more 
information than is contained in (16.3-3). For this purpose we use 
Stirlings’s theorem for the gamma function. The formula (4.9-3) may be 
written in the form 


log ['(z) = (z—4) log z—z+log V2n-+ p(z) 
and it follows that 


I'(z+a) 


lo 
I(z)z* 


= (e-+a~4) log (1+ £) -a+u(e+a)~n(2). 
Zz 
Now 
(z+a—4) log (1+ “) = a+O(|z|~*) 
Zz 
and (4.9-10) states that 


HZ) = O(\2|~*) 


and is p(z+a), provided that z > oo receding indefinitely from the 
negative real axis. 


Thus 
P@+4) _ 1 40(2\-). (16.3-29) 
I(z)z° 
In particular 
Tet) eieogy) (16.3-30) 
T(n)n* 


The convergence of the series 


de a I(a+v)'(b+y) 


16.3-31 
v=o I(c+yv)v} ( 
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may be examined by comparing it with the series 
= I'(—s+yv) 

-i ) —____— 16.3-32 

2 y ( =>, I(-s)v! ( ) 


with s = c—a—b. For the time being we suppose that s # 0. By multi- 
plying the series 


(1—z) = ¥(-1) (*) 2” (16.3-33) 
v=0 
by 
(1-z) t= -5 2” 
we easily find that the sum of the first n+ 1 coefficients in (16.3-33) is the 


coefficient of z" of the expansion of (1—z)*~+, that is to say, the sum of 
the first n+ 1 terms of (16.3-32) is equal to 


(—1)" (°-") = P(-s+nt1) 
I(-—s+1)n! 
From (16.3-3) follows that 
I'(-—s+n+1) 
T(n+i(n+tl* 


as n > 00, and since 0 S Re (—s), s ¥ 0, by assumption, the sum of the 
first n+1 terms of (16.3-32) does not tend to a finite limiting value. 
Hence this series is divergent. 

Next we observe 


I(atn)I(b+n)  _ —‘(a)T(b) no 
I(c+n)l(a+b—c+n) 7 I'(c)I'(a+b—c) Cae B 


It follows that the series (16.3-31) behaves like the series 


EC (8) aoe. 


It is clear that the series of error terms, being the series 


is convergent and from the above considerations we may conclude that 
the series (16.3-31) is divergent. If a+5—c = 0 we compare the given 
series with the divergent series 
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As above we find that the series (16.2-31) is also divergent in this case. 
Summing up we have 

On the circumference of convergence |z| = 1 the hypergeometric series is 
absolutely convergent, if Re (ec-~a—b) > 0; 
conditionally convergent, if —1 < Re(c-a—b) S$ 0, and z #1, 
and divergent at z = 1; 
divergent at every point of |z| = 1 ifRe (c—a—b) < —1. 

This theorem implies Abel’s theorem about the behaviour of the 
binomial series on the circumference of convergence. In view of (16.1-25) 
we may state 

On the circumference of convergence the binomial series (2.16-20) is 
absolutely convergent, if Re s > 0; 
conditionally convergent, if —1 < Res <0,z 4 —1, 
and divergent atz = ~1; 
divergent at each point of the circumference if Res < —1. 


16.3.5 — GAUSS’S METHOD OF EVALUATING F(a, 5; c; 1) 


If Re (c—a—b) > 0 the series F(a, b; c; 1) is convergent. If, moreover» 
Rea > 0 the relation (16.1-47) is valid. Hence by making z tend to 1 
on the real axis from the left we find by virtue of Abel’s theorem of 
section 1.8.1 


I'(c)i(c—a—b) 


EGOS remaree hy 


(16.3-34) 


Since both sides of this equation are holomorphic functions of a the 
restriction Re a > 0 may be dropped. 

An interesting straight-forward method of evaluating F(a, b; c; 1) is 
due to Gauss. First we observe that the series F and F,, occurring in the 
last relation listed in (16.3-13) are convergent at z= 1, as is (l—z)F’. 
If c, has the same meaning as in section (16.3.4) we have 


si(@)® F(a, b3 ¢;z) = ¥) ez” 
T(a)I(b) va 
and from (16.3-3) follows 


lim ne,n°~4~? = 


nwo 


Hence nc, > 0 as n — oo. But 


TE § (vey (9—Hev-a)e"" 


(1-z)F' = Te 
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On the right we take z = 1 to get 
F(a)r(e) (ve,—(v—1)e,_ 1) = La) lim ne, = 0, 

T(c) vel T(c) noo 

whence 
lim (1—z)F’ = 0, 

if z tends to 1 along the real axis from the left. Thus we see that the last 
equation of (16.3-13) reduces to 

c(c—a—b)F(a, b; ec; 1) = (ec—a)(e—b) F(a, b; c+ 1; 1). 
Repeating this process we find for every positive integer n 

F(a, bc; 1) = (c=a)(e— bs F(a, b; c-+n; 1). 
(c),(c—4— b), 

If a, b and ¢ are fixed numbers the series F(a, b; c+n; 1) is uniformly 


convergent with respect to n. Since each term, except the first, tends to 
zero, we have 


lim F(a, b;c+n;1) = 1. 


nwo 


On the other hand 
(c—a),(c—b), ae (c—a+v\(c—b+y) 
(c),(c-—a—b), v=0(e+v\(c—a—b+y) 
_'T VY +(2e—a—b)v+(c—a)(c—b) 
v=0 v?+(2c—a—b)v+c(c—a—b) 


-T (14 eres ee ener E 


=0 \ v?+(2c—a—b)v+c(c—a—b) 


By making »# tend to infinity we obtain a convergent infinite product 
(section 4.1.1). From (4.6-8) we now conclude that (16.3-34) is true. 
It should be noticed that in this reasoning only the assumption 
Re (c—a—b) > 0 has been used. This assumption cannot be relaxed. 


16.4 — The fundamental system in the case that the third parameter 
is an integer 
16.4.1 — GENERAL CONSIDERATIONS 
If c is not an integer the series 
Woi(z) = F(a, b: ¢; 2) 


: (16.4-1) 
Woi(z) = z' °F(a—c+1, b—c+1; 2—c; z) 
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constitute a fundamental system of solutions of the hypergeometric 
differential equation (16.1-9), valid in the disc [z| < 1 and corresponding 
to the exponents 0 and 1 —c respectively. If, however, c is an integer the 
series (16.4-1) do not represent a fundamental system. For if ¢ < 0 the 
first series has no meaning, if c = 2 the second fails to make sense and if 
c = 1 the two series coincide. In these exceptional cases we are up to now 
in possession of only one solution and there arises the problem of finding 
a second independent solution. 

Let us consider any linear combination w(z; c) of the functions (16.4-1), 
assuming first, of course, that c is not an integer. If primes indicate 
differentiation with respect to z, we have 


z(1—z)w"(z; c)—((a+b4+1)z—c)w'(z; c)—abw(z3c) = 0. (16.4-2) 
As we know the function w(z; c), considered as a function of the variable 
c, is regular at all points different from 0, —1, —2,... etc. (section 
16.3.1). Differentiating we get the left hand member of (16.4-2) with 
respect to c 


as ab is == —w’'(z, c). 
dc oc 


z(1 gy Oe — ((a+b+1)z—-c) 
oc 


If we are able to select w(z; c) in such a way that 


lim w(z; c) = 0, (16.4-3) 


com 


m being an integer, the passing to the limit being uniformly with respect 
to z if |z| S R < 1, then also 


lim w’(z; c) = 0, (16.44) 


cm 


uniformly in |z| S$ R< 1. Since differentiation with respect to z and 


with respect to c is interchangeable, we conclude that 
8 025 Neon (16.4-5) 
dc 


is again a solution of the given hypergeometric differential equation. In 
the next sections we consider the cases m = 1 and m # 1 separately. 
16.4.2 — THE CASE THAT THE THIRD PARAMETER IS UNITY 
If c is not an integer then 
w(z;c) = —z!~°F(a—c+1, b—c+1; 2—¢; z)+ F(a, b; c; 2) 
is a solution of (16.1-9) which satisfies (16.4-3). 
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é 1l-e 

a w(z3c) = z' °F(a—c+1, b—c+1; 2—c; z) log z+ 

c 

t-e é a 

— F(a—c+1, b—c+1; 2—¢; z)+ — F(a, b; ¢; z) 
Oc dc 


and by making e — 1 we have 


0 0 é 
ae F(a, bs 132)logz + (= + < +22) F(a, b; c; z) 
This solution has a logarithmic singularity at z = 0 and is, therefore, 
independent of F(a, b; 1; z). 

Thus 

If c =1 then a fundamental system of solutions of the hypergeometric 
equation at z = 0 is given by the functions 


F(a, 6; 1; z) 


c=) 


e=1 


(16.46) 
F(a, b; 1; z) log z+ F*(a, b; 1; z) 
with 
F*(a, b; 132) = (= + 2 +2 2) Fea, b; c; z) (16.4-7) 
da ab c= 


Because of the uniform convergence it is legitimate to differentiate 
the series F(a, 6; c; z) term by term, where a, b and c are variables which 
take after the process of differentiation their given values. We notice that 


d d@ T(ztn) _ 
am =. dz T(z ) = (P(z +n)— ¥(z))(Z)n 


where W(z) is the Gaussian function (4.8-1). A straightforward computa- 
tion yields (neglecting a term involving F(a, 5; 1; z)). 


y “ = (log z+ P(atv)+ ¥(b+y)— 2M(1+v)). (16.4-8) 


If a or b is zero or a negative integer the series on the right terminates 
after a finite number of terms. 


16.4.3 — THE CASE THAT THE THIRD PARAMETER IS AN INTEGER LESS THAN 
UNITY 


Now we focus our attention on the case thatc = —m,m = 0, 1,2,.... 
In view of (16.3-5) it is natural to consider the linear combination 
w(z3c) = —A,,z1*™F(a—ct+1, b—c+1; 2—c¢; z)+(c+m)F(a, b; ¢; 2), 

(16.4-9} 
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where c is a variable and 4,, the constant (16.3-6) (with n = m). It is 
clear that (16.4—3) is satisfied. 
Since 


0 
— w(z;c) = A,z'*"F(atmt+1, b+m+1;2+m; z)logz+ 
oc c= 


= 


° 
—A,,z'*" = F(a—c+1, b—c+1;2-c; z) 


Cc c=—m 
: | 
+ —(c+m)F(a, b; ¢; z) 
6c c=-—m 
we may state 
If the third parameter in the hypergeometric differential equation (16.1-9) 
is an integer — m less than unity then a fundamental system of solutions 
consists of the functions 


z'*™"F(at+m+i, b+m+1;2+m; z), 
Anz) *"F(atm+1, b+m+1;24+m; z)logz+ (16.4-10) 
+F*(at+m+1, b+m+1; 2+m;z) 
with 
Ag, = (—1)" meme (16.4-11) 
mi(m+1)! 
and 


F*(atmti, b+m4+1; 24m; z) 


= = Agz!*" 2 Flame, b—c+1;2—c;z) 
c 


c=—-m 


+ - (c+m)F(a, b; c; z) ; (16.4-12) 
c c=—m 
It is clear that the second solution will be free from the logarithm if 
Am = 0, i.e., if a or b takes one of the values 0, —1,..., —m. Otherwise 
stated 
There is no solution with logarithmic singularity at z = 0 if and only if 


m 


T] (a+v)(b+y) =0. (16.4-13) 


v=0 
A fundamental system is now given by (16.4-10) with c = —m. In this 
case the first series makes sense for we can solve the recurrent relations 
(16.1-17). 
We proceed to evaluate (16.4-10), supposing that 4,, # 0. Observing. 
that 


(a+m+1), = Qmtits (16.4-14) 
(4) n+ 1 
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which is equal to (m+1+7)!/(m+1)! if a = 1, we may write the loga- 
rithmic term 
oo mtyt+t 
AS (a+m+1),(b+m-+1), z 


m —— log z 
v=0 (1+m+1), v! 

as 
(-" $ _@OW) 209, 


m! v=m+1(v—m-—1)! y! 


The second term can be found from 
—A,,z'*™ & F(a—c+1, b—c+1;2-c; z) 
Cc 


mw (a—c+1),(b—c+1), 2” 
v=0 (2—c), v! 
x(V(a—ct+l—v)+ ¥(b—c+1—v)—V(z—-c+v) ++), 


—_ it 
=A,,z 


by making c > —m. The asterisk denotes terms which are independent of 
v and in the limit their contribution is a constant times the first series 
(16.4-10). Since this is a solution we may neglect it. The other terms yield 
the series 


mtyt+t 


A> (at+m+t1)(b+m+1), z 
Am de (1+m+1), v! 
x (V(at+m+1+v)+¥(b+m+1+v)—P(1+m+1=y)) 
and with the aid of (16.3-14) this may be written as 
(=I) Sy _ 2 wea 4.5) 4 ¥(b-+9)—¥(1-+9)). 
m! v=m+1(v—m—1)! v! 
Taking (16.3-4) into account, we see that the last term in (16.4-12) 
becomes 
™ (a),(b), 2” 
> (a),(b), 2” 
v=0 (—m), y! 
1l+m 
+ # (a) (m1 : Flat+m+1, b+m+1;2+m; z)+ 
de (elm c=-m (1+m)! 
Any (a+m+1),(b+m+l1), z 
=0 (1+m+1), 


Neglecting a constant multiple of the first series (16.4-10) and observing 
that 


m+v+1 


——— (¥(1+¥)— (1). 


(—m), = (-1)" 


e Th 
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we get for the remaining term the expression 


5,0), (-y = FF OOF may, 


m m! v=m+i(v—m+1)! y! 


Multiplying by (—1)"m! we may infer that a second solution can be 
represented by 


DIG 1)**"(a),(b)(m—v)! 7 4 


~ _(a)(b)y 2” 


=m+1(v—m-—I)! v! (log z+ P(a+y)+ M(b+¥)+ 


—¥(—m+v)— (1+). (16.4-15) 


If a or bis zero or a negative integer the last series terminates after a finite 
number of terms. 


46.4.4 THE CASE THAT THE THIRD PARAMETER IS AN INTEGER EXCEEDING 
UNITY 


The case for which the third parameter is an integer m > 1 may be 
reduced to the previous case by the following remark; if w(z) is a solution 
of a hypergeometric differential equation, then the function w,(z) defined 
by 

w(z) = z'~*w,(z) (16.4-16) 


satisfies a hypergeometric differential equation with parameters a, 
=a—c+1,b,=b—c+1, c,=2—c, whereas c, takes the integral value 
—m, = 2-—m. Applying to F(a,, by; ¢,;z) the results of the previous 
sections we first have 

If the third parameter in the hypergeometric differential eluation (16.1-9) 
is an integer in exceeding unity a fundamental system of solutions at z = 0 
consists of the functions 


F(a, 6; m; z) 
(16.4-17) 
B,,F (a, b; m; z) log z+ F*(a, b; m; z) 
with 
B, = (—1 2a Vm—1(b—=m+Vm—1—(46,4-18) 


(m—2)!(m—1)! 


and 
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+ 


c=m 


F*(a, b; m; z) = By F(a, b; ¢; 2) 


= zt" © (c—m)Fla-c+1, b=e4 1; 2-6; 2) (16.4-19) 
ce 


c=m 


In addition we have 
There is no solution with logarithmic singularity at z = 0 and only if 


m-1 
[] (a-v)\(b-v) = 0. (16.420) 
v=1 

In the case that B,, # 0 we may obtain from (16.4-15) a second solu- 


tion in the form 


m—-2 27 m+ 


NG 1y'*"(a—m+1),(b—m+1),(m—2- vt 2 + 


cos _ (a) (b)y = (log z+¥(a+v)+¥(b+v)—VY(m-+yv)— (1+). 


v=0(v+m—1)! v! 
42 
where C,, = (a—m+)m—1(b—m+ WD m—1 (16.4-21) 


It is interesting to notice that the expansion still makes sense for m = 1, 
for it reduces to (16.4-8). 

Finally we make the remark that exceptional cases at the singularity 
z = 1| occur if c—a—b is an integer and that there is an exceptional case 
at z = oo if a—b is an integer. By the well-known transformation these 
cases can be reduced to those considered above. 


16.5 — Barnes’s contour integrals 


16.5.1 — INTRODUCTION 


A very powerful tool which has found many applications in the theory 
of the hypergeometric functions is provided by a certain contour integral 
introduced by S. Pincherle and R. Mellin. It is usually referred to as 
Barnes’s integral, because E. W. Barnes has shown the great value of this 
integral for the study of the hypergeometric functions. 

The idea is simple. In section 3.7.2 we obtained by means of a certain 
standard function g(s) a sum formula for a series associated with a 
certain function f(s). The general result is stated in equation (3.7-10). 
A useful standard function is the function [(—s). It has simple poles at 
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s=n,n=0,1,2,...and the residues are 
= 1 n+ 
Res I'(-s) = ( “) ; (16.5-1) 


as follows from (4.6-12). Assuming that f(s) is holomorphic in a region 
containing the closed contour C, we may conclude that 


yO = [ores 
the terms on the left corresponding to the poles of F(—s) within the 


contour. It is understood that the winding-number of C with respect to 
these poles is one. If we take 


I'(a+s)I(b+s) 
19) = EE 
where 
(—z)* = exp (slog (—z)), 
log (—z) = log |z| +i arg (—z), Jarg (—z)| < a, (16.5-2) 
then a sum of the type 
- py Chas LACE) z (16.5-3) 


v I'(c+y) v! 


appears. Apart from a multiplicative constant these terms are those of a 
hypergeometric series. If we wish to produce all terms of the hyper- 
geometric series the contour C cannot be a closed path in the finite plane, 
but must extend to infinity. Following Barnes we take for C a path which 
starts at —ioo and goes along the imaginary axis to +ioo, curving to put 
the poles of '(a+s) and ['(b+s) to the left of the path and to put the 
poles of '(—s) to the right of the path, (fig. 16.5-1). This is possible, 
provided that neither a nor b is a negative integer or zero. A contour of 
this type will be called a Barnes contour. 

The main theorem may be stated as 

The function 


ya LP? Mets +5) 7 _ yay as 6.5-4 
F(z) if Te -N-afes 65-4) 


where the integral is taken along a Barnes contour is holomorphic in the 
region larg (—z)| < x (that is the complex plane slit along the positive 
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Fig. 16.5-1. A Barnes contour 
real axis) and, if c is not an integer < 0, represents the series 


HO) F(a, b; c; z) (16.5-5) 
I(c) 
when |z| < 1. 
This theorem implies the statement: The function F(a, 5; c; z), defined 
by the power series 


Ic) S T(atv)r(b+y) 2” 
I(a)r(b) v=o =-F(c+v) vt 
when |z] <1, can be continued by analytically as a single valued 


function throughout the whole z-plane cut along the real axis from 
1 to co by means of (16.5-4). 


16.5.2 — PROOF OF THE REGULARITY 


First we shall prove the following more general theorem 
The integral 


Fa) = I(—s\(—z)'ds | (16.5-6) 


2ni 


i I'(a+s)I'(b+s) 
a-io I'(c+s) 
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represents a holomorphic function in the region |arg (—z)| < 2, provided 
that the path of integration which is a line parallel to the imaginary axis 
does not contain any pole of the integrand. 

By virtue of (4.6-13) we may write the integrand as 


—) a (oz Go) 
with 
a T(a+s)(b+s) 
8) =F ergr(its)’ UGS) 


Our main task will be the investigation of the behaviour of the integrand 
for large values of |s|. 

Let 6 denote a positive number < z. For every z in the set |z| > 0, 
jarg (—z)| S x—6d and for every s = p+qi we have 


(—z)° = lexp ((p + ig)(log |z| +i arg (—z))| 


exp (p log |z|—q arg (—z)) S exp (p log |z|+(x—5)\ql) 
= |z|Pe™ lal, 


From (1.10-17) we deduce 


co T ae 
jsin zs] /sin? xp+sinh? xq __ [sinh 7q| 
T 2n 


—— oo —nx\ql 
sinh xlg] 1—e72*l#! 
Hence, to a given number gy > O corresponds a number K such that 


Tt = 
< Ke™™!4, 


|sin zs] 


provided that |q| > q). Combining this with the above result we see that 
for |q| > qo 


Tv 


(—z)*| < Klz|?e7 214, (16.5-9) 


sin 7s 
Next we turn our attention to &(s). Writing this function as 
I(a+s) T(b+s) I(s)  I(s) 
T(s)  (s) (c+s) r(i+s)’ 
we deduce from (16.3-29) that 
G(s) = s*(1+0(1)), (16.5-10) 
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where x stands for a+4—c—1, uniformly in larg s| < x—6. Now 
js*| < lexp (x log s)| = exp ((Re x) log |s| —(Im x) arg s). 
For |s| = 1, jJarg s| S x—6 it follows that 
Is*| < exp ([Re x|log |s|-+(—)|Im x|) < K,|s|®**!,  (16.5-11) 


where K, is a constant independent of s. It follows from (16.5~10) that 
there is a constant R = 1 such that 


|®(s)| < 2\s*| 


provided that |s| 2 R, |arg s| < x—6. Combining this with (16.5-11) we 
find 


|G(s)| < 2K,|s|'"°*! < K,(1+[s|)/®e*!, (16.5-12) 


where K, is again a constant independent of s, provided that |s| = R, 
jarg s| S 1-6. 

Now we are sufficiently prepared to prove the assertion stated above. 
Let w,, w, denote two numbers such that either w, > wy > qo or 
Wy, <W2 < —Qo, Where gg is a certain positive constant. We may take 
Go in such a way that for s = a+ig, |q| > qo the estimate (16.5-12) 
is valid. By virtue of (16.5-9) there is a constant, again denoted by K, 
such that for |z| > 0, [arg (—z)| S s—6 we have 


+iw2 * 
al FataM(b+8) ry _ 3 _ spas 
2tidasiw,  U(e+s) 


< K| (1+({s|))e*l[z[te7 "2 dg. 
It is clear that the integral 
foe} 
} (1+ |s))®e*le“ lag 
—-o 


is convergent. It follows that, if z is restricted to a closed and bounded 
Set, to a given e > O corresponds a number gy > 0 such that 


Af ete) (sy —2Y ds <6 


atiw; I'(e+s) 


2ni 


that is to say, the integral (16.5-6) is uniformly convergent. 
Reasoning as in section 2.20.5 we may conclude that the assertion 
stated at the beginning of this section is true. 
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16.5.3 ~ EVALUATION OF BARNES’S INTEGRAL 


The evaluation of the integral (16.5—-4) is made possible by the follow- 


ing assertion 
1 B tic a t+ico 
a he 
2ni \J B-iw a-iw 


The difference 
of two integrals of the type (16.5-6) is equal to the sum of the residues of the 
integrand between the vertical lines Re s = a, Re s=B, provided, of course, 
that none of these lines pass through a pole of the integrand. 

This assertion is a direct consequence of the fact that 


tiw 
lim f Piet NOS) eazy 2.0) (16.5-13) 
atiw I'(c+s) 

In fact, if |w| is sufficiently large, the rectangle with vertices «—iw, 
B-iw, B+iw, «+iw encloses all the poles of the integrand between the 
two lines under consideration. 

For the proof of (16.5-13) we employ the same technique as in the 
previous section. If |w| is sufficiently large and |arg (—z)| S x—6, |z| > 0 
we know that there is a constant K, independent of z and s, such that 


fale F(a+s)I(b+s) 
Yatiw e+ s) 
If y = max ({a|, [8|) then on the path of integration |s| < y+ |w|. Further 
jz|? S Rd, if z is taken from a closed and bounded set, Ro being an 


appropriate constant. By Darboux’s theorem of section 2.4.3 the integral 
on the right is dominated by 

(1+y+ wl)! *tRRe719(B — x) 
and, therefore, tends to zero as |w| > oo. This concludes the proof of 
(16.5-13). 

Next we take « = n in (16.5-6). If 1 is a sufficiently large integer the 
poles of [(a+s)(6+5) are on the left of the path of integration. By a 
small indentation we can achieve that no pole of ['(—s) is on it. We 
contend that the integral tends to zero as n — oo, provided that |z| < 1. 
This follows from 


ie I'(a+s)P(b+s) 
Pie I(c+s) 


wrw 


I'(—s)(—2)*ds <k|- (1+ |s})!°*!] 2)“ ap, 


I'(-s)(—z)'ds <x (1+ |s{)!Re*lz["e~ 4 dg 


< Kis { (L+n+lq))** "le" !"dq. 


The last integral is convergent. 
A direct consequence is that the integral (16.54) taken along a Barnes 
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contour is equal to the negative sum of the residues at the poles of the 
integrand to the right of the contour and this is precisely the last 
assertion of section 16.6.1. 

A very remarkable result presents itself if we evaluate Barnes’ integral 
for |z| > 1. Leta = ~—n, where x is again a positive integer. If a or bis a 
positive integer the path of integration is indented, so that the pole, which 
should otherwise lie on it, lies to its left. We now have 


el T(a+s)I'(b+s) 


et: Tes) I'(-s)(—z)*ds 


[a0 "_(~2)'ds 


Oe Lies sin 7s 


= i @(s—n) —*_(-2)""ds 
ie sin 7s 


< Kil" (1+|s—n])!Re*le~ "4 ag 


and this tends to zero as nm — oo under the assumption |z| > 1. 

It is now clear that the Barnes integral (16.5-4) for |z| > 1 is equa] to 
the sum of the residues of the integrand at the poles of P(a+s)I'(b+5). 
These poles are -—a—n and —b—n, n = 0,1,... and are simple if we 
assume that a—b is not an integer. Under this assumption the integral is 
equal to 


= I(b-a—v(aty) ( 
% I(c—a~—y) 


2 (-- Ze + 


= [(a—b—v)(b+yv) (-1)", _.-5-y 
4 § Maxb-Mb+y) (=I) _ yo 
veo I(c—b—yv) y! 
Now, in view of (4.6-13) 
[(b-a-n)(a-b+1+n) = al) = (-1)'T(b-a)I(a—b +1) 
sin 2(b—a) 
and a similar equation holds if we interchange a and b. 
Hence the above expression takes the form 
[b=9) are T(a—b+1) S (atv (a-c+14+y) 27” " 
[(e-a) ss F(a—c+1)v=0 = F(a—b +1 +) y! 
ra 1a) eee Seed) = F(b+yv)(b-c+1+yv) 27” 
I(c—b) I(b-c+1)v=0 I(b—a+1+y) y! 
a OS) 6d eae anita bho ys 


I(c—a) 


T'(b)'(a—b) oe 


~°F(b, b—c+1; b—at1; 27‘), |arg(—z)| <2. 
T(e—b) ee ), larg(—z) 
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This is, however, the result stated in (16.1-56). In this proof the par- 
ameters are only restricted to the condition that the various expressions 
have a meaning. 


16.5.4 — THE COMPLEMENTARY REPRESENTATION OF THE HYPERGEOMETRIC 
SERIES 


An alternative representation of F(a, b; c; z) is provided by the integral 


~| “Te +3)F(b+3)I(c-a p92 (16.5-14) 


which we shall call a complementary representation, because in the inte- 
grand occurs the variable 1—z. The path of integration is again a Barnes 
contour, curved in such a way that the poles of [(a+s)I'(6+5) are to the 
left and of ['(c—a—b—s)I(—s) to the right. This is always possible if 
neither c- a, nor c—b is an integer. 

Proceeding as in the sections 16.5.2 and 16.5.3 it can be proved that 
the integral (16.5-14) represents a holomorphic function in the region 
Jarg (1—z)| < x,z # 1, and is equal to the negative sum of the residues 
of the integrand at the poles to the right of the path of integration, 
provided that |1—z| <1. These poles are at s =n and s = c—a—b+n, 
n=0, l,2,.... Supposing that c—a—D is not an integer the value of the 
integral turns out to be 


¥ Mat iyr(o+y)Me-a—b-9) TF (1-2) 


+ > re—a+v)F(e=b+s)M(a+b—c-v) ( (=z), 
y=0 ve 


Since 

P(c-—a—b—n)(at+b—c+14+n) = (-1)'T(c-—a—b)(at+b—c+1) 
and 

T(a+b—c-n)I (c~a—b+14+n) = (—1)'T(at+b-c)(c—a—b-1) 
the above expression may be put in the form 


GONE Tet) ar 


2° P(c-atv)l'(c—b+v)(1—z) 
veo I(c—a—b+1+) v! 


+T(a+b—c)(c—a—b+1)(1-z)*” 
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_ I(c—a—b) 
I(a)r(b) 


I'(a+b-—c) ties 
I'(c—a)I'(c—b) 


F(a, bs a+ b—c+1;1-z)+ 


z)°-*~’F(c—a, c—b; c—a—b+41; 1—z). 


Comparing this with (16.1-53) we may infer that 
The integral (16.5-14) is an analytic continuation of the series 


Fae) I'(c—a)I'(c—b)F(a, b; ¢; z) (16.5-15) 
T(c) 
into the region |arg (1—z)| < 2,z# 1. 
The equation (16.5-14) has been obtained under restrictive assumptions 
about the parameters. In view of the results of section 16.3.1 it is valid 
for all values of the parameters for which it makes sense. 


16.5.5 — LEGENDRE’S COMPLETE ELLIPTIC INTEGRALS 


If we make a and b tend to 4 and c tend to 1 in the integrals (16.5-4) 
and (16.5-14) we find from (16.1-29) two representations of Legendre’s 
elliptic integral of the first kind as a Barnes integral, viz., 


Ke = d i I'(h+5) r(_ 5y—-2)"ds, 


larg (—z)| < 2, 


2ni J iw (1+) 
(16.5-16) 
and 
2nK(z) = + i) " Pd¢syr(—s(1—2)'ds,| arg (1—2)| < 2. 
20 J io 
(16.5-17) 


Replacing z by 1—z in (16.5-17) we obtain from (14.5-12) a useful 
representation of Legendre’s elliptic integral of the second kind 


to0 
2nK'(z) = =| r(4+s)I?(—s)z*ds, jargz} <<. (165-18) 
— ico 


Assuming |z| < 1 the integral on the right of (16.5-16) is equal to the 
negative sum of the residues of the integrand at the points s = n,n = 0, 
1,... and yields, therefore, the power series expansion 
© (4+) 


2K(z) = 2 (1+) 


2”, (16.5-19) 


in accordance with (14.5-11). 
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In a similar way we may find an expansion of K’(z) starting with 


(16.5-18) and assuming again |z| < 1. By virtue of (3.3-4) the residue of 
the integrand at s = nis 


£ (s—n)'T(— P54" 


s=n 


= (n44)2" . (—nr(—-8)|_ + AGP (ntar(ne det 


(n 7 
2 
ce at (n+4)z" log z, 
because in view of (16.5-1) 
1 
lim (s—n)?P'?(—s) = . 
lim (¢—m)P(-3) = 


In order to evaluate d/ds (s—n)*I'?(—s)|,_,, we observe that 


Fe a er er i Pe ep cu) 
(—s)((-s+1)...(—s+n) s(s—1)...(s—n) 


whence 


4 ,_arry—s)| =-—2(FM 1 41) r*a) z 
7A yr2(—s) 2( ed .  (16.5-20) 


T(t) (n!)? 


Introducing the function (4.8—-1) we may write the residue of the integrand 
at s=n as 


Sn 


r?(n+4) 1 
2 (log z+2¥(n+ 2(v()+ > +. +4) ; 
rire Ve (n+3)-2{ M1) a 
In view of (4.8-4) we have 
2 2 2 
P(n+4) = ——— + +...¢— +¥(3). 
(n+4) 2n—1 2n-3 1 @) 
The equations (14.587) state that 
¥(1)— ¥(4) = 2 log 2. 
Accordingly we have 
1 1 1 1 1 
P(n+4)—VP - Fa. Se2(-5+. 5 —2 log 2 
(n+4) @) 1 n 1 2 2n 


and the residue of the integrand at s = n turns out to be 


P(n+4) on fiog 2 44(1 ae - 
Pint) Zz (wed +4 Gj : )} .  (16.5-21) 


1 
nS 
16 1 2 2n 
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As a consequence we obtain the expansion 


oe ~ M'(v+4) phe ot. et 
2ak'(2) = — & Tava) (1 Res gi6+4 (- ee x): 
(16.5-22) 


in accordance with (14.5-89). The expansion is valid in the region |z| < 1, 
jarg z| < x. 
In a similar way we can expand K(z) in a series of ascending powers of 
1 for the integral on the right of (16.5-16) is equal to the sum of 
the residues of the integrand at s = —n—4,n = 0,1,..., provided that 
|z| > 1. The residue at s = —n—tis 


& £ (s+n+4)T46+3) nia ae z)° 


s=—n-} 


é . (s-4n-+4)°F%(s-+4)F2(—5) A (2) 


s=-n-t 


id (s—n)*P'?(—s)F'?(s +4) cos ms (—z)~*"* 
a ds 


As above we deduce that this is equal to 


a 3 P*(n+4) | - eee Pudi 1 
~( nn ny "(1s ) +log 16— 4(; ete - 2). 


If we restrict z to |arg (—z)| < 2 we have evidently 
log (—z) = log zF zi, 


the upper or the lower sign being taken as Im z is positive or negative. 
Therefore 


r’(v+4) |» 


ank(2) = (~2)#Y Fae 


16.5-23 
(165-23) 


x (esti 16 $xi-4 ( = +ia 


valid if [z| > 1, Jarg (—z)| < z. 
Combining (16.5-19), (16.5-22) and (16.5-23) we get 


K(z) = Fi(=z)7 *« (= *) + eae « (=). 


Now in the region under consideration (—z)~? = +iz~*, the upper or 
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the lower sign corresponding to Im z > 0 or Imz < 0. Thus we obtain 
the fundamental relation 


K(z) = z+ (2) iz *K’ () »  larg(—z)l< =] (16,5-24) 


This result is difficult to obtain from the Legendre integrals. 


16.6 — Conformal mapping 


16.6.1 — THE MAPPING OF A CURVILINEAR TRIANGLE 


A curvilinear triangle in the s-plane with angles «,7, «7.7, 037, 0 <a, 
%3,%3 <2 is mapped conformally on the upper half of the z-plane by 
means of a function which, in accordance with (14.2~-3), satisfies Schwarz’s 
differential equation 


1—a? re 1-02 a? +a2—02~-1 


s|, = 16.6-1 
Us] 22 A%z—-1) 2z(z—1) ( ) 
This equation is the differential resolvent of a hypergeometric differential 
equation whose parameters may be found by the method described in 


section 16.1.3. Since we may take 

a—b = @;, c-a-b=a4, l-c=a, (16.6-2) 
whence 
a=4(1-a,-a,+03;), b=4(l-a,—a,—-a;), c=1-—a,. (16.6-3) 


The quotient of two solutions which form a fundamental system of this 
hypergeometric equation maps the upper half of the z-plane onto the 
interior of a curvilinear triangle with the given angles. Different funda- 
mental systems lead to different triangles, but all the triangles in the set 
have the same angles and we can pass from one triangle to another by a 
fractional linear transformation. 
We consider more closely the function 
Gee. (16.6-4) 
Wox(2) 
where 
Woi(z) = F(a, 5; ¢; 2), (16.6-5) 
Wo(z) = 21 °F(a—c+1, b—c+1; 2—c; 2). 


Since 1—c = a, > O the corresponding triangle has a vertex at s(0) = 0. 
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Since c-a—b = a, > 0 the series (16.6-5) converge at z = 1 and from 
(16.3-34) we deduce that z = 1 corresponds to the vertex 


diye I'(2—c)I'(c—a)I'(c—b) 


; (16.6-6) 
T(c)P(1—a)F(1—b) 


The vertex corresponding to z = oo may be found from (16.1-56) applied 
to both functions (16.6-5). Making use of the fact that a—b = a, > 0 
we find after some computation 


nia-ey T(a)F(c—b)r(2—c) 


s(co) = e ; 
T(e)I(a—c+1)r(i—b) 


(16.6-7) 
The preceding formulas remain valid if «. = «; = 0. Ifa, = 0 the solu- 
tions (16.6-5) coincide and we have to take the second solution obtained 
in section 16.4.2. This is in accordance with the fact that if a@,=«,=—«,=0 
the functions K(z) and iK‘(z) fulfill our requirements. 

The case that b = 0, ie., a +%,+a3 = 1 deserves mention. The tri- 
angle is rectilinear and we have 


|s(oo)—s(0)| _ |s(co)| __ -F(a)F(i-a) —___sinn(c—a) _ sin ma, 
|s(1) —s(0)| js]: F(e-—a)(1+a—c) sin na sin 103 


in accordance with the sine rule in elementary trigonometry. In this case 
the first function (16.6-5) reduces to the constant 1. The second may be 
represented by one of the hypergeometric integrals of the type (16.1-42). 
Taking the second integral the mapping function becomes 


1 
2" F(1—a, » 3 l+a, ; z) = PU+e) “a | ut "(1 —zu)?7*du 
T(«,)F(1) r?) 
which is, apart from a multiplicative constant, the same function as 
(10.3-10). 


16.6.2 — THE MAPPING OF A REGULAR CURVILINEAR POLYGON 


The problem of the mapping of the interior of the unit circle in the 
z-plane onto the interior of a regular curvilinear polygon can also be 
reduced to the solution of a hypergeometric differential equation. 

Suppose we are given a polygon with centre at the origin and vertices 
at the nth roots of unity in the w-plane whose sides are congruent circular 
arcs which form the interior angle az with each other, 0S a < 2, 
(fig. 16.6-1). It follows from Riemann’s mapping theorem (section 10.5.2) 
that there is a function f(z) which maps the region |z| < 1 conformally 
onto the interior of the polygon and which is uniquely determined by the 
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conditions 


f0)=0, f'(0)>0. (16.6-8) 


It is clear that the function f@ provides a mapping of the interior 
of the unit circle onto the interior of the polygon as well. Since it 
vanishes at z = 0 and its derivative thereof is also f’(0) we conclude that 


f(z) = f@). (16.6-9) 


This means that f(z) is real for real values of z. Now /’(z) 40 every- 
where in the interior of the unit circle and it follows that f’(x) > 0 for 
0 <x <1. Hence f(z) is monotonously uncreasing along the radius 
from 0 to J and since f(z) is continuous at z = 1 it follows that f(1) = 1. 


é fs. 


Li) 


Fig. 16.6-1. The mapping of a regular curvilinear polygon 


The function 
e 2nting (g2niing) 


maps again the interior of the unit circle onto the interior of the polygon. 
The derivative of this function takes the value f’(0) at z = 0. As a conse- 
quence f(z) satisfies the functional equation 


S(e?*!"z) = e?*"F(z) (16.6-10) 
and in particular 
f(e™") =: e2ttln 
Thus we may infer that the n-th roots of unity 
a, = en dk = 1... 1, 


in the z-plane correspond to the vertices of the polygon. 
Expanding both members of (16.6-10) in a power series of z we readily 
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see that the function f(z) is of the type 
S(2) = 7,2"); (16.6-11) 


where f,(z) is a power series with /,(0) = 1. 
It is easily verified that the invariant R(z), being equal to the Schwarzian 


derivative 
fr" 3 fe 2 
(fl. een Be (q 
Sf 
turns out to be of the type 
RZ) = z-7f,(2"), (16.6-12) 


where f,(z) is an ordinary power series. 
By virtue of (14.1-5) this invariant is equal to 


e 1 = 43h 
1-0”) } ——. + o_, 
x yd (z-a,)? v=1z—a, 
Now 
d 
— (z—a,) 
7 Lo SMe Tae 3 dz 
v=1 (z—a,)? dz v=1 z—a, dzv=1 z—a, 
See: an —1) be nz) : ngzn2 * po iray 
dz 2"—1 dz z"—1 \(2"—1)? 2"—-1 


being again a function of the type (16.6-12). It follows that 


~ Cy _ Pp(z) 
ya 
v=1zZ—a, 2z"—1 
must also be a function of this type. Since the degree of the polynomial 
P(z) does not exceed n—2 it is of the form cz"~?. 


Now we recall that the invariant R(z) satisfies the condition that it is 
regular at z = oo (section 14.1.1). As a consequence 


c= —4n(1—27) 
and 


gn 2 
(2"— 1)? , 


R(z) = 4n7(1—«”) (16.6-13) 
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The solution of the equation 
If], = R@) (16.6-14) 


may be reduced to the finding of a fundamental system of solutions of the 
second order equation 


gna 


”" 2/1 _ py 
u’+4n*(1-a Yemny 


u = 0, (16.6-15) 


(eq. 15.1-28). 
It is natural to take ¢ =z" as an independent variable. If now primes 
denote differentiation with respect to t we readily find 
u =_ 
(t—1)? 
Unfortunately this equation is not of the Fuchsian type. But we may 
introduce the function w by 


tu’ + (1- =) u’+4(1—a7) 0. (16.6-16) 


u = w(t—1)* 


and we get 


t(t—1)w" + (: (2K-+1- =) - (1- *)) wl + 
+ (4, (4(1 2?) + W(—1)) + k (1 ‘)) w=0, (16.6-17) 


The coefficient of w takes the desired form if k(k—1) = —}(1—a”). We 
may take k = 4(1—a). Our final result is the equation 


t(1—t)w"— (: (2-2 | - (1- *)| w' + 
+4(1—a) (10-2) | w=0. (16.6-18) 


This is indeed a hypergeometric differential equation with parameters 


a=4(1-)-1! baad) cai. 
n n 
Thus we have proved the following theorem 

The function f,(z) which effects the mapping of the interior of the unit 
circle in the z-plane onto the interior of a regular polygon with vertices at 
the n-th roots of unity and interior angle an, and satisfying the conditions 


F{0)=0,  f-(0) > 0, 
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is 


f.2) = Raw Bot), (16.6-19) 


where 


woi(2) = F (0-2) -, aa . 2) 
; : (16.6-20) 
Wo(z) = ZF (20-2)+ ne 4(l—a); 14+ ae 2’) : 


For applications in the next section we need the value of //(0). It is 
readily seen by (16.3-34) that 


fil) anc 0g) (ee95) 
m0 2 Worl) r (1+ “\r (s+2)~ ~) 


It is interesting to check the theorem for the case that the polygon is 
rectilinear. Then 


£(0) = (16.6-21) 


sae ed 


n n 


and the first function (16.1-20) is identically equal to the constant 1. 
The second function may be obtained from the second hypergeometric 
integral (16.1-42), viz., 


sg (1 + *) 
r( 


in accordance with (10.3-11). 


1 Z 
z{ u!™1(1 = 2"u)-2"du = i (1—2")7 7" dt, 
0, 0 


16.6.3 ~ UPPER BOUND FOR THE BLOCH AND THE LANDAU CONSTANTS 


L. Ahlfors and H. Grunsky have shown that the function (16.6-19) 
may serve to obtain an upper bound for the Bloch constant B defined in 
sections 9.9.1. By a similar method we can also obtain an upper bound 
for Landau’s constant L.. 

We take n = 3 and denote the corresponding triangle by A,. If f,(z) 
denotes the function which effects the mapping of the open unit disc 
{z| < 1 onto the interior of the triangle A,, then evidently 


F(z) = f,(4@), (16.6-22) 
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Fig. 16.6-2. The triangle 4; 


where f denotes, as usual, the inverse of f, is a function which maps the 
interior of 4, conformally onto the interior of Ay. The boundary circles 
of A; are orthogonal to a circle about the origin whose radius R we wish 
to determine. Elongating the boundary circles through z = 1 they meet 
the real axis again in a point whose distance to z = 1 is equal to a chord 
of the bounding arcs of 4,; these have the length 0/33 (fig. 16.6-2). Since 
the points 1 and 1+./3 are inverses with respect to the circle of radius R 
we find that 


R= V14¥/3. (16.6-23) 


Successive reflexions in the sides of 4, and the resulting triangles 
lead to a net of curvilinear triangles which fills the open disc |z| < R 
without overlapping. The images as given by F(z) form a net of equi- 
lateral triangles. Since six curvilinear triangles which have a vertex in 
common form a full neighbourhood of this vertex, the corresponding 
equilateral triangles have a vertex in common and cover a neighbourhood 
of this vertex twice. The radius of the circumscribed circle of A, is equal 
to unity and the interior corresponds univalently to a subregion of |z| < R. 
It is, moreover, the largest disc having this property. The function 


_ F(Rz) 
f(2) = RF(0) 


is holomorphic in |z| < 1 and satisfies the condition f’(0) = 1. It follows 


(16.6-24) 
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that the Bloch radius of this function is 


With the aid of (16.6-9) we now may conclude that 


dyr(aL 
p< F@FG2) _ 047... (16.6-25) 
V1+./3F(4) 
An upper bound for the Landau constant L may be obtained by means 
of the function 


F(z) = f,(fo(2))- (16.6-26) 


The radius of the circumscribed circle of 4g is unity. The function F(z) 
maps the interior of 4p onto the interior of A, and may be continued 
throughout the disc |z| < 1. The image of the disc as given by this func- 
tion covers the plane infinitely many times. The vertices of the triangles 
are not within the circumscribed circle of each triangle 4 3 and, therefore, 
do not belong to the image of |z| < 1. Hence the circumscribed circle 
of A, yields the largest disc which is covered by the image of |z| < 1. 
The function 
F(z) 
S@ F(0) (16.6-27) 


has the property f’(0) = IL and the Landau radius of f turns out to be 


cg FO! 
* F(0) — #,(0) 


Tt follows that 


ts TOG) _ 54... (16.6-28) 
I) 


16.7 — Confluent hypergeometric functions 


16.7.1 — KUMMER’S DIFFERENTIAL EQUATION 


A differential equation which may be derived from another differential 
equation by making two or more singularities of the latter tend to coincide 
is called a confluent form of the latter. The limiting process is called 
confluence. We encountered it already in section 15.8-1. 

A very important type of confluent equations is obtained from the 
hypergeometric equation. We start with the differential equation for the 
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function 
F («, bse; =) , (16.7-1) 


viz., 


2 (1- 2) wi (5 +14 £) z—c|w'—aw = 0. (16.7-2) 
b b b 


This is a Riemannian equation with singular points at z = 0, z= b, 
z= oo. If b tends to o we obtain the confluent hypergeometric equation 


of Kummer 
zw" —(z—c)w’~aw = 0. (16.7-3) 


If we introduce the operator 9 defined in section 16.1.2 we get 
3(9+e—l)w = 2(9+a)w. (16.7-4) 


The equation (16.7-3) has a regular singularity at z = 0, whereas the 
singularity at z = oo is not regular. The indicial equation at z = 0 is 


p(epte—-1) =0 (16.7-5) 


and the exponents are p = 0,p = 1—c. Hence, if cis not an integer, there 
is one solution regular at z = 0. 


16.7.2 — SOLUTION OF KUMMER’S EQUATION 


Let us insert the series 


Wo(z) = ¥ ez” (16.7-6) 
v=0 
into the equation (16.7-3). Taking (16.1-12) into account we find 
99+¢e~1)wo(z) = ¥ v(v+e—Ie,z” = V (vt elv+ Devas 2”"? 
v=0 v=0 


and 


(9+ a)wolz) = ¥ (v+a)eyz"", 


v=0 


As a consequence the coefficients of the power series (16.7-6) must satisfy 
the relations 


(nt+o)(nt bea, = (ntayc,, n=0,1,2,.... (16.7-7) 


Assuming that ¢ is neither zero, nor a negative integer, we may take 
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€o = I and the remaining coefficients are uniquely determined by 


Catt atn 


= —___—__,, (16.7-8) 
Cy (c+n)(1+n) 
whence 
— a(atl)...(atn—-]) _ (2), (16.7-9) 
e(c+1)...(ct+n—-1)n!  (c),n! 
and we find Kummer’s series 
(16.7-10) 


Since ¢,41/C, ~ 0 as — oo the series (16.7-10) is convergent throughout 
the z-plane and represents, therefore, an integral function. A particular 
example is 

@(a; a; Zz) = exp z. (16.7-11) 


It is clear that the series (16.7-10) arises from the series (16.7-1) by a 
formal limiting process. 
A second solution belongs to the exponent 1 —c. Inserting the series 


Wile) = )-e2'*"* (16.7~12) 
v=0 
into the equation (16.7-3) we obtain as above the recurrent relations 
(n4+2-—c)(nt+ lea. = (Hta-—c+1)e,, n=0,1,.... (16.7-13) 
Assuming that c is not an integer = 2 we get, by taking cy = 1 


ce (a—c+1), 


= 16.7-14 
(2—c),n! ( ) 

and the second solution turns out to be 
w,(z) = z'~°@(a—c+1;2—c; z). (16.7-15) 


Proceeding as in paragraph 16.4 we may also derive a fundamental system 
for the case that c is an integer. The results can be foreseen by a formal 
limiting process. 


16.7.3 — KUMMER’S RELATION 


In many cases the investigation of Kummer’s series is much facilitated if 
we represent it by an integral like the hypergeometric integrals introduced 
in section 16.1.7. In the first equation (16.1~42) we replace z by z/b; we get 
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- 1 / \-> 
F(a)r(c—a) F (2, b3c¢; *) =| u**(1—u)e~*—! (1 + =) du. 
I(c) b 0 —b 


Assuming that passing to the limit within the sign of integration is legiti- 
mate, we find 


| I(a)I'(c—a) 
| re 
The proof of this formula is easy. Expanding the exponential function and 


interchanging the order of integration and summation (which is allowed) 
we have 


1 2 5 1 
| ut *(1—u)°~*" edu = y =| ust? '(1—u)e4 dy 
v=0 Vig 


te) 


1 
P(a;c3z -| ut” *(1—u)o*- 'e™ du. 
BRes7) =) ee ml (167-46) 


_-¥ T(a+v)I'(c—a) z” o T(a)(e—a) S (a), 2” 
v=o I(ce+v) v! T(c) v=o (c), vt 


The result is true under the restriction Re a > 0, Re (c—a) > 0; in more 
unfavourable circumstances we consider a similar integral taken along a 
Jordan-Pochhammer contour. 

The formula (16.7—-16) enables us to derive a very important relation, 


due to Kummer. Replacing u by 1—u we get 
me 1 
T(a)I(c a) (a; ¢: z) = «| rr eae (| —u)*'e"*du 
I(c) 0 
=e F(c—a)F(a) @(c—a;c; —z). 
F(c) 


Thus we proved the relation 


(a; c;z) = e’@(c—a;c; —2z). (16.7-17) 
This formula has been obtained under restrictive conditions for the 
parameters a and b. But it can be proved as in section 16.3.1 that 
(a; c; z) is holomorphic with respect to a and c respectively. If we 
employ the integral taken along a Jordan-Pochhammer contour the 
restrictions can be dropped before. 

An interesting specialization of Kummer’s function may be derived 
from the integral on the right of (16.7-16) by taking c = a+ 1. Replacing, 
moreover, z by —s we obtain 


1 's 
4 g(a; 041: —s) -{ u?—1e""du = ref 1 'e7'*dt. 
a 


0 1] 
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Thus the incomplete gamma function defined by the integral (7.19-1) 
appears. Taking Kummer’s formula (16.7-17) into account we finally 
have 


a.~s 


P(s, a) = [ertertas = ane @(1;a+1;s). (16.7-18) 


16.7.4 — CONTIGUOUS FUNCTIONS 


Contiguous Kummer series are defined like contiguous hypergeometric 
series. Proceeding in quite the same way as in section 16.3.2 we may find 
relations analogous to those listed in (16.3-14). First we have 


a®,, = (8+a)o (16.7-19) 
and 
(c—1)®,_ = (9+c-—1)9, (16.7-20) 
By virtue of (16.7-4) the function ®,_ satisfies the relation 
9(9+c—1)O,_ = 2(9+a-1)6,_, 
or 
(94+c—a—z)(9+a—1)6,_ = (c—a)(a—-1)9,_. 
Using (16.7-19) with a—1 written for a we get 
(c—a)®,_—-96+(a—c+z)® = 0. (16.7-21) 
The function ®,, satisfies the relation 
H9+c)O,, = 2(9+a)G,,, 
or 
(S—z)(9+c)®,, = z(a—c)®,,. 
Using (16.7-20) this becomes 
(9—z)cH = z(a—c)®,, . (16.7-22) 
Summing up we have 
20' = a(,,—9), 
z®' = (c—1)($,_— 9), 
z®' = (c—a)®,_+(a—c+z)®, 
c®' = —(c—a)®,, +c. 


(16.7-23) 


It is readily seen that we may obtain these relations from those listed 
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in (16.3-14) by a formal limiting process in an obvious way. Eliminating 
®’ from the relations (16.7-23) yields six relations between contiguous 
Kummer series. 


16.7.5 — THE DIFFERENTIAL EQUATION OF WHITTAKER 


By a simple transformation we may derive from Kummer’s differential 
equation another differential equation which plays an important part in 
mathematical physics. Inserting w = Wo in the equation (16.7-2), 
where g is a function to be determined appropriately, we find that W 
satisfies a differential equation 


2w''+ (272 +e-2) W'+ (= +(c-—z)?% -a) W =0. (16.7-24) 
\ 9 7 g 


This equation is considerably simplified if g satisfies the condition 


az? 46-2 =0; (16.7-25) 
Q 
or 
’ c 
Pp en  aeneee +4 
” 22 


A solution of this equation is 
g(z) = z~*e*, 


The coefficient of W becomes 


ae: 
—4z+4ce-—a+ gem 3e ‘ 
Zz 
It is common use to put 
4dco-a =k, c= 2+. (16.7-26) 
Then the equation (16.724) appears in the form 
iz K — 
We (-1+ La: i W=0. (16.7-27) 
Zz Zz 


This is Whittaker’s differential equation. 
It is clear that a fundamental system of solutions is given by the 
symmetric pair 


M,,,,(z) = z***e ¥@($+u—K; 2n4+1; 2), 


M,, -,(z) = z*-“e- ¥@(4—p—K; —2u+1; 2), 
provided that 2y is not an integer. 


(16.728) 
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Kummer’s relation (16.7-17) takes the elegant form 
z~*-"M,, ,(z) = (—z)"*""M_,, ,(—2z)- (16.7-29) 


A simple transformation of Whittaker’s equation leads to another 
important differential equation. First we replace in (16.7-27) z by 427. 
The modified equation is 

Ww’ 
W"—-— + (—32? 420+ 
Zz 


1—4y? 


2 


) W=0.  (16.7-30) 


Next we replace W by ug where ¢ satisfies the condition 


ae) 
Qo 2 
We may take 
g =z. 


Then (16.7-30) appears as 


Lisp") aie 


ul’ + (2427+ - 


The particular equation with wy = +} is Weber’s equation 


u’+(2x—427)u = 0. (16.7-31) 


A fundamental system of solutions is evidently 
z~*M,, (427) = 274ze" #°6(3—K; 3; 427), (16.7-32) 
2-4M,, -4(42") = 2-42e7*" (4K; 35 32”). 


The solutions of (16.7-31) are called parabolic cylinder functions. They are 
single-valued throughout the z-plane. 


16.7.6 — BESSEL’S EQUATION 


If instead of (16.7-25) we impose on 9 the condition 


’ 


222 t+ce-z=1]1, 


? 
then we may take as 
@(z) = 278M) = 2 *et, 
where we have put 
c= 2k+1. (16.7-33) 
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Inserting w = ug into the equation (16.7—2) the coefficient of u becomes 


K2 


Zz 
——-—+Kk+4-a. 
Zz 4 


This is simplified if we take a = 4+. The modified equation takes the 
form 

2?u" +zu' — (427 +K?)u = 0. 
Replacing z by 2iz we finally have 

27u" +zu' +(z?—K*)u = 0. (16.7-34) 


This is, however, Bessel’s differential equation (15.3-1). As a consequence 
the functions 


e!*(2iz)"J,(z) = (48) *e® (=) PEG) 
and 
(kK +4; 2x+1; 2iz), 


both being regular at z = 0, differ only by a multiplicative constant. The 
value of the first function at z = 0 is 

(4i)"* 

I(«+1) 
It follows that 


ei? z\* : 
J{z) = ret) (=) P(k+4; 2x +1; 2iz), (16.7-35) 


provided that 2x is not a negative integer. 


16.8 — Confluent hypergeometric polynomials 


16.8.1 — THE LAGUERRE POLYNOMIALS 


The process of confluence applied to Jacobian polynomials produces an 
interesting class of orthogonal polynomials which play an important part 
in various fields of mathematics and mathematical physics. From 


2 

pe (1- =) = es, F (-». ntatB+l1;e+1; =) 
B n B 

(being a modification of (16.2-10)) arises, if 6 > 1, the polynomial 


n+a\ 


LP (2) = ( ) @(—n; a+1; z). (16.8-1) 
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The polynomials Z°(z) briefly denoted by L,(z), were discovered by 
Laguerre. It is common use to call the more general confluent hyper- 
geometric polynomials (16.8-1) Laguerre polynomials. 

From the expression for the Kummer series on the right of (16.7-1) 
we find 


oy,) te, & fn) (1), 
tn'(z) = nti i()ae oa 


The first polynomials are 
I(z)=1, L(z) = at+1-z, 
LUD (z) = 4(a+1)(a+2)—(a4+2)z+42?,.... 
The degree of L“(z) is precisely n, the coefficient of the leading term being 
k, = as (16.8-3) 
ni 


It is clear from (16.7—1) that the Laguerre polynomials are solutions of 
the differential equation 


zw'+(a+1—z)w'+nw = 0. (16.84) 


16.8.2 — THE RODRIGUES FORMULA 


By transforming (16.8-2) we may derive a kind of a Rodrigues formula 
for the Laguerre polynomials. We proceed as in section 16.2.2. First we 
observe that 


a =(-1fe", k= 0,1, 0.4.2, 
Zz 
whence 
d’e™? 
— Ke = Z 
(-1)' =e aa 
Secondly we have 
n—k 
ssi zt" = (atn)...(a+k+1)z*** = (2+), gtk 
dz (a+1), 
whence 
n—k 
zt =z? Gi x aa 


(a+1), d2"™* 
Hence (16.8-2) becomes 
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ez * n n da” - q"’ 
LP (2) = — e 7 zm, 
n! vi dz” dz" * 


In view of Leibniz’ rule for the nth derivative of a product we now have 


12(z) = es a a" (Wl z)z | (16.8-5) 


with 
p(z) =e 72", (16.8-6) 
16.8.3 — ORTHOGONALITY 


In order to obtain the relations of orthogonality we start with the 
function 


u(x) = p(x)x", (16.8-7) 
where p(x) is the function (16.8-6) and n an integer = 0. 
Let m denote one of the numbers 0,..., 7. By integrating by parts we 
obtain 


[jxumronar = (arm | “ued = 0, (468-8) 


if m <n. The integral is convergent if we assume a > —1. In the case 
m =n we have 


| x"u™(x)dx = (tnt | u(x)dx = (-1y'nt | x**"e* dx, 
0 Oo 0 
whence 
( x"u(x)dx = (—1)'nI(a+n4+1). F(16.8-9) 
9 


From (16.8-8), (16.8-9), (16.8-5) and (16.8-3) we easily obtain the 
relations of orthogonality for the Laguerre polynomials 


Pere 0, if mn. 
| eA Fx4L(x)L"(x)dx = | T(a+n+1) 
0 a aaa. 


n! 


¢ m= n,.| (168-10) 


16.8.4 — RECURRENT RELATIONS 


The method for obtaining recurrent relations as described in section 
16.2.4 is also applicable to Laguerre polynomials. In quite the same way 
we find by the aid of the relations of orthogonality the analogon of 
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(16.2-19), viz., 
LM (2) = (4,2 +B, )EP(z) + CL (2), (16.8-11) 
where A,, B, and C, have the values (16.2-25) by effecting the process of 


confluence. In our case we have to take 


ai gp azntatl eo (16.8-12) 


A = 9 n oJ n 
n+1 n+l n+1 


whence 


(n+ 1)L@. (2) = ((Qn4041)—z)L(z)—(n +a) L? ,(z). | (16.8-13) 


It is of interest to derive this formula by a wholly different method. To 
this end we employ the relations listed in (16.7—22). Since 


n! 


(«+1), 


@(—n,a+1;z) = (z), 


we readily find 


(a) 
2 deez) _ — (a+ n)L®. ,(z) + nL(2), 
dz 
(2), 
2 EE) — (aenbS-M(e)—all2(), 
Zz 


ie (16.8-14) 

2 HD — (nt NUS G)-(n tat 1-219), 
Zz 

au? 


B= —15*%(@) +192). 
dz 


Eliminating dL (z)/dz from the first and the third relation we immediatey 
get the recurrent relation (16.8-13) which is, therefore, essentially a 
relation between contiguous functions. In this way a great variety of 
relations can be found. Eliminating, for instance, dL‘ (z)/dz from the 
first two relations we get 


Lez) = 1(z)~ 1 ,(z). (16.8-15) 


Eliminating dL (z)/dz from the third and the fourth relation yields 
(atn+1)L@(z) = (n+ 1)L@, ,(z)+ zl" Y(z) 


and a shift in the index n gives 
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2Ln~ (2) = (a+ n)LQ> ,(z)—nL(z). 


Comparing this with the right hand member of the first relation (16.8-14) 
we see that 


d 


3, bee) = ESP). (16.8-16) 


16.8.5 — THE GENERATING FUNCTION 


The recurrent relation (16.8-13) enables us to find a simple generating 
function for the Laguerre polynomials. Let 


F(w) = ¥ Lew" (16.8-17) 


yo 


Then, in view of (16,.8-13), 
F'(w) = > (v-+1)L. .(z)w” 
i Y (2v-+at1—2)L9(e)w"— ¥ (v4 DLW" 
= 2w Y vEPa)w" '+(a+1—z) Y LP (e)w"+ 


—w? ¥ vL(z)w’! — (a+ 1)w LP (z)w" 
v=0 v=0 


= (2w—w’)F'(w)+((a+1—z)—(a+1)w)F(w). 
It follows that 


Integration yields 


F(w) = C(i—w)7@* exp (=) : 


—-w 


Since F(0) = L&(z) = 1 the constant C is unity and we have 
The Laguerre polynomial L®(z) is the coefficient of w" in the expansion 


(16.8-18) 


(1—w) @*” exp (=) - 3 L@(z)w’. 


y=0 


Differentiating both members of (16.8-18) with respect to z yields, if 
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F(w) stands for the left hand member of (16.8-18), 
foe) (a) 

= a F(w) = y aLy'(2) Ww” 
l-—w Z 


and this is evidently 


_ Y L&*Y(z)w"t! ty os 


v=0 v=o dz 


Comparing the coefficients of w" we obtain again the relation (16.8.16). 
The generating function leads to simple finite sum properties. From 


==) 


—w/ 


—(a+1 (—zw\ _ =) G= 
(1—w)~! exp (==) = (1 -“ 

follows 
¥ pow" = ¥ ry (EP) wr wre" 


and, taking (16.1-21) into account, by the multiplication rule of power 
series 


1(z) = = aah fs LS). (z). (16.8-19) 


The specialization «— 8 = 1 yieids the interesting sum formula 


L®(z) = us), (16.8-20) 


i) 


1—w 


From 


(1—w)@* exp (= “) (1—w) ®* exp (= 


=(1- w)EHBFDED oxy (= me 
\ 1l-w 
follows 


LE*PE Dy ty) = Y Lu) (uv). (16.821) 
v=0 


16.8.6 ~ GENERAL PROPERTIES OF ORTHOGONAL POLYNOMIALS 


Up to now we studied certain types of orthogonal polynomials which 
are closely related to hypergeometric functions. There are certain 
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properties of orthogonal polynomials which are independent of their 
being hypergeometric series. On the other hand the class of orthogonal 
polynomials is very large and the question arises whether it is possible to 
characterize in a general way the class of polynomials studied before. 
As we shall see in the next section the generalized Rodrigues formula 
gives a satisfactory answer to this question. In this section we shall 
discuss some elementary properties. 
We consider a sequence of polynomials 


P,(z), P,(z), oss 


with real coefficients such that the degree of P,(z) is precisely n. If there 
exists an interval a < z < b and a function p(z) which is positive on that 
interval we say that the functions form an orthogonal set with respect to 
the weight function p(z) over the interval if 


[ocr aCe)Psoex =0, men. (16.8-22) 


For our purpose we shall assume that p(x) is continuous throughout the 
interval and that the integral 


f ocoax (16,8-23) 


exists in the case that a or b or both are infinite. First we shall prove 
Given a function p(x) satisfying the conditions stated above we can 
always find a sequence of real polynomials orthogonal with respect to this 
function as weight function. 
The proof is given by induction. Take Py(x) = 1 identically. Suppose 
we are already in possession of an orthogonal system of ” polynomials 
P(x), --+» Pa-1(x). A polynomial of the type 


P,(X) = ApPo(X) +A, Pi (Vt oo. tag Pye a 4, 


where Ay, . . ., 4,—1 are real constants, is orthogonal to P,,(x), m = 0, .. + 
n—1 if and only if 


[ p(x)P,,(x)dx 


“52, f P(x)P(x)Py(x)dx + [ p(x)P,n(x)x” dx 


a anf mePaodar+ f° P(x)P(x)x"dx = 0. 


Since p(x) > 0 in the interior of the interval we have 
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["n(x)Pz(x)ax > 0 


Ja 
and it follows 
b 
i P(x)P,,(x)x" dx 
An = — $$ =—_, m=0,...,n—1. 
[ ecyr2oar 


It is clear that P,(x) with these coefficients has the desired property. 
The orthogonal polynomials P,(z), P,(z), ... are linearly independent. 
In fact, if 

AoPo(x)+ ... +A, P,(x) = 0 


identically, with certain constants Ao,...,4,, then by multiplying by 
p(x)p,,(x) and integrating between a and b we get 


'b 
din [ P(x)P2(x)dx = 0, m=0,...,n, 
whence /,, = 0. 

In quite the same way as in section 3.14.3 we may prove that z” is 
uniquely expressible as a linear combination of the polynomials Po(z), ..., 
P,(z). Hence 

Every polynomial @(z) with real coefficients and degree < n—1 has the 
unique representation 


@(Z) = CoPo(z) +... +0,-1Pa-1(Z), (16.8-24) 


where Co, .. +, Ca—1 are constants. 
From the orthogonality follows 


[ eoootaresedae = 56. [ pore,ors()ax = 0 


Thus: 

An arbitrary real polynomial is orthogonal to each polynomial of the 
sequence P,(z), P;(z),... of higher degree. 

A very useful theorem is the following uniqueness theorem 

The polynomials of a sequence orthogonal with respect to a given weight 
function are determined up to a multiplicative constant. 

We proceed by induction. The assertion is trivial for n = 0, for a 
polynomial of zero degree is a (non-vanishing) constant. Suppose the 
statement is true until the degree n—1. Now P,(x) has degree n and is 


expressible as 
n-1 


P(x) = 2 ey P,(x)+a,x". 
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Multiplying by P,,(x), m = 0,...,2—1 and integrating between a and b 
we get 


O= [ocr ata)escayax = emf PH=)dx+a, | pl2)Pa(x)x* ar, 
whence 


[ p(x)P,,(x)x" dx 


Cn = —4, ; m=0,...,n—-1. 


[ ecopzcoax 


Hence the constants c,, are determined by Po(x), ..., P,-1(x) up to the 
multiplicative constant a,. 

A remarkable property of the zeros of a polynomial belonging to an 
orthogonal set is the assertion 

The zeros of the polynomial of an orthogonal set are all real and simple 
and lie in the interval a < x < b. 


We denote by a,,..., a,, the zeros of P,(x) in the intervala<x<b, 
where P,,(x) changes sign if x increases from a to b. Let 
if m=0, 
Q(x) = ie a,)...(x-a,,), if m>0O. 


This function changes sign at the same points as does P,(x). Hence 
P,(x)Q(x) does not change sign at any point in the interval, whence 


J ocooepe,cyax > 0. 


By the fourth theorem of this section Q(x) has the degree at least n. But 
the number of zeros of P,,(x) does not exceed and, as a consequence, 
m=n, 


16.8.7 — THE FORMULA OF RODRIGUES 


By a function of Rodrigues related to the weight function p(z) over an 
interval a < z < b we shall understand the function 


R,(z) = Be 5 (0 z)q"(z))s (16.8-25) 


where q(z) is a quadratic polynomial with zeros a and b. Either or both 
endpoints of the interval a < x < b may be taken to be infinite. If one is 
infinite then q(z) is a polynomial of the first degree and if both are infinite 
q(z) is a (non-vanishing) constant. 
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In general R,(z) is not a polynomial. It is our aim to investigate for 
which weight functions p(z) the expression (16.8-25) does represent a 
polynomial of precisely the degree n. 

i) Assume that a and Bb are finite. Let 


q(@) = @—a)(z—8). 


Without loss of generality we may take a = —1, b = 1, for these values 
can be obtained from given values a and b by a suitable linear transfor- 
mation of the variable z. Hence we continue with 


q(z) = 1-2?. (16.8-26) 
A necessary condition is expressed by the fact that 


1 
p(z) ) dz 
is a linear polynomial. Hence 
p(z) _ Az+B ee B 
pz) 1-27 1-z 142 


4 (4-2)9(2) = rea 2)—22 


Integration yields 
p(z) = e(1—z)"(1+z). (16.8-27) 
This is, apart from an unimportant multiplicative constant, the weight 
function for the Jacobian polynomials. It is easy to verify that the condi- 
tions imposed on p(z) is also sufficient if we assume that « > —1, 
B > —1. In fact, by Leibniz’s rule the function 


R,(z) = (1-2) *4+z)7 re (14+z)"*) 


(1- are Syore zj*8 


2 ee "| 


ni(l—2)""(L42)* 3 (—1y () tes (1—z)"*"(1 42)" "*6 


<a (ee ewer 
= (—aynn ("4") (044) eyes’ 


is a polynomial of degree n. The coefficient of z" is (—1)"n! times the 


number ; 
neg [eae 
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and for # > 0 each term in this sum is positive because, by hypothesis, 
a> —-1,Bp> —-1. 

ii) Let b = oo. Without loss of generality we may suppose that a = 0,i.e., 

q(z) = z. (16.8-28) 

A necessary condition for p(z) is expressed by 
: Az+B 
p(z)_Az+B_ 4,8 
P(z) z z 


Integration yields 
p(z) = Ce**2*. (16.8-29) 
Under the assumption « > —1 this condition is also sufficient, for 


2 a d" - _ n n d"-* da’ 
R, z)=e Azz at efzzttn) =e Az, C4 ( ) et? oe. gttn 
@) an », vi dz™-” ~— dz” 


= nte~47z7% - Ar” eo”? (etsy gttany nt ~ Ate em 
vso(n—v)! \ v / veo(n—v)t\ v / 
and this is again a polynomial of exactly the degreenifa > —1. 
iii) There remains the case a = —oo, b = o. We take 
q(z) = 1. (16.8-30) 

It follows that a necessary condition for p(z) is expressed by 

P(2) _ gry} 

P(2) 


whence 
p(z) = exp 4427+ Bz+C), 


the multiplicative constant being absorbed in e°. By a suitable linear 
transformation we can give to p(z) the form 


p(z) = exp (4427 +C). (16.8-31) 


The condition is also sufficient if we assume that A #0. This may be 
proved by induction. First Ro(z) = 1 is a polynomial of degree zero. 
If we assume that R,_,(z) is a polynomial P,_,(z) of degree n—1, then 


m—1 


= &xP (4Az’) = P,_,(z) exp ($Az”), 


whence 


exp (4Az*) = Py(2) exp (442*) + AzP,-(2) 
Zz 
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The expression P,_,(z) + AzP,-1(z) is a polynomial of exactly the 
degree n. 
The orthogonality of the polynomials with respect to the weight func- 
tion requires that the integral (16.8-27) exists. This imposes on the func- 
_ tion (16.8-29) (with the limits of integration a = 0, b = 00) the condi- 
tions that A is negative. Without loss of generality we may take A = —1. 
For the function (16.8-30) (with the limits of integration a = —0o, 
5 = o) the condition A < 0 must be fulfilled; without loss of generality 
we may take A = —2. Thus the three possible forms for p(z) are essen- 
tially 


a>--1,f> -tI, 


a> (16.8-32) 


The first two functions are weight function for the Jacobian and the 
Laguerre polynomials respectively. The third function is new and belongs 
to the so-called Hermite polynomials which constitute the subject- 
matter of the next section. It should be noticed that we have restricted 
ourselves to polynomials with real coefficients. 


16.8.8 — POLYNOMIALS OF HERMITE 


By the polynomials of Hermite we understand the polynomials defined 
by the Rodrigues formula 


(16.8-33) 
Since 
a” _p a a 
et ze 2 Hohe z a : 
a (—2) 
the leading coefficient in H,(z) has the value 
k, = (-1)"2". (16.8-34) 


Many authors, in particular theoretical physicists, prefer to adopt the 
expressions (—1)",(z) as Hermite polynomials. This causes only minor 
modifications in the formulas. 

Proceeding along well-known lines we start with the function 


u(z) = e* (16.8-35) 
which has the property 


16.8] CONFLUENT HYPERGEOMETRIC POLYNOMIALS 689 


u'(z) = —2zu(z). (16.8-36) 
Differentiating both members n times we have by Leibniz’s rule 
u*Y(z) 4 2zu(z) + 2nu"-Y(z) = 0 


and this leads us to the recurrent relation 


| H,+1(2)+22H,(z)+2nH,_ (z) = 0. (16.8-37) 


The first few Hermite polynomials are 
Ho(z)=1, = Ay(z) = —2z, H,(z) = 4z?—2, 
H,(z) = —8z°4+12z, H(z) = 16z*-4827+12,.... 
A generating function of the type 
Fw) = BO) y 
v=o vi 


can be obtained by the aid of (16.8-37). Differentiating with respect to w 
gives 


F'(w) ee y H,+1(z) w Peels H(z) w’—2 H,-,(z) w” 
v=o vi v=o v=1 (v—1)! 


= .— 4H 
= 22 F HO yay F Hy. 
v=0 v=0 V 


whence 

F'(w) = -—2(z+w)F(w). (16.8-38) 
Integration yields 

F(w) = C exp (—2zw—w’), 
the constant C being equal to unity, because H(z) = 1. Thus we proved 


The n-th Hermite polynominal is n! times the coefficient of w" in the 
expansion of the generating function 


exp (—2zw—w") = 3 AE) 


v=0 


(16.8-39) 


This formula contains much information about the Hermite poly- 
nomials and is frequently taken as a definition of these polynomials. 
Replacing z by —z and at the same time w by — w we immediately find 


[ (=2) = (~1)"H,(2). | (16.8-40) 
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This equation expresses the fact that H,,(z) contains only even or odd 
powers of z according as 7 is even or odd. 
Differentiation both members of (16.8-39) with respect to z yields 


_2w a 72) yp 2's F(Z) 


v=o yt 


whence, on equating coefficients of equal powers of w 


H(z) = -2nH,-.(2). | (168-41) 


Differentiating both members of (16.8-38) with respect to z and taking 
into account (16.8-41) leads to 


—2(n+1)H,(z)+2H,(z)+2zH,(z)+2nH;_,(z) = 0, 


or 
2nH,(z)—2zH,(z)—2nH,,_. ,(z) = 0. 
Again by (16.8-41) 
Hil(2) = —2nH4(2) 


and it follows 
The polynomial of Hermite H,(z) is a solution of the differential equation 


w’—2zw'+2nw = 0. (16.8-42) 


It is the only polynomial solution of degree n of this equation (apart from 
a multiplicative constant). 
In order to prove this we proceed as follows. Let 


H,(z) = Faye" 


be a solution. Then, by inserting this into the equation we obtain the 
recursive relations 
2ka,+ (n—k+2)(n—k+i)y,_, = 0, 
whence 
(n—k+2)(n—k+1) P 


a= k-2° 


2k 


Taking @dyg = (—1)"2" we get 


= Ment)... eek tle phe ae Cie (= 1)2 one 2k 
k! (n—2k)!k! 


a 


the coefficients of odd index being zero since the differential equation 
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(16.8-42) remains unchanged if we replace z by —z. The coefficients of the 
polynomial solution are uniquely determined by ay and this proves the 
assertion. In addition we now have an explicit expression for the poly- 
nomial, viz. 


H,(z) = (-1)" ye )’ ae rst ~~ (2z)""". | (16.843) 


The same result is obtained by expanding 


exp (—2zw—w?) = exp (—2zw) exp (—w’), 
viz., 


Fc 2 of Np 


v=o v! 


and equating coefficients of like powers of w. 
Another interesting result may be obtained by means of the generating 
function by expanding 


exp (—2uw—w?) exp (—2vw—w?*) = exp (-2 “F w/3—(w/2)?) : 


We find 


foe) ioe) ad 
u) w" >: ) w= y= 2 “_ H, (“S + *) w w’, 
v=0 Vv: 


2H 
2, v=o vy! i 


We now immediately have Runge’s addition formula 


oH, (5) 5 (") H,(u)H, -(v). | (16.8-44) 


The relations of orthogonality may be obtained in the usual way. If 
u(x) is again the function (16.8-35) we have 


| x™u(x)dx | x" du®- (x) = -m| x1 yl x )dx 


= (-rmt { a ™'(x)dx 


and this is zero if m < n. In the case m = n we have 
fs} eo 
| x"u™(x)dx = (arnt { e-* dx = (—1)'nl./z, 
—o —-o 


by (4.7-5). Because the coefficient k, of x" in H,(x) is (—1)"2", we may 
state 
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The relation of orthogonality of the Hermite polynomials are 


J eH) (x)ax = {5 ae 


Ef, Ynifn, if m=n.| (168-45) 


16.8.9 — RELATIONS BETWEEN THE POLYNOMIALS OF HERMITE AND 
LAGUERRE 


The Hermite polynomials belong to the class of the Laguerre polynom- 
jals, inasmuch a polynomial of Hermite can be expressed as a certain 
Laguerre polynomial with appropriately transformed variable. This may 
be found by considering the solutions of Weber’s equation (16.7-31). 
The form of these solutions suggests the substitution 


u = ve?” 
and this leads to the differential equation 
ov —zv'+ (2x—4)v = 0. (16.8-46) 
A solution of this equation is the even function 
®(4—x; 4; 427). (16.8-47) 


If we replace the variable z by z,/2 the equation (16.8-46) takes the 
form 


v” —2zv'+2(2«—4)v = 0 (16.848) 

and comparing this with (16.8-42) we may conclude that H,,,(z) is a 

solution of this equation, provided that 2x—4 = 2m, ie., 4-K = —m. 
It is clear that there exists a relation 

Hym(Z) = Hym(0)P(— mi; 4; 2”). (16.8-49) 


On the other hand, by virtue of (16.8-1) 
U2?) = es ‘) ®(—m; 4; z?). (16.8-50) 


The constant H,,,(0) occurring in (16.8-49) may be evaluated by the aid 
of (16.8-43). The result is 


' 
Hoye (a1 CO, (16.8-51) 
m! 
From Legendre’s duplication formula (4.6-26) we get 


_ (2m)! yx 
Em) = aml 


; (16.8-52) 
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whence 


- 2m)! 
(” *) pm CE eg cas (16.8-53) 
m T(m+1)F(4) 27"(m!) 
This formula may be obtained by straightforward computation from the 
definition (2.16-19) of the binomial coefficient, of course. Thus we find 


Hy_(z) = (—1)"2°"m! Ly? (z”). (16.8-54) 


By shifting m to m+1 and differentiating both sides of the equation 
thus obtained we have, by virtue of (16.8-41) and (16.8~16) 


Hams (2) =(—1)"*12"* 4m! L(2).|——_(16.8-55) 


An integral expression of the Laguerre polynomials in terms of the 
Hermite polynomials is readily found by the aid of an integral relation 
between L®(z) and L\(z). The expansion (16.8-2) may be put in the 
form 


(ay, _ F(t+atn) 4 [n 1 ravine 
En'(@) = n! eer ye 


Assuming « > f this is equivalent to 
12) _ T(l+a+n) y (") i (-1)"2" r(1+B+v)F(«—B) 
niT(a—B) v=o \w/ F(1+B+y) T(i+a+yv) 


= Teste) § (0) AE peg ype 
nIT(a—B) v=o \v/ FIL+B+v)J5 

_ P(itatn) eat 7 a-p-1 > n\' (—1)’2"” d 
niFta—B) ye ay v=0 (") r(1+B+y) 


aera) “ul(z—u)P-? Or he ae du 
niD(a—B) i Gow) (") r+B+y) 


and this yields 


@y,) — Piitatn) 2°" [oe ve-p—1 tp) 
LP (z) T(+B4tn) mpl," (z—u) LP(u)du 


provided that « > p. 
In this formula we replace z by z” and then u by ¢?. If we take B = —4 
then, assuming « > —4, 


oO v=0 


(16.8-56) 
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2r(1+a+n) 
P(n+3)P(e+4) 
or, by virtue of (16.8-54), 


1(22) = 


2728 | (22 PAL P(P)dt — (16.8-57) 
10) 


27"n'(—1)"B(n +4, a t+4)27°L(z) = 2| (z?—1?)*"*H,,(t)dt, 
0 


the desired formula. 
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Abel’s identity, 511 Bloch constant, 73 
above, 272, 296, 319 — functions, 87 
absolute geometry, 57 — -Landau theorem, 75 
— invariant, 494 boundary, 320 
accessible boundary points, 174 accessible — points, 174 
accessory parameters, 563 lower —, 287 
addition, Runge’s — formula, 691 natural —, 246 
algebraic function, 278 upper —, 287 
— singularity, 274 branch, 8, 289 
analytic configuration, 296 — points, 274 
— continuation, 244, 245 logarithmic — point, 274 
direct — continuation, 244 principal —, 620 
— function, 255 single-valued —, 256 
analytical arc, 102 
— Jordan arc, 102 canonical, 517 
angle, 13 —— representation, 64 
Eulerian —, 28 Cayley-Klein parameters, 29 
exterior —, 150 Cebishev polynomials, 635 
interior —, 150 1-chain, 319 
parallel —, 46 2-chain, 319 
anti-isogonal, 14 characteristic equation, 516 
approximation, Léwner’s — theorem, 223 Euler —, 311 
arbitrarily continuable, 258 — numbers, 516 
arc, analytical —, 102 chordal derivative, 477 
analytical Jordan —, 102 Christoffel, Schwarz — formula, 150 
fundamental —, 43 circle, fixed —, 361 
general — cosine, 269 isometric —, 359, 379 
general — sine, 269 principal —, 378, 379 
polygonal —, 144 class, homotopy —, 339 
arcwise connectedness, 2 closed, 268, 301, 315, 331 
area, interior —, 186 closed polygon, 144 
argument, general —, 8 complementary integral, 485 
asymptotic, doubly — triangle, 52 configuration, analytic —, 296 
trebly — triangle, 52 confluence, 590, 670 
automorphic, 110, 384 conformal, 14 
automorphism, 17 congruence group, 441 
axis, 42 congruent, 39 
invariant —, 26 — transformations, 39 
conjugate, 21 
Barnes contour, 653 connected, 2, 315 
base point(s), 36, 338 simply —, 6, 318 
Bessel’s equation, 524 connectedness, arcwise —, 2 
Bessel functions, 524 constant, Bloch —, 73 
Biederbach’s rotation theorem, 203 constant, Landau —, 74 


Blaschke factor, 62 locally —, 343 
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— path, 332 elation, 23 
contiguous function, 571, 639, 674 element, function —, 245 
continuable, arbitrarily —, 258 elementary group, 378 
contour, Barnes —, 653 ¢- — loop, 351 
convex, 198 elliptic, 23, 35, 382 
cosine, general arc —, 269 — plane, 54 
lemniscate —, 166 equation, Bessel’s —, 524 
covering surface, 315 characteristic —, 516 
— transformation, 356 exponents —, 565 
universal — surface, 318 Fuchsian —(s), 558 
critical points, 277 indicial —, 523 
cross-ratio, 21 Lamé’s —, 585 
curvature, 58 Legendre’s differential —, 544 
Gaussian —, 82 linear homogenous —(s), 507 
cut, 176 Léwner’s differential —, 230 
cycle, ordinary —, 374 Mathieu’s —, 590 
parabolic —, 376 Weber’s —, 676 
cylinder, parabolic — function, 676 Whittaker’s —, 675 


equivalence relation, 21 
equivalent, 30, 255 
Euler characteristic, 311 
Eulerian angles, 28 

— integrals, 611 
excess, 56 
exponents, 565 
extension, 244 
exterior angles, 150 
external, 146 


defect, 53 
degree, 392 
deformation, 333 
— function, 332 
linear —, 333 
— square, 333 
derivative, 256 
chordal —, 477 
determinant, Vandermonde’s —, 275 
— of Wronski, 510 
diagram, Newton’s —, 283 


diameters, 42 fixed circle, 361 
differential resolvent, 513 point, 20 
dihedral function, 113, 450 Floquet’s theorem, 591 
— group, 423 form, confluent —, 670 
dihedron, 423 normal —(s), 303 
direct analytic continuation, 244 reduced —, 54 
direction, 13 four group, 115, 423 
— of Julia, 483 fractional, linear — transformation, 18 
discontinuity, region of —, 378 Fuchs, relation of —, 562 
discontinuous, 357 —’s theorem, 519 
properly —, 357 Fuchsian equations, 558 
discriminant, 276 — group, 378 
displacements, parallel —, 42 — type, 483 
distance, 45 function, algebraic —, 278 
distortion, 14 analytic —, 255 
— theorem, 195 Bessel — of the first kind, 525 
Koebe’s — theorem, 199 Bessel — of the second kind, 542 
divisible, 278 Bloch —s, 89 
division transformation, 277 contiguous —, 571 
domain, fundamental —, 109, 368 deformation, —, 332 


‘doubly asymptotic triangle, 52 dihedral —, 113, 450 


— element, 245 
generating —, 531 
— group, 378 
hypergeometric —, 605 
icosahedral —, 453 
Koebe’s —, 113, 196 
Legendre’s —, 544 
Mathieu — of the first kind, 592 
Mathieu — of the second kind, 597 
modular —(s), 465 
Neumann’s —, 531 
octahedral —, 452 
parabolic cylinder —, 676 
polyhedral —, 447 
— of Rodrigues, 685 
Schwarzian triangle —(s), 416 
tetrahedral —, 450 
univalent normalized —(s), 191 
weight —, 683 

fundamental arc, 43 
— domain, 109, 268 
— group, 256 
-—~ number, 22 
— system, 512 


gaps, 247 
Gaussian curvature, 82 
— integers, 317 
Gegenbauer polynomials, 631 
general arc cosine, 269 
— are sine, 269 
—— argument, 8 
— inverse tangent, 261 
— logarithm, 8, 260 
— monodromy theorem, 258 
— power, 8 
— Riemann surface, 324 
generating function, 531 
genus, 300, 307 
geodesics, 58 
geometry, absolute —, 57 
hyperbolic, 39 
Mobius —, 29 
parabolic, —, 60 
Gronwall’s theorem, 187 
group, congruence —, 441 
dihedral —, 423 
elementary —, 378 
four —, 115, 423 
Fuchsian ~—(s), 378 
function —, 378 
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fundamental —, 356 
icosahedral —, 432 
Kleinian —, 378 
modular —, 441 
monodromy —, 267, 513 
octahedral —, 429 
Picard’s —, 357 
tetrahedral —, 426 


Hermite, polynomials of —, 688 
homeomorphism, 16 
homogeneous, linear — equations, 507 
homologous, 168, 320 
homotopic, 318, 333 
homotopy class, 339 
horicycle, 43 
hyperbolic, 23, 36, 382 

— geometry, 39 

— plane, 39 
hyperconvergent, 247 
hypercycles, 43 
hypergeometric function, 605 

— polynomial, 622 
hyperparallels, 40 


icosahedral function, 453 
— group, 452 
ideal points, 40 
identity, Abel’s —, 511 
inaccessible, 174 
Ince’s theorem, 596 
independent, linearly —, 510 
indicial equation, 523 
initial point, 331 
integral, Eulerian —(s), 611 
Neumann’s —, 549 
Schlafli’s —, 550 
Sommerfeld’s —, 535 
interior angles, 150 
— area, 186 
intermediate path, 333 
internal, 146 
invariant, 396 
— absolute —, 396 
inversion, 31 
irreducible, 278 
isogonal, 14 
anti- —, 14 
isolated, 272 
isometric, 25 
— circle(s), 359, 379 
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isotropy, subgroup of —, 16 


join, 331 
Jordan, analytical — arc, 102 

— -Pochhammer representation, 271 
Julia, direction of —, 483 


& 


kernel, 217 
Kleinian groups, 378 
Klein-, Cayley- — parameters, 29 
Koebe’s distortion theorem, 199 
— function, 113, 196 
Kummer’s series, 672 
— theorem, 608 
— relation, 673 


Lamé’s equation, 585 
Landau, Bloch- -theorem, 75 
— constant, 74 
— number, 74 
— radius, 472 


Legendre’s differential equation, 544 
Legendre’s function of the first kind, 552 
— function of the second kind, 546, 553 
lemniscate cosine, 166 
—— sine, 166 
limit point, 366 
limiting points, 35 
linear deformation, 333 
— fractional transformations, 18 
— homogeneous equation, 507 
linearly independent, 510 
linked, 306 
locally constant, 343 
— uniformizing parameter, 298 
logarithm, general —, 8, 260 
logarithmic branch point, 274, 291 
loop, 331 
elementary —, 331 
lower boundary, 287 
Léwner’s approximation theorem, 223 
— differential equation, 230 
loxodromic, 23 


Mathieu’s equation, 590 
Mathieu’s function of the first kind, 592 
— function of the second kind, 597 
method of Puiseux, 283 
Mobius geometry, 29 
— plane, 29 
— transformation, 30 
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modular functions, 465 
— group, 44 
— surface, 471 
moduli of periodicity, 260 
monodromy group, 267, 513 
general — theorem, 258 
multiplication of paths, 331 
multiplicative solution, 591 
multiplier, 246 
Murphy’s expression, 607 


natural boundary, 246 
neighbourhood, 288, 297 
Neumann’s function, 541 
— integral, 549 
Newton’s diagram, 283 
normal, 176 
normalized, univalent — functions, 191 
number, Bloch —, 73 
characteristic —(s), 516 
fundamental —, 22 
Landau —, 74 
ramification —, 313 


octahedral function, 452 
— group, 429 
open, 302, 315 
— plane, 2 
operator, 19 
ordinary, 274, 366 
— cycle, 374 
original, 1 
orthogonality, relations of —, 626 
oscillation theorem, 592 


parabolic, 23, 35, 382 
—- cycle, 376 
— geometry, 60 
— cylinder functions, 676 
— point, 376 
parallel angle, 46 
— displacements, 42 
parallels, 40 
parameter, accessory —(s), 413, 563 
Cayley-Klein —, 29 
locally uniformizing —-, 298 
parametrized path, 331 
path, 331 
constant —, 332 
intermediate —, 333 
pencil, 34 


INDEX 


periodicity, moduli of —, 260 
permanence, principle of —- of functional 
relations, 255 
Picard’s group, 357 
— theorem, 78, 375, 384 
place, 287, 296 
plane, elliptic —, 54 
hyperbolic —, 39 
Mobius —, 29 
open —, 2 
Poincaré’s relation, 402 
point, accessible boundary —(s), 174 
base —(s), 36, 338 
branch —(s), 289 
critical —(s), 277 
end —(s), 40, 331 


fixed —, 20 
ideal —, 40 
initial —, 331 
limit —, 366 


limiting, —(s), 35 

logarithmic branch —, 274 

parabolic —, 376 

ramification —(s), 274, 289 

regular singular —, 519 

singular —, 272, 417 
pole, 274 
polygon, closed —, 144 
polygonal arc, 144 
polyhedral functions, 447 
polynomial(s), 276 

Cebishey —(s), 635 

Gegenbauer —(s), 631 

-—- of Hermite, 688 

hypergeometric —, 622 

Laguerre —, 678 

ultraspherical —, 634 
power, general —, 8 
principal branch, 620 

— circle, 378, 379 
principle of permanence of functional re- 

lations, 255 

reflection —, 99 

Schwarz’s symmetry —, 99 
problem of uniformization, 314 
product, 16, 331, 340 
properly discontinuous, 357 
Puiseux, method of —, 283 

series of —, 274 


quotient, 277 
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radius, Landau —, 472 
ratio, cross —, 21 
ramification number, 313 
-—— point(s), 274, 289 
real, typically —, 209 
rearrangement, 246 
reduced form, 514 
reflection principle, 99 
reflexive, 22 
region, 3 
— of discontinuity, 378 
slic —(s), 216, 221 
regular, 82 
—- point, 247 
semi —, 519 
— singular point, 519 
relation, equivalence —, 21 
of Fuchs, 562 
Kummer’s —, 672 
of orthogonality, 626 
Poincaré’s —, 402 
principle of permanence, 
of functional —, 255 
remainder, 277 
representation, 513 
canonical —, 64 
resolvent, differential —, 513 
restriction, 244 
Riemann, general — surface, 324 
surface, 287, 296 
Rodrigues, function of —, 685 
rotation, 23, 42 
Bieberbach’s — theorem, 204 
Runge’s addition formula, 691 


Schlafli’s integral, 550 
Schottky’s theorem, 80 
Schwarzian triangle, 419 
— triangle functions, 416 
Schwarz’s-Christoffel formula, 150 
— inequality, 180 
— symmetry principle, 99 
segment, 40 
series, Kummer’s —, 672 
— of Puiseux, 274 
sheet, 289, 296 
sides, 144, 300, 372 
simple, 17, 144, 384 
simply connected, 7, 318 
sine, general arc- —, 269 
lemniscate —, 166 
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single-valued branch, 256 Schottky’s —, 80 
singular, 271 trace, 22, 288, 296, 319 
—_ point, 272, 217 transformation, covering —, 356 
singularity, algebraic —, 274 division —, 277 
slit-regions, 216 linear fractional —, 18 
smooth, 315 Mobius —, 30 
solution, multiplicative —, 591 translation, 23, 42 
Sommerfeld’s integral, 535 transitive, 16, 21 
square, 135 trebly asymptotic triangle, 52 
deformation —, 333 triangle, 300 
starlike, 211 doubly asymptotic —, 52 
starshaped, 211 trebly asymptotic —, 52 
stretching, 23 triangulability, 300 
subgroup of isotropy, 16 triangulated, 300 
surface, covering —, 325 type, Fuchsian —, 483 
general Riemann —, 324 typically real, 209 
modular —, 471 
universal covering —, 318 ultraspherical polynomials, 634 
support, 82 uniformization, problem of —, 314 
symmetry, Schwarz’s — principle, 99 uniformizing, locally — parameter, 298 
system, fundamental —, 512 unimodular, 19 
unitary, 25 
tangent, 13 univalent, 17 
general inverse —, 261 — normalized function, 191 
tetrahedral function, 450 univalently, 73 
— group, 426 universal covering surface, 318 
theorem, 4- —, 197 unramified, 315 
Biederbach’s rotation —, 203 upper boundary, 287 
Bloch-Landau —, 75 
distortion —, 199 value(s), 244, 255 
Floquet’s —, 591 Vandermonde’s determinant, 275 
Fuch’s —, 519 vertices, 144, 300 
general monodromy, 258 vertex, 371 
Gronwall’s —, 187 
Ince’s —, 596 Weber’s equation, 676 
Koebe’s distortion —, 199 weight, 402 
Kummer’s —, 608 — function, 683 
Loéwner’s approximation —, 223 Whittaker’s differential equation, 675 
oscillation —, 592 Wronski, determinant of — (Wronskian), 


Picard’s —, 78, 375, 384 510 


